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(LEFT) The explosion of a dynamite cap at an exposure 
of 1/10 microsecond. The explosion at the bottom of 
the picture represents the original position of the 
dynamite cap. Particles of the metal case and particles 
from the end of the cap leave the V-shaped shock 
waves revealed by the lighting (photograph by H, E. 
Edgerton), (RIGHT) Living eggs of C/ona in cleavage 
(photograph by M V. Edds, Jr.). 
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Projection systems, optical 

Optical projection is the process whereby a real 
image of a suitably illuminated object is formed 
b\ an optical system in such a manner that it can 
be viewed, photographed, or otherwise observed. 
Essential equipment in an optical projection sys- 
tem consists of a light source, a condenser, an ob- 
ject holdei. a projection lens, and (usually) a 
scieen on which the image m formed (Fig. J ). Foi 
M>me important applications of optical projection, 
sec Cini mmooraphy; Lan n rn siidi s. 

The luminance of the image in the direction of 
observation will depend upon (1 ) the average 
luminance of the image of the light sou ue as seen 
thiough the projection lens fiom the image point 
undei c onsideiation, (2) the solid angle subtended 
bv tbe exit pupil of the projection lens at this 
image point, and CD the* reflee the or transmissj\ p 
e h irae teristic s of the s< reen. Usually it is desir- 
able to have this luminance as high as possible 
Therefore', with a given screen, lens and pre>jei 1 ion 
distance the best arrangement is to have the light 
source imaged in the projection lens, with it<- image 
filling the exit pupil as c ompleiely and as umformlv 
as possible 



The oh|ect is placed between the condenser and 
the projection lens. If transparent, it can be in- 
serted directly in the light beam; however, it 
should be positioned, and the optical system should 
be so designed that it does not vignette (cut off) 
any of the image of the light source iq the projec- 
tion lens. If the object is opaque, an arrangement 
such as illustrated in Fig. 2. known as an epidia- 
scope, is used. A difficulty in the design of this sys- 
tem is to illuminate the object so that all portions 
will show well in the projected image, without ex- 
cessive highlights or glare. 

If a small uniform source which radiates in ac- 
cordance with Lambert’s law (.see Photometry ) 
is projected through a well-corrected lens to a 
screen which is perpendicular to the optic axis of 


the lens, maximum illuminance of the image will 
o'-cur on this axis, aod illuminance away from the 
axis will decrease in proportion to the fourth power 
of the cosine of the angle subtended with the axis 
at the projection lens. In practice, it is possible to 
design distortion into the condenser so that the il- 
luminance is somewhat lower on the axis, and con- 
siderably higher away from the axis than is given 
by this fourth-power law. Acceptable illumination 
for most visual purposes can allow a fall-off from 
center to side in the image of as much as 50%, 
partiuilarly if the illuminance within a circle oc- 
cupying one-half of the image area does not drop 
below 80% of the maximum value. 

Light Source. Usually, either an incandescent or 
un arc lamp is used as the light source. To keep 
luminance high, incandescent projection lamps op- 
erate at such high temperatures that their life is 
comparatively short. Also, they must he well 
cooled, all except the smallest sizes require cool- 
ing fans for this purpose. Filaments are finely 
(oiled and accurately supported, usually being 
carefully aligned in a prefocus base so that they 
will he precisely positioned in the optical system. 
Spat ing between coils i-, such that a small spheri- 
cal mirror can he used hack of the lamp to image 
the coils in the spaces between the coils, thus in- 
creasing usable light output nearly twofold. 

When a highly uniform field is required, a lamp 
consisting of a small disk of ceramic material, 
heated to incandescence bv radiofrequency induc- 
tion, is available. With this, it h possible to main- 
tain illuminance of a projection field of several 
square inches with a variation of only 2-3%. See 
Inc a M) t s< v \t i.ami* 

Arc lamps are used when incandescent lamp9 
cannot provide sufficient flux to illuminate the 
screen area satisfactorily. Carbon electrodes with 



Fig. 2. An epidiascope, or system for projecting an 
image of an opaque object. 
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special feed control, magnetic arc stabilization, and 
other devices are usually used to keep the arc as 
accurately positioned and as flicker-free as possi- 
ble. A shield between the arc and the object, called 
a douser, is used to protect the object while the arc 
is ignited and to provide a quick shut-off for the 
light beam. Often water cells and other heat-filter- 
ing devices are inserted in the beam to keep the 
heat on the object as low as possible. .Sec Arc 
lamp. 

Condenser. The condenser system is used to 
gather as much of the light from the source as 
possible and to redirect it through the projection 
lens. Both reflective and refractive systems are 
used. Reflectors can he of aluminum, although the 
better ones are of glass with aluminized coatings. 
They are usually elliptical in shape, with the light 
source at one focus and the image position in the 
projec tion lens at the other. 

Refractive systems may be of heat-resistant glass 
or fused quaitz. With arc lamps particularly, the 
condenser lens is very close to the source in order 
to provide the high magnification required if the 
image is to fill the projection lens. Usually, there- 
fore. the condenser requnes special cooling. In 
larger projectors, several elements are used to give 
the required magnification; these are often aspher- 
ical in shape to give the required light distribution. 

A well-designed condenser can pick up light in 
a cone having a half-angle in excess of 50°. This 
means that, with a well-designed aic lamp oi with 
an incandescent lamp using an auxiliary spherical 
mirror, more than one-thrrd of the total luminous 
flux radiated bv the source can be diiected 
through the projector. 

To obtain the high magnification required with 
arc sources and large-aperture lenses, a relay type 
of condenser, illustrated in Fig. 3, may be used. 
This images the source beyond the first condenser 
system, and then uses a second lens to relay this 
image to the projection lens. This arrangement 
allows for better light-distribution control in the 
screen image with less waste of light at the object 
position. Also, an Inconel ‘Vat’s-eye” diaphragm 
at the first image point gives a convenient intensity 
control for the light beam. For additional informa- 
tion on condensers, see Mickoscopi, optical. 

Object holder. The function of the object holder 
is to position the object exactly at the focal point 
of the projection lens. Slight motion or vibration 
will reduce image sharpness. Therefore, proper me- 
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Fig. 3. A relay condenser system having water celt 
incorporated in second stage. 


chanical design of this part of the system is most 
important. When a succession of objects is to be 
projected, the holder must be able to position 
these objects precisely and clamp them firmly in a 
minimum time. Some designs have been suggested 
and a few tried which allow the object to move 
while the system projects a fixed image. However, 
this requires a motion in some portion of the opti- 
cal system, which invariably reduces the quality of 
the piojected image. Because of this, such systems 
have not found wide favor. 

The object holder must also provide for protec- 
tion of the object from unwanted portions of the 
beam, for coaling the object, wheie this mav be 
required, and for urately adjusting its position 
laterally with respe< t to the beam. In most systems, 
focusing of the projection lens is provided by 
moving the lens itself rathe? than In disturbing the 
position of the object longitudinally in the system. 

Projection lens The function of the projection 
lens is to produce the image of the object on the 
screen. Its design depends upon the use to he made 
of the pro jet ted image. As examples, a profile or 
contour projector leqmres a lens whi< h is well cor 
rected for the alienations known as distortion and 
field curvature ( see Armuiaiion. opiical); an 
optical printei (or enlarger) iccpiires a lens care- 
fully designed to work at comparatively shoit con 
jugate focal distances; and pic tuic projectors nnM 
preserve the quality which has been captured by 
t#!e camera lens. 

Since projection lenses usually transmit rela- 
tively intense light beams, they must he designed to 
he heat resistant. Their surfaces are usually not 
cemented. Optical surfaces are coated to redure 
reflection, but these coatings must be able to with- 
stand heat without detenoi ation. Because camera 
lenses are not designed for this type of operation, 
they should not he enrplo\ed as projection lenses 
unless the projector is specifically designed to 
use them. 

Although an ideal position at whic h to control 
intensity is at the projector lens, until 1955 it was 
not practical to incorporate a diaphragm in this 
lens. In that year, however, large-aperture lenses 
containing iris diaphragms were installed by Par- 
amount Studios of Hollywood in their large piocess 
projectors and have been found to work very suc- 
cessfully (Fig. 4) . 

Projection screen. Usually a projection screen 
is used to redirect the light in the image for con- 
venient observation. Exceptions aie systems which 
project the image directly into other optical systems 
for further processing, or which form an aerial 
image which is to be viewed only from a localized 
position. 

Screens may be either reflective or translucent, 
the latter type being used when the image is to be 
observed or photographed from the side away from 
the projector. An example is the so-called self- 
contained projector, which has the screen on the 
housing holding the other elements. Reflective 
screens may .be matte, having characteristics ap- 




Fig. 4. A triple-head projector using three 250-amp 
arc lamps and 12-in. f/2 projection lenses. These lenses 
successfully incorporate iris diaphragms for intensity 
control. ( Paramount Pictures ) 


preaching Lambeit reflet tion; directional, produc- 
ing an image which will appear brighter in the 
duet Lion of spec ulai reflet tion; or reflexive, di- 
rechng most of the light back toward the projector 
and giving an image of relatively high lummant e 
with low projection intensity, but with a verv ton* 
fined viewing angle. | aj.fh | 

liibl to graph v : \ J. Hill. Anahsis of background 
process stieens. J Sof . Motion Picture Tileusion 
Engrs., 66(7 ):393 400, 1957 ; S C Peek. A uni- 
form blat kbtidy light source excited by radio fre- 
quent v. J S o( Motion Picture Television Engrs , 
64(12) *671 673, 1955; M Reiss. The tos 1 la* of 
illumination, J. Opt. So< Am.. k5( X ) :283 288 1945. 

Projective geometry 

\ geometrv that investigates those p* iperties of 
figures that are unchanged (invariant* when the 
figures are projected from a point to a line or 
plane Although isolated theorems appeared ear- 
lier, the fust svstematu treatment of the subject 
was given bv the Fient h armv officer J V. Pom elet 
(1788-1867), who began his Traite He s ptopriius 
projer tives des figures in 1812 while a prisoner of 
war in Russia. Two features of plane uiojeetive 
geometry are (1) introduction of an ideal line that 
each ordinary line g intersects (the intersection 
being common to all lines parallel to #), and 
(2) the principle of dualitv, according to which 
any statement that is obtained from a valid one 
(theorem) by substituting for each concept in- 
volved, its dual, is also valid. (“Line” and “point” 
are dual, “connecting two points by ^ line’’ is dual 
to “intersecting two linos,” and so op.) The sub- 
ject has been developed both synthetically (as a 
logical consequence of a set of postulates) and 
analytically tby the introduction of coordinates 
and the application of algebraic processes). The 
characteristic properties of geometrical projec- 
tion are that it defines a one-to-one correspond- 
ence that preserves cross ratio between the two 
sets of entities involved (for example, the points of 
two lines, the lines of two pencils, where a pencil 


Projector (light) % 

of lines consists of all the lines on a point ) . Thus if 
P„ P\ (i = 1, 2, 3, 4) are corresponding points of 
two lines, and x\ (i = 1, 2, 3, 4) are their re- 
spective coordinates, then 

(u - *i)(jt4 - **) _ (*3 “jrO (*4 - Xi) 

(*s - - x\) (xz - x^ir'i ~ xl) 

All such correspondences between one-dimensional 
forms are given by the linear transformation x? = 
(ax 4- b)/(cx -4 d ), ad — be ^ 0: between two- 
dimensional forms (fm example, two planes) by 

x' -= (a\\% -f a | 2 > +- au)/(a-\ \x + a^Y A- cizj) 

y' = (/; 2t A b « 2 2 > 4 ^ 2 i)/(«nr f «32 v 4- ajj) 

with nonvanisliing determinant \a t) \,(ij = 1, 2, 3). 
The latter transformations torm an eight-parame- 
ter group, the projective group of the plane. It 
< ontains, as a pioper subgroup, the three-parame- 
ter group (rotations and translations) that defines 
euclidean geometry of the plane; and so euclidean 
geometiy is a subgeometrv of projective geometry. 
Conics are defined as the (lass of points of inter- 
section of corresponding lines of two projective 
pern ils of lines (on distinct points). If these inter- 
sections are col linear, the pencils are perspective 
and the conic is degenerate. Otherwise, the conic 
is nondegencrate. Anv two nondegenerate conics 
are equivalent; ’fiat is, a projective transformation 
exists mat tarries one into the other. One of the 
well-known theorems of projective geometry was 
proved bv the French architect G. Desargues 
(1591 1662): II the lines joining corresponding 
vertices oi two triangles are concurrent, the corre- 
sponding sides intersect in collinear points. The 
converse of the theorem is its dual, and hence is 
also valid Set Com ohmal mapping; Geometry, 

FrCLIDUN. [l.M.BL.] 

Projector (light) 

A device designed to produce controlled beams of 
light that can he projected over considerable dis- 
tances. The function of a light projector may be 
to light a limited area, such as the face of a build- 
ing or an actor on a stage, or to produce apparent 
brightnesses at the light source that make the 
source itself visible from considerable distances. 

Equipment for the projection of light beams usu- 
ally makes use of one or more of three principles 
of light control. 

1. A specular paraboloidal reflector (Fig-. 1) 
produces parallel rays of light from a source of 
brightness located at the focal point of the parab- 
ola Since practical light sources have finite di- 
mension*. some divergence from a parallel beam is 
usually produced. Also, if the light source is moved 
away from the focal point, a spreading of the beam 
is produced. 

2. A specular ellipsoidal reflector (Fig. 2) with 
a light source at the near focal point focuses rays 
at the opposite focal point of the ellipse. Again, 
with sources of finite dimensions, true point-focus- 
ing is not accomplished, but the rays are conceit- 
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trated in a small area in the region of the second 
focal point. 

3. A lens refracts the rays from a light source 
located at its focal point into parallel rays (see 
Fig. 3). 

Searchlights employ the first of these principles, 
using carefully formed paraboloidal reflectors. The 
light source, either a carbon arc or a compact in- 
candescent filament, is, for practical purposes, at 
the focal point. Light from the filament or arc that 
would normally be scattered widely through the 
front of the searchlight is redirected through the 
focus by a spherical reflector. The result is to pro- 
duce a beam of maximum practical intensity and 
minimum divergence, capable of producing suffi- 
cient illumination on an object thousands of feet 
away to render it visible at night. 

Spotlights, used in theatrical productions and in 
some forms of display lighting, usually use filament 
lamps and lenses, or ellipsoidal reflectors and 
lenses. Ellipsoidal-reflector spotlights have a lens 
focused at or near the second focal point of the el- 
lipse to produce a nearly parallel beam from the 
light concentrated there. Supplementary apertures 
may be introduced at the second focus to shape the 
beam into a desired shape, or to reduce the diver- 
gence of the beam. 

Floodlights, used for outdoor lighting of build- 
ings, parking lots, sports fields, and the like, usually 
use filament or mercury-vapor lamps in conjunc- 
tion with parabolic reflectors. Where non parallel 
beams are desired, the reflector may he etched to 
scatter the light slightly, or prismatic cover glasses 
may be employed to spread the beam by refracting 
some of the rays away from the beam axis. Flood- 
lights using fluorescent lamps are also used com- 
mercially, but their beams are not usually precisely 
limited. Economical reflector sizes are quite small 
with respect to the size of the fluorescent tube, 
which does not, therefore, produce the effects of a 
point vsource. In applications where closely con- 



Flg. 1. Paraboloidal reflector. 



Fig. 2. Ellipsoidpl reflector. 



3. Lenses. 


fined beams are not essential, however, the high ef- 
ficiency of fluorescent lamps makes fluorescent 
floodlighting quite practical. 

Light beacons make use of the visibility of high- 
intensity light sources at great distances. Beacons 
were first used in lighthouses, which identified 
landmarks for ships approaching shore. Beacons 
have found even greater application in locating 
airports for aircraft at night. Airway beacons usu- 
ally employ filament lamps and lenses to provide a 
high-intensity beam of narrow horizontal diver- 
gence. The beam has a slight vertical divergence, 
so that it covers an altitude of several thousand feet 
at a range of several miles. As the beam rotates, 
the narrow horizontal spread produces a flashing 
effect from the pilot’s viewpoint. This flashing ef- 
fect tends to increase the beacon’s visibility, help- 
ing him to prepare for his approach as early as 
possible. See Illumination. [a.ma.] 

Prolamine 

A general name for a group of proteins soluble in 
70-80% ethanol but insoluble in absolute ethanol, 
water, and other neutral solvents. Their unusual 
solubility properties are attributable to their low 
content of polar side chains. They are found pri- 
marily in plant products, for example, zein from 
com, gliaden from wheat, hordein from barley. 
See Barley; Corn; Protein; Wheat. [d.st.] 
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An amino acid. The amino acids are characterized 
physically by the following: (1) the pKi, or the 
dissociation constant of the various titratable 
groups; (2) the isoelectric point, or pH at which a 
dipolar ion does not migrate in an electric field; 
(3) the optical rotation, or the rotation imparted 
to a beam of plane-polarized light (frequently the 
D line of the sodium spectrum) passing through 1 
decimeter of a solution of 100 grams in 100 ml; 
(1) solubility. See Equilibrium, ionic; Isoelec- 
tric point; Optical activity; Spectrophotomet- 

RIC ANALYSIS. 

Proline forms a yellow color with ninhydrin re- 
agent on paper chromatograms and is the precur- 
sor of hydroxyproline, a major constituent of' col- 
lagen (see Chromatocraphy). Proline is formed, 
biosynthetically, from glutamic acid ( see Amino 
acids). 

During metabolic degradation, oxidation of pro- 
line can take place in two ways. The amino acid 
oxidases produce A'-pyrroline-2-carboxylic acid, 
which is in equilibrium with a- keto- 8 -ami no va- 
leric acid. A diphosphopyridine nucleotide 
(DPN) -linked dehydrogenase oxidizes proline to 
A'pyrroline-5-carboxylic acid, which is in equi- 
librium with glutamic acid semialdehyde. See Di- 
phosphopyridine nucleotide v DPN). 
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Glutamic acid semialdehyde 


Glutamic acid semialdehyde is oxidized to glu- 
tamic acid as illustrated. [e.a.ad.] 


Promethium 

A chemical element. Pm, atomic number 61. Prome- 
thium is the “missing” element of the lanthanum or 
rare-earth series. The atomic weight of the most 
abundant isotope separated is 147. 

Although a number of scientists have claimed 
to have discovered this element in nature, as a re- 
sult of observing certain spectral lines, no one has 
succeeded in isolating element 61 from naturally 
occurring materials. It has been produced artifi- 
cially in nuclear reactors, since it is one of the 
products that result from the fission of uranium, 
thorium, and plutonium. In 1945, J. A. Marinsky, 
L. E. Glendenin, and C. Coryell isolated element 
61 from fission product residues. The chemical and 
metallurgical properties of promethium are very 
similar to those of neodymium and samarium. Fa- 
cilities have been set up to separate Pm 147 at the 
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Oak Ridge National Laboratory, and by April 1958 
2 grams had been recovered. All the known iso- 
topes are radioactive, and Pm 14; , with a half-life 
of 2.66 years, is the isotope which is most commonly 
isolated. Its principal uses are for research involv- 
ing tracers. Its main application is in the phosphor 
industry. The oxide, Pra 203 , is purple, the nitrate, 
Pm (NOahs, is pink. See Rare-earth elements. 

[f.h.sp.] 

Prony brake 

An absorption dynamometer that applies a friction 
load to the output shaft by means of wood blocks, 
flexible band, or other friction surface. The prony 



Prony broke. (From 7. Baumaister, ecf., Mechanical 
Engineers' Handbook , 6th ed., McGraw-Hill, 7 958) 
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brake provides means for measuring the torque T 
developed as illustrated. 

r = L(jr-Wo) 

where L is the distance shown on the drawing, W 
is the scale weight with the brake operating, and 
Wo is the scale weight with the brake free. When 
the shaft speed as measured by a tachometer is n 
rpm, brake horsepower is 2tttiL ( W — W 0 ) /33,- 
000. Small prony brakes are air cooled; the drum 
of larger ones may be filled with water to absorb 
the heat during operation. [f.h.r.] 

Propane 

A member of the alkane or paraffin series of hydro- 
carbons, formula, CHjCT^CH*. It makes up 3~ 
18% of natural gas. It is readily liquefied (melting 
point, — 187.7°C; boiling point, —42 1°C), and 
mixtures with liquefied butane are sold as liquefied 
petroleum gas (LPG) in cylinders under moderate 
pressure for domestic fuel. 

At temperature above about 650° C, propane un- 
dergoes cracking to ethylene and methane. This 
reaition is the basis of an important commercial 
source of ethvlene. The reaction is accompanied 
by some dehydrogenation to propylene. The yield 
of propvlene is increased in the presence of catalyst. 

In the petroleum industry, propane is used as a 
combined solvent and refrigerant for the refining of 
lubricants and other products. See Alkanl ; ("rack- 
ing; Pftrollum processing. [l.s.] 

Propanol 

One of the three-carbon saturated aliphatic alco- 
hols. Normal propyl alcohol, CII CHjCHjOII, 
also known as 1-propanol or ethvl < arhinol, i*> very 
similar to ethanol in its chemistiv and properties. 
It is a colorless, mobile, and toxic liquid (molecu- 
lar weight. 60.09; melting point, — 127°C; boiling 
point, 97.2°C; specific gravity, 0.804 at 20°C) 
possessing a pungent odor. The compound is 
soluble in water and in most organic liquids. 

n-Propanol is produced in small amounts as a 
by-product in the synthesis of methanol from car- 
bon monoxide and hydrogen, in the oxidation of 
propane and butane, and in the Fischer-Tropsch 
reaction. The oxo synthesis from ethylene, carbon 
monoxide, and hydrogen is an attractive route for 
large-scale manufacture of the compound. Its ma- 
jor uses are as a solvent and chemical intermedi- 
ate. 

Isopropyl alcohol, CHXHOHCH3, also known 
as 2-propanol and dimethyl carbinol is the simplest 
of the secondary alcohols and is a major industrial 
organic chemical; over 1,000,000,000 lb were pro- 
duced in 1956 in the United States alone. It is a 
colorless, mobile, and toxic liquid (molecular 
weight, 60.09; melting point, — 89.5°C; boiling 
point, 82.4°C; specific gravity, 0.786 at 20°C) and 
has a pungent odor and taste. It is soluble in 
water and most organic solvents. 

It is produced by the hydration of propylene 
with sulfuric acid and water and is used mainly for 


the manufacture of acetone by catalytic dehydro- 
genation. Other uses are as a solvent, extractant, 
antifreeze, and rubbing alcohol. See Alcohol. 

[j.W.L.] 

Propellant 

Usually, a combustible substance that produces heat 
and supplies ejection particles, as in a rocket 
engine. A propellant is both a source of energy and 
a working substance; a fuel is chiefly a source of 
energy, and a working substance is chiefly a means 
for expending energy (see Aircraft fijf l ; Fuel; 
Tiifrmodynamig tycif). Because the distinction 
is more decisive in rocket engines, the term propel- 
lant is used primarily to des< ribe chemicals cariied 
by rockets for propulsive purposes. 

Propellants are classified as liquid or as solid. 
Even if a piopellant is burned as a gas, it mav be 
carried under pressure as a cryogenic liquid to save 
space. For example, liquid oxygen and liquid 
hydrogen are important high-energy liquid bipro- 
pellants. Liquid propellants are carried in compart- 
ments separate from the combustion chamber; 
solid propellants are carried in the combustion 
chamber. The two types of propellant lead to signi- 
ficant differences in engine structure and thmst 
control (acc Rockft fngini ) * For comparison, 
the effectiveness of either type of propellant is 
stated in terms of specific impulse See Spfufk 
impui sf; Thrust. 

/ 

LIQUID PROPELLANTS 

A liquid propellant releases energy by chcmic al 
action to supply motive powei foi jet propulsion 
The three principal types of propellants are mono- 
propellant, bipropellant, and hybrid propellant 
Monopropellants are single liquids, either < om 
pounds or solutions. Bipropellants consist of fuel 
and oxidizer carried separately in the vehicle and 
brought together m the engine. Air-breathing en- 
gines carry only fuel and use atmospheric oxygen 
for combustion. Hybiid propellants use a coinbina- 

Physical properties of liquid propellants 

Specific 


Boiling 

Freezing 

Density, 

impulse, 

Propellant point, °F 

point, °F 

g/ml 

sec* 

Monopropellants 




Acetylene —119 

115 

0 62 

265 

Hydrazine 236 

35 

1 01 

194 

Ethylene oxide 52 

168 

0 88 

192 

Hydrogen peroxide 288 

13 

1 39 

170 

Bipropellants 




Hydrogen -423 

436 

0 07 


Hydrogen-fluorine —306 

360 

1 54 

410 

Hydrogen-oxygen —297 

362 

1 14 

390 

Nitrogen tetroxide 70 

12 

1 %9 


Nitrogen tetroxide- 




hydra/ine 236 

35 

1 01 

290 

Red nitric acid 104 

-80 

l 58 


Red fuming nitric acid- 




urw-dimethyl- 




hydrazine 146 

-71 

0 78 

275 


* Maximum theoretical specific impulse at 1000 psi 
chamber pressure expanded to atmospheric pressure. 
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tion of liquid and solid materials to provide propul- 
sion energy and working substance (see Mftal- 
base fuel). Typical liquid propellants are listed 
in the table. Physical properties at temperatures 
from storage to combustion are important. These 
properties include melting point, boiling point, den- 
sity, and viscosity. 

The availability of large quantities and their high 
perfoimance led to selection of liquefied gases 
such as oxygen for early liquid-propellant rocket 
vehicles. Liquids of higher density with low vapor 
pressure (see table) are advantageous for the 
practical requirements of rocket operation under 
ordinary handling conditions. Such liquids can be 
retained in rockets for long periods ready for use 
and arc convenient for vehicles that are to he used 
seveial times. The high impulse of the irvogenu 
s\ sterns is desirable for rocket flights demanding 
maximum capabilities, however, such as the ex- 
ploration of space or the transportation of great 
weights for long distant es. 

Performance. Jet propulsion bv a reaction en- 
gine, using the momentum of the propt llant com- 
bustion products elected from the engine, is not 
limited to atmospheric operation if the fuel reacts 
wit! an oxidizer t arried with the engine. Per- 
formance of the propellant in such an engine de- 
pends upon both the heat liberated and the pro- 
pellant reaction products Combustion with air of 
effective fuels for air-breathing engines gives ap- 
proximately 18,000 Btu/lb, whereas fuels which 
are more effective in rocket engines may give only 
15,000 Btu/lb A high heat of leaetion is most 
effective with gaseous pioducts of low molecular 
weight 

Performance is rat^d in terms of specific impulse 
(occasionally specific thrust), the thru t obtained 
per pound of propellant used in 1 sec An alternate 
measure of performance is the characteristic ex- 
haust velocity The theoietical characteristic ex 
haust velocity is determined by the thermodvnamic 
properties of the propellant leaetion and its prod- 
ucts. [Jnlike the specific impulse, the characteristic 
exhaust velocity is independent of pressure, except 
For second-order effects, such as reactions modify- 
ing the heat capacity ratio of the combustion gases. 

These parameters are related as follows : 

7 

9 '* < 

»vhere /„ is specific impulse in seconds, F is thrust, 
ind w is flow rate of propellant. The characteristic 
exhaust velocity c* is given in feet* per second. 
C/r is the thrust coefficient, and g is the gravita- 
ional constant. 

The actual exhaust velocity of the combustion 
ijases is given by the product of the characteristic 
sxhaust velocity and the thrust coefficient, c*Cf< 
The thrust coefficient is a function of the heat 
capacity ratio of the combustion gases (the ratio of 
he heat capacity at constant pressure to the heat 
capacity at constant volume) and of the ratio of the 
diamber pressure to the exhaust pressure. The 
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Fig 1. Approximate effect of chamber pressure on 
specific impulse. 


heat-eapdcilv ratio of comirton propulsion gases 
varies from 1.1 to 1.4. 

Inc lease in the combustion-chamber pressure in- 
ci eases the specific impulse (as illustrated in Fig 
1). Variation in the stoichiometry of the propellant 
reaction (the oxidizer-fuel ratio) also affects per- 
formance. A slighllv fuel-rich reaction gives higher 
performance with common liquid propellants de- 
spite the lower heat of reaction because of more 
favorable working-gas composition. Increase in 
chamber pressure usually moves the optimum per- 
formance point toward the stoichiometric reaction 
ratio. A nonstoichiometric ratio may be used to 
give low combustion temperatures if required by 
the struotuial materials. 

A properly designed engine can give 95 100% 
of the theoretical performance shown in the table. 

Combustion. The energy of liquid propellants 
is released in combustion reactions which also 
produce the working fluid for reaction propulsion. 
The liquids in a bipropcllant system may ignite 
spontaneously on contact, or they may require an 
ignition device to raise them to ignition tempera- 
ture. Tn the first case they are called hypergohe 
liquids; in the second case, anergolic liquids. 
Combustion can be initiated with a spark, a hot 
wire, or an auxiliary hypergolic liquid. Mono- 
propellant combustion, or more properly de- 
composition, can also be ignited by catalysis with 
an active surface or by a chemical compound in 
solution. Ignition of common hypergolic bipro- 
pellants occurs in a period of 1-100 milliseconds 
following initial contact of the liquids. Catalytic 
quantities of detergents or of certain compounds 
of metals with several oxidation states, such as 
vanadium pentoxide, decrease the" ignition dfelay 
period of specific bipropellants. 

The combustion chamber in operation contains 
a turbulent, heterogeneous, high-temperature-reac- 
tion mixture. The liquids bum with droplets of 
various sizes in close proximity and traveling at 
high velocity. Larger masses of liquid may be pres- 
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Fig. 2 End-burning grain loaded in rocket 

ent, particularly at the chamber walls. Very high 
rates of heat lelease, of the order of 10 r '-10 f! Btu /- 
(min) (ft 1 ) (atm) are encountered 

Oscillations with frequencies of 25 10,000 cps 
or more may accompany combustion of liquids in 
jet-propulsion engines. Low-frequenr y instability 
(chugging) can result from oscillations coupling 
the liquid flowing into the combustion chamber 
with pressure pulses in the chamber. Higher fre- 
quencies (screaming) can result from gas oscilla- 
tions of the acoustic type in the chamber itself. 

Engine performance, in contrast to theoietical 
propellant performance, depends upon effective 
combustor design. Mixing and atomization are es- 
sential factors in injection of the propellants into 
the combustion chamber. Injector and chamber 
design influence the flow pattern of both liquid and 
gases in the chamber. The characteristic chamber 
length is given by 

L* = V t /At 

where V r is the chamber volume and A 7 is the area 
of the nozzle throat. In general, monopropellants 
require larger L* than bipropellants to provide an 
equal fraction of theoretical performance in a 
rocket engine, as expected from the slower combus- 
tion exhibited by monopropellants. [s.si.] 

SOLID PROPELLANTS 

A solid propellant is a mixture of oxidizing and 
reducing materials that can coexist in the solid 
state at ordinary temperatures. When ignited, a 
propellant bums and generates hot gas. Although 
gun powders are sometimes called propellants, the 
term solid propellant ordinarily refers to materials 
used to furnish energy for rocket propulsion. 

Composition. A solid propellant normally con- 
tains three essential components: oxidizer, fuel, 
and additives. Oxidizers commonly used in solid 
propellants are ammonium and potassium perchlo- 
rates, ammonium and potassium nitrates, and vari- 
ous organic nitrates, such as glyceryl trinitrate 


(nitroglycerin). Common fuels are hydrocarbons 
or hydrocarbon derivatives, such as synthetic rub- 
bers, synthetic resins, and cellulose or cellulose 
derivatives. The additives, usually present in small 
amounts, are chosen from a wide variety of materi- 
als and serve a variety of purposes. Catalysts or 
suppressors are used to increase or decrease the 
rate of burning; ballistic modifiers may be used 
for a variety of reasons, as to provide less change 
in burning rate with pressure (platinizing agent) ; 
stabilizers may be used to slow down undesirable 
changes that may occur in long-term storage. 

Solid propellants are classified as composite or 
double base. The composite types consist of an 
oxidizer of inorganic salt in a matrix of organic 
fuels, such as ammonium perchlorate suspended in 
a synthetic rubber. The double-base types are 
usually high-strength, high-modulus gels of cellu- 
lose nitrate (guncotton) in glycervl trinitrate 01 a 
similar solvent. 

Propellants are processed by extrusion 01 casting 
techniques into what are often intricate shapes 
that are commonly called grains even though they 
may weigh many tons. The double-base types and 
certain high-modulus composites are processed into 
grains by casting or extrusion, and are then loaded 
by insertion of the cartridgelike^grain or grains 
into the combustion chamber of the rocket. This 
technique requires some type of mechanical sup 
port to hold the propellant in place in the chamber. 
Certain types of composite propellants, bonded by 
elastomeric fuels, can be cast directly into the 
chamber, where the binder cures to a rubber and 
the grain is then supported by adhesion to the walls. 
Most high-performance rockets are made by this 
case-bonding technique, permitting more efficient 
use of weight and combustion-chainbei volume. 

Burning rate. The thrust-time characteristic of 
a solid-propellant rocket is controlled by geometric 
shape of the grain. Often it is desired that burning 
not take place on certain portions of the grain. 
Such surfaces are then covered with an inert ma- 
terial called an inhibitor or restrictor. Neutral- 
burning grains maintain a constant surface during 
burning and produce a constant thrust. Progressive- 
burning grains increase in surface and give an 
increasing thrust with time. Degressive or regres- 
sive grains burn with decreasing surface and give a 
decreasing thrust. 

An end-burning grain is shown in Fig. 2. This 
type of configuration is neutral, because the surface 
stays constant while the grain burns forward. For 
most applications, radial-burning charges which 
burn outward from the inside perforation are 
superior because most of the wall area of the cham- 
ber can be protected from hot gas generated by 
combustion. Such protection is a built-in feature of 
the case-bonded grain; with the cartridge-loaded, 
inhibited charge, protection is provided by the addi- 
tion of obturators to prevent gas flow around the 
outside of the grain. 

Figure 3 shows a progressive design called an 
internal-burmiy; cylinder. Various star-shaped per- 
forations can be used to give neutral or degressive 
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inhibitor 



burning surface propellant 



successive surface 
configurations as 
burning progresses 





extended angle 
between star points 



(b) 


» successive surface 
configurations as 
burning progresses 


Fig. 3. Internal-burning solid-propellant charge con- 
figurations with typical thrust-time characteristics. 

characteristic*!. Bv ingenious use of geometry, the 
I h rust-time characteristic can he designed to meet 
almost any need. Another important neutral 
grain design, the uninhibited, internal-external- 
burning cylinder, is used widely in short-duration 
applications such as the bazooka rocket weapon, 
which contains many such grains. Obturation is not 
necessary because the propellant is burned so 
rapidly that the walls of the chamber d< not rise in 
temperature sufficiently to cause loss of strength. 

Propellant burns at a rate r proportional to a 
fractional power n of the pressure P as expressed 
by the equation 

r = KiP" 

where is the coefficient of proportionality. This 
rate may he determined at various pr< ^ures by 
measurements of the burning rate of propellant 
strands in a strand burner (Fig. 4). If the propel- 
lant is to operate properly, the exponent n in the 
burning-rate equation must be less than 1. As 
illustrated by Fig. 5a, if n < 1, there is a stable 
operating pressure at which the lines of fluid gen- 
eration and fluid discharge intersect. Pressure can- 
not rise above this value because gas would then be 
discharged at a faster rate than it i9 generated bv 
burning of propellant. When the propellant meets 
the requirement n < 1, a relationship exists be- 
tween operating chamber pressure and a design 
parameter known as K n , which is the ratio of pro- 
pellant burning area to nozzle throat area, as shown 
in Fig. 56. 

Specific impulse of solid propellants is normally 
rated with the rocket operating at chamber pres- 
sure of 1000 lb and exhausting through an optimum 
nozzle into sea-level atmosphere. Under these con- 


la) Cylindrical cavity, (b) Star-shaped cavity for level, 
or neutral, thrust-time characteristic. 

ditions, solid propellants in use today can give an 
impulse of about 250, which is near the ceiling 
imposed by compositions based on ammonium per- 
chlorate and hydrocarbons, and is 5-10% lower 
than impulses obtainable from liquid oxygen and 
gasoline. 

The lower specific impulse of solid propellants is 
partly overcome by their densities which are higher 
than those of most liquid propellants. In addition, 
solid-propellant rockets are easy to launch, are 
instantly ready, and have demonstrated a high 
degree of reliability. Because they can be produced 
by a process much like the casting of concrete. 



Fig. 4. Strand burner apparatus. 
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nozzle ditcharge 
moss rate 

mass rate -= 10 X throat 
area X combustion 
chamber pressure. 


| rate of generation of 

| working fluid 

stable | mass rote — burning surface area X 

operating j density X burning rate, 

pressure ^ where r -= Kip n. (n^ 1) 


pressure- 


Kj and Ki are functions of the 
thermodynamic properties in 
combustion products they are 
constants, providing composition 
and flame temperature are 
constant, which is 
generally true 

~ — KiK ' 


(b) 


K - bur ning surface area 
nozzle throat area 


Fig. 5. (a) Solid propellant reaches stable burning 

condition, (b) Typical pressure characteristic for solid 
propellant. 


there seems to be no practical limit to the size of a 
solid-pi opcllant rocket. Ih.w.ri.] 

Bibliography : J. Humphries, Roikets and Guided 
Missiles, 1956; Princeton University Press, High 
Speed Aerodynamics and Jet Propulsion , vol. 2, 
1956, vol. 12, 1959; C. P. Sutton. Rocket Propulsion 
Elements , An Introduction to the Engineering of 
Rockets , 2d eel., 1956; F. A. Warren, Rocket Pro- 
pellants , 1959; M J. Zucrow, /Principles of Jet 
Propulsion and Gas Turbines , rev. ed., 1949. 

Propeller, air 

A hub and multiblade device for changing rota- 
tional power of an aircraft engine into thrust 
power for the purpose of propelling an aircraft 
through the air. An air propeller operates in a rela- 
tively thin medium compared to a marine propeller 
and is. therefore, chaiacterized by a relatively 
large diameter and a fairly high rotational speed. 
It is usually mounted directly on the engine drive 
shaft in front of or behind the engine housing. 

The propeller is an airfoil, aerodynamically sim- 
ilar to a wing, but rotated in the air directly by en- 
gine torque. Motion of the propeller blade pro- 
duces useful lift parallel to the axis of propeller 
rotation This lift produces the forward thrust that 
drives the aircraft through the air (see Airtoil). 

Propeller types. The simplest form of propeller 
is a two-blade fixed-pitch type used on relatively 
small, low-speed aircraft. High-speed aircraft, 
however, require means for changing the blade an- 
gle during flight to obtain the highest efficiency for 
all flight conditions, such as take-off, climb, cruise, 


and landing (Fig. 1). Controllable- pitch propel- 
lers may be classified as two-position, variable- 
pitch, constant-speed, feathering, and reversible- 
pitch. The two-position propeller is limited to two 
angular positions of the blade: one for take-off and 
climb, and the other for cruise. In the variable- 
pitch propeller the blade angle may be adjusted to 
any intermediate value between the low and high 
pitch limits in order to meet more precisely the 
requirements of all flight conditions. The constant- 
speed propeller is a variable-pitch type having, in 
addition, a governor which automatically changes 
the pitch to maintain constant engine speed under 
varying flight conditions. 

The feathering propeller is a variable-pitch or 
constant-speed t>pe capable of increasing the 
pitch beyond the normal high pitch value to the 
feathered position. The latter is used on multi- 
engine aircraft, because the feathering feature 
provides a safety measuie. It is essential, in the 
event of engine failure, to stop the windmilling ac- 
tion of the propeller to reduce air drag by increas- 
ing the pitch to a point where this windmilling ac- 
tion and engine speed become zero. This occuis 
when the blade angle is about 90° to the plane of 
rotation. 

The reversible-pitch propellers a contiollable 
or constant-speed tvpe having provisions foi 1 educ- 
ing the pitch, to and bevond the /eio value into the 
negative pitch range. When the pitch is in the neg- 
ative range, the thrust is reversed, which provides 
means for braking the an c raft during landing or 
means for maneuvering seaplanes on the water. 

Pitch control mechanisms. The mechanisms 
employed in controllable pitch propellers for ro- 




Fig. 1. Principal parts of aircraft propeller and typi- 
cal pitch positions. 




Fig 2 Actuating mechanism for changing propeller 
pitch 


fating the blades in llie hubs are ordinarily classi- 
fied as hvdiaulic. elec trie , mechanical, and auto 
main <>i a c ombinatinn of these In the hydtauli 
-ally acluatfd mechanism. oil horn a pump is Mip 
plied to a hydiaiiln piston, which is geared o? 
linked to the tool of the blades foi lotational 
movement (Fig 2) Oil ina\ be regulated either 
manually as in the < ase c»f the two position oi van 
ab*e pit< h propellers, oi bv means of a governot 
in the case ot the constant-speed propellei In the 
elec finally ac tiMted mechanism, an electro motor 
is genic d to the blade loots for slow rotational 
movement This moloi mav be regulated manually 
oi bv a governor Mec lianic ally actuated pitch 
mechanisms aie generally confined to small lnw- 
poweied aircraft in which the pitch c ha lge forces 
are small enough to be handled by manual means 
Automatic pitch propeller- have been used to a 
limited extent in the past, but tlie> are nearly ob- 
solete* These utilize a combination of forces avail 
able within the piopellet itself to change the pitch, 
such as, thiust to decrease pit< h and centnfugal 
force to increase pitch, torque to decr^ise pit'll 
and centrifugal force to increase pitch a*- thrust 
to decrease pitch and a spring to inciease pitch 

Propellers designed for gas turbines require spe- 
cial featuies to control pitch because the turbine 
is operated at high rotational speed at all times, 
even during taxiing on the. ground In contrast, the 
piston engine speed is reduced to an idle dunng 
landing and taxiing The problem of propeller 
structure is simplified for the gas tui bine applica- 
tion, however, because of the absem e of high vi- 
brational exciting forces caused bv the engine. 

Construction. The mateiial used in the blades 
of early propeMers was? laminated wood. Biich, ma- 
ple, and walnut woods were commonly used. Forged 
aluminum alloy blades have been used in both fixed 
pitch and controllable pitch propellers for many 
years. For propeller diameters of over 13 ft, hol- 
low blade construction results in the lowest weight. 
Various methods of fabricating hollow steel and 
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aluminum blades have been employed by different 
manufacturers. Magnesium was used extensively 
for solid blades by the Germans in World War II, 
but \t has not proved very successful elsewhere. 
Although magnesium has a weight adyantage, it 
has several important disady antages, such as poor 
fatigue, erosion, and concision qualities. 

Phenolic plastic, reinforced with high strength 
fabric , has been used with moderately good success 
for low-power applications. Plastic has excellent 
vibration damping characteristics : however, the 
^length-weight ratio is not so good as for some 
other materials 

The huh parts of controllable pitch propellers 
are constructed with high strength alloy steel and 
aluminum 

The stmc tural problems encountered in the de- 
sign of piopelleis are formidable, because both^the 
steady and vibratory forces are high Also, the size 
and weight of the propeller must be kept to a 
minimum The chief steady forces are centrifugal, 
thiust. and torque Vibiatorv tones transmitted to 
the* propeller huh bv the engine produce alternat- 
ing stresses m the huh structure which might re- 
sult in fatigue failures Also, the natural vibratory 
frequencies of the blades may be excited by vari- 
ous engine frequencies causing high vibratory 
blade stresses, or by aeiodvnamic forces, such as 
could oc c ur when a blade tip passes near a part of 
the dJiciaft structure. To guard against fatigue 
failures, the huh parts aie subjected to endurance 
tests at \ dues of alternating and steady stresses 
substantially higher than those measured in serv- 
n e The alternating stresses existing in the blades 
during flight are measured by electronic strain 
gage equipment If the allowable limits determined 
from fatigue tests aie exceeded, the designer can 
either reduce the exciting forces bv various means 
at his disposal oi modify the blade so that the nat- 
ural fiequemies do not coinc ide with the exciting 
frequencies in the normal operating range of rota- 
tional speeds 

Factors affecting efficiency. The size, shape, 
and number of blades are usually determined from 
considerations of translating the engine power into 
thrust power in the most efficient manner, within 
the vanous limits imposed by such factors as maxi- 
mum diameter, compressibility factor, and engine 
rpm The following piopeller dimensions can be 
varied to obtain the best over-all results: diameter, 
number of blades, blade width, blade thickness, 
blade airfoil section, planform, pitch distribution, 
and single or dual rotation. The diameter is often 
limited by the available space, or by the compres- 
sibility factoi. As the blade tips approach the 
speed of sound (or at about .9 Mach number) the 
drag ot these tip section® increases* very rapidly, 
causing a substantial loss in efficiency. Compressi- 
bility also limits the airspeed at which propellers 
ran be operated efficiently. This limiting airspeed 
is normally about 500 mph, although special pro- 
pellers operating at supersonic tip speeds and high 
forward speeds have been satisfactorily tested. 
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Propellers can be designed or selected for any 
particular application by several methods. Fami- 
lies of propellers covering many of the various de- 
sign parameters have heen tested in wind tunnels 
and the data presented in dimensionless chart 
form. Selection of the optimum propeller is sim- 
plified by the use of such charts. Another method, 
the strip analysis method, is sometimes used for 
conditions where test data are not available. In this 
method, the blade is divided into a number of strips 
parallel to the airflow and the aerodynamic char- 
acteristics of these sections integrated to obtain 
the performance of the entire blade. 

A knowledge of the sources of propeller loss is a 
valuable tool in designing efficient propellers. 
These losses are profile drag of blade sections, 
axial momentum loss in the slip stream, rotational 
momentum loss, and tip vortex loss. The lowest 
sum of all the losses results in the highest effi- 
ciency. Large diameters minimize axial and rota- 
tional momentum losses, which represent a large 
proportion of the total power at low airspeeds; 
but at high speeds these losses are of less impor- 
tance. Dual or counter rotation of propellers 
largely eliminates rotational losses, which become 
of considerable importance for cases where the 
power being absorbed is high in proportion to di- 
ameter. Profile drag is always an important factor, 
which dictates the use of thin, low-drag sections, 
which have good compressibility characteristics 
near the blade tips. The blade width, or number of 
blades, is selected to provide the most efficient air- 
foil section loadings. 

Under optimum conditions, maximum efficiency 
of a propeller may reach 93%. Most modern pro- 
pellers operating on all hut the smallest aircraft 
probably have efficiencies ranging between 85- 
90%. 

The propeller is responsible for most of the 
noise produced by a conventional propeller-driven 
aircraft. Propeller noise intensity, which is great- 
est in the plane of the propeller, increases rapidly 
with tip speed, particularly as the speed of sound 
is approached. Noise is also a function of the 
power and number of blades. The higher the 
power, the more intense the noise, hut an increase- 
in the number of blades reduces noise intensity 
(see Aircraft noise). The noise decreases with in- 
creasing number of blades for constant power be- 
cause the power absorption per blade decreases in- 
versely as the number of blades and noise energy per 
blade decreases at a faster rate. [d.j.b.] 

Bibliography : N. C. Nelson, Airplane Propeller 
Principles , 1944; F. E. Weick, Aircraft Propeller 
Design , 1930; U.S. Defense Dept., Aircraft Propel- 
ler Handbook , ANC-9, 1956. 

Propeller, marine 

A component of a ship-propulsion power plant 
which converts engine torque force into propulsive 
force or thrust, thus overcoming the hull resistance 
of a moving ship by creating a sternward accel- 



Fig. 1. Stern view of twin-screw SS Florida, showing 
location of three-bladed propeller and its shaft. The 
other propeller is hidden from view by the rudder. 
(From D. Arnott, ed., Design and Construction of Steel 
Merchant Ships, Society of Naval Architects and Ma- 
rine Engineers, 1955) 

erated column of water. Historically preceded in 
steamship propulsion hv the jet propeller (1782) 
and the paddle wheel (1801), th* screw propeller 
(1804) gradually superseded the earlier propeller 
forms and since 1860 it has been the only propeller 
type used in ocean traffic, mainly because of the 
evolution of the marine engine towards higher rota- 
tive speed. 

The advantages of a screw propeller include 
light weight, flexibility of application, good effi- 
ciency at high rotative speed, and relative insensi- 
tivity to ship motion. The fundamental theory 
of screw propellers is applicable to all forms of 
marine propellers. In its present form, a screw 
propeller consists of a streamlined huh attached 
outboard to a rotating engine shaft, on which are 
mounted two to six blades. The blades are either 
solid with the huh, detachable, or movable. The 
screw propeller has the characteristic motion of 
a screw; it revolves about the axis along which it 
advances. The screw blades are roughly elliptical in 
outline. One or more screw propellers are usually 
fitted as low as possible at the ship’s stern to act as 
thrust-producing devices (Fig. 1). The low position 
of the propellers affords good protection and suffi- 
cient immersion during pitching movements of the 
ship. The screw diameter should not be larger than 
0.7 of the loaded draft in seagoing single-screw 
vessels. See Ship design. 

In towboats developing high thrust at low trans- 
port speed, the towing force can be increased up to 
40% by shrouding the screw in a coaxially con- 
verging streamlined nozzle (Kort nozzle). In com- 
bination with a tunneled stern, this device finds wide 
application in powerful river towboats of modern 
design. If hinged about a vertical axis, the nozzle 
can also serve as a powerful steering device (nozzle- 
rudder). 
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Propeller geometry. Figure 2 shows a snew 
prop* Her drawing in whi< h the usual orthogonal 
pio)fc lions the blade surface as developed and 
expanded in a flat plant md the cylindrical blade 
mi »i«ns art shown The various technical terms 
us t d in <bs( ussjon of s< tt w propellt rs aie indie ated 
in tin drawing I he side of a propeller blade awa\ 
from tin hull is c a Ur d the fatt or pressure side 
Tht opposite side is tailed He b it k or sattion 
side 

In its simplest shape the blade fate is part of a 
helicoid surface and its axial advaru e \ r levolu 
tion dt fines the propeller’s pitch which, m tht 
( 1 st of a constant pitch propeller is constant o\tr 
the radius R Main modern stiew designs for 
reasons of better adaptation to the complex flow 
pattern behind the vt ssel’s stern tailed the wake 
employ a ladiallv varying pitch ( variable pitt h 
propeller) I he f u c pitch oc turring at 0 "R is then 
taken to he repiesenlative for ihe mean late or 
nominal pitch (see Fig 2) The dimensionless 
ratio of the face pitth P to the propeller diameter 
D is the pitch ratio P / l) It is an important char 
at termtic of the st rew propeller 

The difference between the pitch velocity nP 
(where n is revolutions se< ) and the mean axial 
speed of advance V i of the screw through the sur 
rounding medium is called the slip velocity Ex- 
piessed as a fraction of nP , this yields q. dimension- 
less quantity called the real slip ratio or slip Sr 

S r = (nP- V K )/nP= 1 - Vi fnP 

which is one of the fundamental quantities deter- 
mining propeller at tion and efficient y 
Propeller theory. The theory that led to the 
modern screw propeller developed mainlv along 
two lines the momentum theory and the blade ele- 


ment thtoiv In the former, the origin of thrust is 
expldintd bv the change of momentum that takes 
plate in the suirounding fluid (the slip stream) 
In the latter the fortes on eath radial strip or 
blade clement aie determined and by integration 
ovei the propeller radius the total of their thrust 
and toiqiu force components is calculated The 
momentum theory oflcis no indication as to the 
proper shape of the propc Her, but yields useful 
general expressions fot efficiency The blade-ele- 
ment theory shows the effect of changes in shape 
of the propeller but leads to untenable conclusions 
with regard to effic lenc y 

The advantages of these older theories are com- 
bined by the modern circulation theory This con- 
ceives the additional axial and rotational velocities 
in the slip stream as being induced by vortex sys- 
tems Developments of the uiculation theory have 
c ailed for highly complex design methods requiring 
the aid of electronic computers Simpler but useful 
approximate methods, which ensure good accuracy 
in design are now also available for general ap 
plication 

Model tests. To aid m propeller design, ex- 
periments with systematically varied small-scale 
propeller models were made This method, intro- 
duced bv W Froude. is still in general use and 
supplies the most direct and least time-consuming 
approach to design and analysis. The interac- 
tion of hull and propeller can be studied m a 
towing tank through self-propulsion tests with ship 
models See Towing tank 
Number of propellers. In general, a single- 
screw arrangement yields a higher propulsive effi- 
ciency than twin screws for fully loaded vessels, 
since the outboard shafting supports add consider- 
ably to the hull's resistance. In ships such as 
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tankers, however, the twin-screw arrangement may 
compare favorably in the ballast condition, com- 
pletely offsetting the loss in the loaded condition. 

Turbine horsepowers exceeding 50,000 can be 
successfully transmitted by a single screw in large 
and fast ocean-going ships. Greater power output 
necessitates the use of multiple- (mostly twin- or 
quadruple-) screw arrangements. In some cases, 
as in powerful shallow-draft towboats, the maxi- 
mum available propeller diameter limits the effi- 
cient conversion of engine power per shaft. In other 
cases, preference for a certain number of diesel en- 
gine units to pioduce the propulsive power needed 
determines the number of propellers. 

Relative to single-screw propulsion, multiple- 
screw arrangements, in general, give rise to greater 
machinery cost and weight with conventional ma- 
chinery. However, considerations of operational ad- 
vantages, or of safety with regard to engine break- 
down (especially in the case of large passenger 
vessels), may favor multiple-screw arrangements. 

Number of blades. Both the maximum open- 
water efficiency and the optimum blade diameter for 
highest propulsive efficiency decrease slightly with 
increasing number of blades. In practice, the num- 
ber of blades is from two to six and three or four 
are most common. Two-bladed s< rews are used in 
fast racing craft and in sailing vessels with auxil- 
iary engine power where the propeller can he 
locked in upright position behind the stern Three- 
bladed propellers are often used in multiple-screw 
arrangements, hut design considerations may favor 
foui-bladed propellers of smaller diameter and 
involving smaller and lower-resistance appendages. 
Center screws, unless high rotative speed prevails, 
are mostly four-hladed. 

In large and full ships with greatly variable 
wake, five-bladed screws are finding some prefer- 
ence because of greatlv reduced thrust and torque 
variations Consideration of the natural frequencies 
of vibrations of the hull and the propulsive plant 
and their major harmonics in the operating speed 
range is the final controlling factor. Excitation of 
resonances at blade fiequency should be avoided. 
Generous clearances between the propeller sweep 
line and the hull and its appendages are essential 
for reducing these excitation forces. For additional 
information on ship vibrations, see Ship propul- 
sion. 

Propeller cavitation. The formation of vapor- 
filled bubbles, called cavitation, causes noise, vibra- 
tions, and often rapid erosion of the propeller ma- 
terial, especially in fast high-powered vessels. As 
long as the rotational and translational speeds of 
the propeller are not too high, the onset of cavita- 
tion can be delayed bv clever design of blade 
sections. The application of circulation theory in 
design is of great help, hut it is strongly advisable 
to hate a propeller model tested in a water tunnel 
under simulated operating conditions and at the 
proper cavitation index. See Water tunnel. 

At exceedingly high ship speeds (of the order of 
50 knots or greater) cavitation can no longer be 


avoided. Theoretical and experimental develop- 
ments, however, have indicated that reasonably 
good propulsive efficiency can still be obtained by 
propellers designed to operate with the backs of the 
blades in a fully developed cavity (supercavitating 
propellers) . Since collapse of the cavitation bubbles 
no longer takes place on the propeller blades under 
these circumstances, there is no erosion danger. 
The blade sections of such propellers are wedge- 
shaped with a sharp leading edge and a blunt trail- 
ing edge. For additional information on super- 
cavitating propellers and cavitation phenomena, 
see Cavii at ion. 

In cavitation-endangered propellers it may be 
advisable to use materials of greater corrosion re- 
sistance than the usual manganese brass. There are 
now zinc-free nickel-aluminum bronzes available 
that are, in addition, lighter and stronger, hence 
permitting the use of finer blade sections. Certain 
stainless steel alloys are also finding increasing 
application for heavy-duty propellers. 

Propeller vibrations. Propellers are usually 
mounted at the end of long shafts Such systems 
may be driven into several vibration modes by 
periodic flow and engine torque impulses. These 
modes can he torsional, axial, and flexural, and tan 
occur singly or in combination Stern lines condu- 
cive to even flow into the propeller and generous 
propeller clearances are desirable featuies for 
good performance. Certain blade vibrations pio- 
duce objectionable gundmg or piercing noises 
(singing propellers) In most cases singing of pio- 
pellers can be prevented or eliminated bv the ap- 
plication of so-called chisel edges to provide fixed 
separation points along the trailing edges of the 
s< rew blades. 

Controllable-pitch propellers. For ships which 
normally operate at widely diverging speeds and 
propeller loadings (towboats, resc ue vessels, trawl- 
ers, ferry boats), the application of controllable 
pitch (movable-blade) propellers peimits the use 
of full engine power at rated lpm under all 
operational conditions, insuring maximum thrust 
production, utmost flexibility, and maneuverability. 
Since these propellers are also reversible, they 
permit the use of nonreversihle machinery (gas 
turbines). The hydraulic or electric servomotor 
for adjusting the pitch of the blades requires for its 
operation a hollow tailshaft. The propeller pitch 
can be directly controlled from the ship’s bridge. 
In each individual case, the operational advantages 
of the controllable-pitch screw must be weighed 
against the disadvantages of more complex con- 
struction and higher manufacturing cost. 

Cycloidal propellers. A type of propeller wheel 
that rotates about a vertical axis, called a cycloidal 
propeller, was introduced about 1928. It consists of 
a circular disk set flush into the vessel’s bottom, 
carrying near its periphery a number of spadelike 
vertical blades which perform a rotary movement 
about their vertical axes (Fig. 3), Depending on 
the disposition of the blades, the propeller’s thrust 
can be directed ahead, sideways, or astern, provid- 




Fig. 3. Twin cycloidal propellers on U.S Army tow- 
boat. The twin units are rated at 1100 hp each. Blade 
length is 4 1 {* ft. ( Pacific Car and Foundry Company ) 


ing unusual flexibility and maneuverability at low 
ship speed. However, high weight and complicated 
stun hire limit application to special inland-water- 
wa\s craft. See Marini incini; Marini machin- 
i in : Waki (m agoing vtsshs). |l.ir.] 

Bibliography: M. K. Ki khardt and W. B. Morgan, 
\ propel lei design method. Sor. Naial Architects 
Marine Engrs., Trans , 63:325 374, 1935; H. W. 
f erbs, Modeialely loaded propellers with a finite 
number of blades and an arbitrary distribution of 
circulation, S o< . Natal Architects Marine Engrs ., 
Trans , vol 60, 1952; H E. Rossell and L. B. 
rhapman (eds ), Principles of Naval Ar< hitecture, 
\ol 2 1939; H. E .Saunders. Hydrodynamic s in 
Ship Design, \ols 1 2. 1957; M. St. Denis and J. P. 
Ciaven Recent contributions under the Bureau of 
Ships fundamental hydromechanics research pro- 
gram. J.Ship Research, 2(2) :1 36. 1958; L. Troost. 
Open waiei test senes with modern propeller torms, 
Trans North East Coast Inst. Engrs. and 1 Ship- 
builders, (>7 (3) 103,1951 

Properdin 

A serum protein aiding the body defenses against 
microorganisms. It was desc ribed by Dr. Louis 
Pillemei in 1954. His material was a euglobulin 
with a molecular weight greater than 10\ and an 
isoelertiie point between pH 5 5 and 5.8. The pro- 
perdin svstem conM->ts of properdin, magi esjum 
ion (Mg'- 4 ) , and all four components of comple- 
ment C'l, C r 2. C'3, C'4. Properdin is bactericidal 
to many, although not all. gram-negative bacteiia, 
and it reacts with a variety of tissue and microbial 
polysaccharides, including yeast zymosan, with re- 
sulting inactivation of the complement. Pillemer 
believed the third component of complement (C'3) 
was largely affected by the yeast zymosan Pr. R. A. 
Nelson, Jr., has advanced evidence that all four 
components are about equally reduced. Pillemer 
defined the properdin unit as that amount which, 
with excess zymosan, would inactivate 120 dfc 30 
units of C'3 in 1 hour, at 37°C. This corresponds 
to 0.5 pg properdin nitrogen. Normal human serum 
contains 4-8 units per milliliter, or not more than 
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0,02 9? of its total protein. Properdin activity has 
been found even in the serum of germfree rats 
and in human agamma-globulinemia. It varies little 
in a variety of disease states, although transient 
changes in ihe serum activity have been noted in 
pneumococcal pneumonia and in meningoroccemia 
and also following total body irradiation. 

Pillemer believed that properdin was distinct 
from any conventional antibody. Dr. Nelson and his 
coworkers have, however, suggested that properdin 
consists of one or more antibodies of broad speci- 
fic ity that cross- react with cell constituents of cer- 
tain microorganisms, and that this combination is 
strengthened by further reaction wuth complement. 
See Agamma-globulini-mia; Antibody; Comple- 
ment (serum); Germirli ver it bra fe ; Pneumo- 
coccus; Protein; Radiaiion injury (biology); 
Serum. [h.p.i.] 

Bibliography: O. S. Whiteloi k (ed.). Conference 
on Natural Resistance to Infections , Ann. N.Y. 
Acad. Sci., 66:233 414, 1956. 

Propionibacteriaceae 

A family of anaeiobic bacteria of the order Eu- 
bdcteriales. This family contains relatively anaer- 
obic, non motile, nonsporulating, gram-positive, 
pvedominantlv rod-shaped batteria that ferment 
glue ose and certain other substrates. Some of the 
Propinnibaetoria are involved in the production of 
Swiss (heese and others in the production of vita- 
min Hu Three geneia are included in the family, 
Propionibacterium , Butyribacterium , and Zymo - 
bacterium. 

Propionibacterium. This is a genus of mostly 
nonpathogenn bacteria that foirn propionic acid 
as a major product of their energy metabolism. 
About 11 species are included in this genus. A 
few propionic acid -forming bacteria, such as Clos- 
tridium propionic urn and Veillonelln alcalesrens 
are placed in other geneia. V . alralescens is also 
known as f erllonella gazogenes and Micrococcus 
lactilyticus . The cells of Propionibacterium species 
are predominantly short rods, but unde? some con- 
ditions they become almost sphencal, resembling 
streptococci, and under other conditions, particu- 
larly when growing in the presence of oxygen, they 
develop as irregular club-shaped or branched rods. 
Propionibacteria grow best in the absence of oxy- 
gen, but they tolerate low oxygen concentrations. 
Relatively complex media containing a variety of 
amino acids and growth factors in addition to an 
energy source are most favorable for growing these 
bacteria. As energy sources most species can use 
sugars or polyalcohols, including glucose, fructose, 
mannitol, and glycerol, or salts of certain organic 
acids such as lactate and pyruvate. When a sugar 
or polvulcohol is used as substrate, acid is formed; 
this must be neutralized by the addition of a suit- 
able buffer to obtain abundant growth of Propioni - 
bacterium. 

The fermentation of lactate results in the forma- 
tion of mainlv propionate*, acetate, and carbon di- 
oxide, according to the equation 
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3 CHbCHOHCOOH -> 

Lactic acid 

2CH3CH3COOH + CH3COOH + C0 2 + H 2 0 

Propionic acid Acetic Carbon Water 

acid dioxide 

In addition, small amounts of succinate, a dicar- 
boxylic acid, and propyl alcohol are commonly 
formed. When glycerol is used as a substrate, the 
main product is propionic acid with lesser and var- 
iable amounts of succinic acid 

CH 2 OHCHOHCH 2 OH — CH 3 CH 2 COOH + H 2 0 
Glycerol Propionic acid Water 

The yield of succinic acid in the fermentation of 
glycerol is greatly dependent upon the amount of 
carbon dioxide in the medium, increasing with the 
carbon dioxide concentration. Carbon dioxide is 
consumed by these nonphotosynthetic bacteria, 1 
mole of carbon dioxide being used in the formation 
of 1 mole of succinic acid. The propionic acid bac- 
teria were among the first heterotrophic organisms 
shown to consume carbon dioxide in substantial 
amounts. 

Propionic acid bacteria have been isolated 
chiefly from cheese, milk, and other dairy products. 
They are also found in smaller numbers in soil, de- 
composing plant materials such as silage, and in 
the digestive tract of ruminants. Propionic acid 
bacteria are particularly abundant in Swiss (Em- 
inentaler) cheese. During preparation of this type 
of cheese the lactose is first fermented by lactic 
acid bacteria and then the lactate is slowly fer- 
mentated by propionic acid bacteria. The carbon 
dioxide gas produced by the latter organisms is re- 
sponsible for the formation of the characteristic 
holes in the cheese and the characteristic sharp 
flavor is partially attributable to the presence of 
propionic acid. See Cheese. 

Some species of Propionibacterium form rela- 
tively large amounts of vitamin B 12 and are used 
for its commercial production. See Vitamin Bi 2 . 

Butyribacterium. This is a genus containing bac- 
teria that form butyric acid, acetic acid, and car- 



bon dioxide as major fermentation products. The 
only species that has been fully described is 
B. rettgeri. This organism was isolated from intes- 
tinal contents of a white rat. It requires a complex 
medium for growth and is able to ferment glucose, 
maltose, and lactate. The ability to form butyric 
acid from lactate distinguishes organisms of the 
genus Butyribacterium from Lactobacillus , Pro- 
pionibacterium , or Zymobacterium species. 

Zymobacterium. This is a genus containing bac- 
teria that form predominantly ethyl alcohol and 
carbon dioxide from glucose. Only one species, 
Z. orolicum , has been described. This organism is 
also able to ferment orotic acid, a compound in- 
volved in the hiosynthesis of the pyrimidines of nu- 
cleic acids. Some of the early steps in pyrimidine 
hiosynthesis were discovered during studies of the 
decomposition of Erotic acid by cell-free extracts 
of Z. oroticum. See Bacteria, taxonomy of; Eu- 
BACTERIALES. [H.A.B.] 

Bibliography : K. V. Thimann, The Life of Bac- 
teria , 1955. 

Propulsion 

The process of causing a body to move by exerting 
force against it. Propulsion is based on the reaction 
principle (Newton’s third law), which states that 
for every action there is an equal and opposite re- 
action. 

Vehicles moving in fluid media are usually pro- 
pelled by devices or systems which Operate on the 
media. For example, a ship is driven forward by 
reaction to the force exerted against the water by 
its propeller. Similarly an airplane may be pro- 
pelled by reaction to force exerted against air 
passing through its turbojet propulsion system. A 
rocket propulsion system, however, does not depend 
upon ssurrounding media; its working fluid is the 
hot gas resulting from the burning of fuel and 
oxidizer which it carries along. 

Momentum theory. The propulsion system of a 
ship, airplane, or rocket, imparts momentum to the 
fluid upon which it operates. The magnitude of 
force applied to the fluid, and consequently the 
driving reaction force applied to the vehicle, are 
related to the momentum change imparted to the 
fluid according to Newton’s second law: The rate 
of change of momentum is proportional to the force 
applied to the body and takes place in the direction 
of the line of action of the force. Thus 

F = dM/dt (1) 

where F is force, lb; M is momentum (mass times 
velocity), slug-sec; and t is time, sec. Consider the 
case of an airplane in level flight at constant speed 
as illustrated. The air is disturbed in several ways 
by its passage. Some masses of air are given for- 
ward momentum through viscous adherence to ex- 
ternal surfaces of the airplane, resulting in rear- 
ward forces on the airplane called viscous drag. 
Some masses of air pass across the wings and other 
surfaces of the airplane and are given downward 
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Air momentum and reaction forces. 

momentum, resulting in upward reaction forces, 
called*! i ft. on the airplane. The air masses deflected 
downward are also given some forward momentum 
in the process, accompanied by rearward reac tion 
forces against the airplane, tailed induced drag. 
The airplane propulsion system takes in air. ac- 
celerating it to approximately the forward speed of 
the airplane. The rearward reaction fore, s result- 
ing from this momentum change are tailed ram 
drag. The air taken into the propulsion system is 
then discharged as a rearward jet with a relatively 
great momentum, resulting in forward force on 
the airplane called propulsive thzust. 

For the situation described, momentum is con- 
served in directions parallel to the line of flight. 
Consequently all the forces acting on the constant- 
speed airplane offset one another so that the net 
external force is zero. 

Thrust. The capability of a propulsion system is 
measured in terms of the net thrust it delivers to 
the vehicle. In the case of an airplane powered by 
a thermal jet system, such as a ram jet or turbojet, 
the net thrust is the difference between the propul- 
sive thrust and the ram drag. See Jet pkopul- 
sroN. 

From a point of reference on the moving air- 
plane, the net thrust is 

p „ K t Wf ^ T _ u>aVp (2) 

g g 


where F « net thrust, lb 

V r » relative velocity of air leaving the propul* 
sion system, ft/ sec 

V v « forward airplane velocity, ft/sec 
W’a « weight flow of air, Ib/sec 
Wf =* weight flow of fuel, lb/sec 
g =* acceleration of gravity, ft/sec 2 

The first term is a measure of the total propulsion 
system thrust, and the second term is a measure of 
the system ram drag. 

In a rocket engine, no air is taken into the pro- 
pulsion system; consequently there is no ram drag. 
The net thrust of such a system is, therefore, the 
first term of Fq. (2) with w a replaced by w< u the 
weight flow of oxidizer, Ib/sec. 

Power and efficiency. The over-all suitability 
of a propulsion system is related to two factors, 
(1) how efficiently it converts energy supplied to 
the system into propulsion power, and (2) how effi- 
ciently this power is used in driving the vehicle. „ 
The first factor, thermal efficiency rjth of the 
propulsion system is defined as 

propulsion power developed 
rate at which energy is supplied 

The second factor, propulsive efficiency rj p% is de- 
fined as 

useful thrust power 

*lp-= , • — ~ 

propulsion power 

The over-all efficiency rj of the propulsion system is 

V = VthVp (3) 

Useful thiust power is the rate of doing useful 
work on the vehicle and is the product of net thrust 
and vehicle velocity 

P T = FV P = -- V r V„ (4) 

g 

where Pr thrust power, ft-lb/sec 
F = net thrust, lb 
w « w a 4- Wf for a thermal jet, or 
w = u'f 4- iv 0 for a rocket 

The propulsion power developed consists of the 
useful thrust power plus the power lost by dissipa- 
tion or ejection in a manner that does not contribute 
to useful thrust power. Thus 

P = P T + P L (5) 

where P is propulsion power and Pi is .power lost. 

It* the ideal case. Pi consists only of the rate of 
kinetic energy dissipated by the working fluid due 
to its absolute velocity rearward after being dis- 
charged from the propulsion system. In this case 

PL-~{Vr~V p )* ( 6 ) 

Stated in terms of working fluid-flow rate, jet 
velocity, and vehicle velocity, the propulsion power 
is 
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P - V r V p + ~-(V r - Vp) 2 (7) 

g 2 g 

From these definitions, ideal propulsive efficiency 
r)i> may be expressed as follows 


Pt 

V?- T 


W a ~ tv/fi 


w 

(«». - tv/P) 4 - y (1 - 1 / 0) 2 


(8) 


where 0 = V v /V r , the ratio of vehicle and working 
fluid velocities. For turbojet or propeller systems 
iv f 0 ; hence 


IP 

V p 

For rocket engines w a — 0; hence 


(9a) 


rjp =* 


2P_ 

\+p 2 


(9b) 


The closer the vehicle velocity approaches the 
relative velocity of the ejected working fluid, the 
greater is the propulsive efficiency so that rjp — > 1 
when ft — » 1. However, in the case of a propeller or 
thermal jet system where air is the working fluid, 
the net thrust is proportional to the difference in 
vehicle and relative jet velocities, and decreases as 
P 1. Because there must always be a positive net 
thrust to overcome viscous and induced drag, such 
a system, to be practical, must operate at less than 
perfect propulsive efficiency, tjp < 1 because 0 > 1. 

In the case of a rocket, however, the net thrust of 
the system depends entirely on the relative leaving 
velocity V , of the gases, and such a system may 
attain unity propulsive efficiency when 0 = 1, in 
which case all the propulsion power is converted 
into thrust power. 

Specific fuel consumption. Frequently, in con- 
sidering the suitability of a thermal jet propulsion 
system, the specific fuel consumption (SFC) is 
referred to. This is the luel consumed per hour, per 
unit net thrust delivered. For a thermal jet it is 


SFC - 3600 ‘ Z(v~v) (10) 

where SFC is pounds of fuel per pound of thrust per 
hour. 

Specific impulse. Another factor to he consid- 
ered in determining the suitability of a propulsion 
system is its specific impulse, the thrust delivered 
per unit weight flow of working fluid in a given 
system. 

For a turbojet or other thermal jet where Wf ^ 0 
it is convenient to refer to air specific impulse 

laxr ap = “ * — ( « ~ 1 ^ ( 1 1 <l) 

W a g \P ) 

The size and weight of a turbojet propulsion 
system are determined to a considerable degree by 
the volume of air flow it must handle to produce the 
required thrust. Hence a system having high rela- 
tive jet velocity i9 to be desired for the most com- 
pact arrangement. However, such a system has 


poorer propulsive efficiency if its jet velocity is 
large compared to the airplane velocity. The choice 
of an optimum system usually involves a compro- 
mise between these opposing factors, determined 
largely by speed, altitude, and duration of the 
intended airplane mission. 

For a rocket propulsion system, the specific im- 
pulse is 


F Vr 

Wf 4* Wo g 


(lib) 


This measures the thrust delivered per unit 
weight flow of propellants (fuel plus oxidizer) and 
is not related to the velocity of the vehicle. No 
compromise with propulsive efficiency is necessary; 
thus for the total thrust required, a system giving 
the greatest possible specific impulse is to be pre- 
ferred. See Airplane; Rocket engine; Shir pro- 
pulsion; Turbine propulsion. [d.c.] 

Bibliography: C. W. Smith, Aircraft Gas Tur- 
bines , 1956; M. J. Zucrow, Aircraft and Missile 
Propulsion , vol. 1, 1958. 


Propylene 

A gas, CH, t - HC-— CH-j, boiling point —48 °C, melt- 
ing point — 185°C. All processes for thermal or 
catalytic cracking of hydrocarbons yield propylene. 
A typical fraction of a refinery stream containing 2 
and 5 carbon molecules is 10-309? propylene. 
Preparation outside of normal refinery operations 
is usually by catalytic dehydrogenafton of propane. 
In those refineries having integrated isopropyl alco- 
hol or polymer units for making polymer gasoline, 
the propylene is utilized in the dilute concentration 
found in the cracked gas streams. When highly 
concentrated streams are required, the propylene 
is recovered in the same manner as ethylene. Ma- 
jor uses for propylene are in the production of 
isopropyl alcohol, from which acetone is obtained ; 
tripropylene for the alkylation of phenol to produce 
alkyl phenols, from which are derived nonionic 
detergents and lubricating oil additives; tetra- 
propylene for the alkylation of benzene to produce 
alkyl benzenes, from which are derived alkyl-aryl 
sulfonate detergents; propylene chlorohydrin for 
producing propylene oxide from which are obtained 
detergents, hydraulic fluids, and lubricants; acro- 
lein; ally! alcohol; ally I chloride; epichlorohydrin ; 
synthetic glycerin; butyraldehyde; n-butyl alcohol; 
and isobutyl alcohol. See Alkene; Ethylene; 
Polyolefin resins. [c.a.c.] 

Prosobranchia 

The largest subclass in the class Gastropoda, con- 
taining most marine snails, the limpets and whelks, 
a limited number of nonpulmonate land snails, 
and nearly all of the nonpulmonate fresh-water 
snails. Three orders are commonly recognized, the 
Aspidobranchia, Pectinibranchia, and Neogastro- 
poda. 

Respiration is usually by means of ctenidia or 
gills located in front of the heart. When gills are 
absent, respiration is carried on by means of a pal- 



lial outgrowth (Patellidae) or a pulmonary cham- 
ber (Helicinidae and Hydrocenidae). The visceral 
loop is in a figure 8 (streptoneurous) . An opercu- 
lum is usually present, there is generally only one 
pair of tentacles, and the sexes are usually sepa- 
rate. The shells produced have evolved many 
shapes, from the caplike limpets in the genera 
Patella and Acmaea without a coil, the slipper lim- 
pets in the genus Crepidula with only a slight in- 
dication of a coil, to the spiral shells of many 
whorls such as the auger snails in the genus Tere- 
bra . The embryonic shell, called the protoconch, 
develops during the larval veliger stage and is 
composed mainly of periostracum. This is followed 
by the later whorls of lime which usually have the 
periostracum continued as an outer layer. 

The more primitive species are plant feeders, 
feeding mainly on algae and other marine plants. 
1 he more advanced members of this subclass are 
scavengers or predators, feeding upon other mol- 
lusks, marine worms, sea urchins, and even fish. A 
limited number of the predatory species, by means 
of thcii radula. (an bore through the shells, mak- 
ing a small hole through whiih they introduce the 
proboscis and feed upon the soft parts. Many of 
these predator> groups, especially in the genera 
[ Jrusalpinx , Thais, Enp/eiua , and Murvx , are of 
considerable economic importance. These preda- 
tors aie called oyster drills because they destioy 
many young o>sters, their main source of food. 

Certain of the primitive forms have nacreous 
shells, such as Ilahotis , the sea ear or ahalonc, and 
Trochus , the top shell. The shells are used for iew- 
elry, inlay work, and buttons. Several families in 
this subclass have highly lustrous shells, such as 
the Cvpreidae. Olividae, and Volutidae. In these 
families, the mantle can he extended over the cuter 
surface of the shell, laying a laminated layer of 
lime on the outside as well as on the inside. In 
cross set lion, the shell shows two layers which are 
laminated and separated by a thin prismata layer. 
Memheis of these families aie usually beautifully 
colored and are sought bv shell collectors. See As- 
PIDOBRANCH1A ; NfOCASI ROPODA ; Pf.CTINIBRAN- 
CHIA. [w.j.c.l 

Prospecting 

The seaic h for rnineial deposits that can be v rked 
at a piofit. A prospet t is an occurrence of minerals 
of potential value, before its value has been deter- 
mined by exploration and development. Mineral 
deposits include those containing metallic ele- 
ments, such as copper, lead, /inc, or iron; nonme- 
tallic mafeiials, such as asbestos, clay, phosphates, 
or sulfur; and mineral fuels, such as coal or pe- 
troleum. Deposits worked for their aggregate of 
materials, such as sand, gravel, or dimension stone, 
are usually considered deposits of the rock itself. 
For a discussion of general, geological, and geo- 
physical methods of search for petroleum deposits, 
see Prospecting, petroleum. 

General mineral prospecting. Much of the world 
has been intensively prospected for the common 
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metals and nonmetals by traditional methods so 
that in most countries the more obvious deposits 
have been found. Hope for future discovery, there* 
fore, lies mainly in the buried deposits, which at 
best may give only subtle indication of their pres- 
ence at the surface. 

Not only are the older field and library methods 
being systematically improved, but the need to 
prospect for buried deposits has stimulated the 
use of indirect methods. In these, geophvsical, 
geochemical, and botanical evidences of subsur- 
face conditions supplement surface evidence. Be- 
cause of inc reased complexity and capital require- 
ments, an increasing proportion of prospecting is 
done by groups of specialists, working for mining 
companies. Such a group may consist of a geolo- 
gist and an engineer, and assistant^ as required for 
traversing and sampling. Specialists in photogeol- 
ogv (see At rial photograph) and in geophysical 
and geochemical prospecting may he called in as 
needed. Initial prospecting is followed where wkr- 
ranted by trenching or drilling, and further sam- 
pling. For principles of mine evaluation and field 
sampling, see Mining operating facilities. 

The individual prospector, independent or em- 
ployed by mining companies, remains important, 
hut probably less so than in the past. More and 
more, he will need a working knowledge of geol- 
ogv. of the use of geologic maps, and of the miner- 
alogic al and petrological relation of mineral depos- 
its. In addition he should he able to apply the 
principles of photogeology, be able to make miner- 
alogical and geochemical tests in the field, under- 
stand the use of the simple** geophysical instru- 
ments, and make use of vegetation, rock-staining, 
and float as guides to mineralization. 

Outline of prospecting methods. Mineral pros- 
pecting normally proceeds from the* general to the 
specific, from consideration of large regions to 
smaller favorable areas within the region, and fi- 
nallv to individual prospects. Following a prelimi- 
nary investigation, including a study of available 
maps and reports, prospecting may often be con- 
centrated on smaller areas immediately. Prospect- 
ing methods may he subdivided into direct and in- 
direct methods. Direct methods include geologic and 
photogeologic mapping; study of guides to ore; and 
field examination of the surface, supplemented by 
panning, trenching, pitting, drilling, or sampling. 
Indirect methods are of two kinds: (1) geophysical 
methods, which include magnetic, electromagnetic, 
and radioactivity surveys, both from the air and on 
the surface; electrical resistivity, self-potential, 
gravimetric, and seismic surveys on the surface; and 
electrical, self-potential, radioactivity, and tempera- 
ture surveys, in boreholes ( see Geophysical ex- 
ploration); and (2) geochemical and botanical 
surveys. 

Where there is surface evidence of minerals, ex- 
amination and sampling may be all that is necessary 
to determine if further exploration is warranted. 
In little-known regions, or where the deposits are 
deeply oxidized, leached, or buried, prospecting 
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must be based on geologic inference and indirect 
methods, and operations become more complex. 

DIRECT METHODS 

A map of some sort is required to prospect large 
areas systematically. Government geologic and 
topographic maps, if available, are suitable bases 
for plotting mineral occurrence or guides to min- 
erals. Aerial photographs are excellent for such 
purposes, though ground control is necessary to 
produce maps from them. Photogeologic studies 
combined with ground checking may indicate such 
guides as soil staining, alteration, or structures in 
deeply weathered areas that might otherwise be 
missed. Hecent work has shown that in some areas 
aerial observation and color photographs may be 
useful. 

Or© guides. These are mostly associations of 
geologic and other regional factors. Recognition of 
ore guides is highly important, though not all 
guides are valid everywhere. The ore guides that 
are significant depend on the characteristic rock 
associations and distribution of the ore in any 
given region or locality. For example, mineral 
stream-gravel or placer deposits generally indicate 
ore in vein or lode in the countiy rock of the back- 
land. 

Among regional ore guides of general rather 
than specific application are large igneous intru- 
sions with which ore is known to be associated. 
Examples are the Sierra Nevada hatholith of Cali- 
fornia and the Coast Range hatholith of British 
Columbia. Copper, tungsten, tin. and molybdenum 
are characteristically associated with granitic 
locks; nickel with mafic rocks, especially norite; 
chromium, nickel, and platinum with ultrahasie ig- 
neous rocks; beryllium with pegmatites; and ura- 
nium, vanadium, and selenium with teirestrial and 
shallow-water beds of sandstone and shale. 

Faulting and rock weathering offer clues to min- 
eralization. Major /ones of faulting mav he valid 
regional guides, although ore deposits are more 
commonly found in subsidiary faults related to 
majoi fault zones. The Mother Code of California, 
a mineralized fault and shear zone extending 120 
miles along the western side of the Sierra Nevada 
hatholith, is the best-known example in the United 
States. Bauxite, manganese, barite, and lateritic 
iron ores are found in deeply weathered rocks. The 
porphyry copper deposits of the southwestern 
United States and western South America occur 
where arid c limate and deep water level have fa- 
vored oxidation of the original material and pres- 
ervation of zones of enrit hment. Deep weathering 
and subsequent active erosion favor concentration 
of gold, platinum, ilmenite, zircon, monazite, and 


ern North America, especially in the Canadian 
Shield; in the shields of Brazil, Scandinavia, Fin- 
land, and southern Siberia ; and in ancient rocks in 
Africa and other parts of the world. Minerals de- 
posited during Cretaceous and Tertiary epochs are 
important in western North America, including 
most of Mexico and Alaska and in western South 
America. 

Local ore guides include rock alteration and 
channelways such as fractures, faults, contacts be- 
tween dissimilar rocks, and breccia pipes. Ore 
shoots are likely to occur where mineralizing solu- 
tions encounter easily replaced rock such as lime- 
stone, where veins cross contacts, at intersections 
of veins and faults, at rolls in faults, and along 
veins wherever there is a change in physical or 
chemical environment. 

Any departure from normal structure, topogra- 
phy, rock color, or vegetation should be investi- 
gated. Old mine workings, dumps, prospect pits, 
and burrows of animals may vield information on 
mineralization and on the size and trend of depos- 
its. 

The gangue minerals in veins almost invariably 
extend far beyond the limits of ore, and thus con- 
stitute important guides. Alteration halos, in ma- 
terials adjoining veins, are also important, though 
alteration may be so widespread that it serves 
merely as a regional guide. Pvrite, white mi< a, and 
clay are common and easily recognized alteration 
minerals, but microscopic studv mav be necessary 
before others can he identified. Rock-staining may 
iesult from weathering of sulfides of item, manga- 
nese. copper, cohalt, and nickel, and the oxides of 
uranium and vanadium. Each leaves a chaiaeteris- 
tic color: red brown to pale yellow from iron, black 
from manganese, green and blue from copper, pink 
to red from cobalt, apple gicen fiom nickel, bright 
yellow, orange or green from uranium, and vellow 
from vanadium. 

Gossan (mainly hydrated iron oxides) mav he 
the surface residue of an ore deposit from which 
sulfides of copper, lead, or zinc have been leached. 
Base-metal sulfides commonly leave cellular pseu- 
domorphs when leached from the primary ore, so 
that the structure of the gossan mav tell much 
about the original mineral content. Native gold, 
silver, copper, and bismuth, and, locally, oxides of 
copper, lead, zinc, and manganese tend to remain 
in gossan. The gold content of gossan may, in fact, 
be higher than the underlying primary deposits. 

The topography of a region may furnish useful 
(dues, though no general statement can be made 
concerning the relation between mineral deposits 
and topography. Outcrops of ore, gossan, or even 
sparsely mineralized gangue are of course directly 


some rare earths in plac crs. 

Ore deposits also are characteristically associ- 
ated with so-called metallogeneric 
conditions favored introduction, concWfratiori, and 
deposition of minerals (see Ore a j|p Mineral de- 
posits). Ore minerals deposited |ujting Precam- 
brian metallogenetic epochs are ir|j®rtant in east- 


useful. 

Placers are formed by weathering, erosion, and 
concentration in channels of resistant heavy metals 
and minerals, such as gold, platinum, cassiterite, 
mile, and diamonds and other gem minerals. An 
jpflerstanding of the processes involved will there- 
|Jn aid in recognizing ancient channels, which 
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may bear no relation to the present drainage. In 
areas where rock outcrops are scarce, assemblages 
and shapes of minerals in stream channels are in- 
dicative of the nature of the parent rocks and of 
the possible occurrence of economic minerals. 

Float (detatched fragments of mineralized rock 
or vein material) indicates a bedrock source at 
some higher point which may be found by system- 
atic search. Finer material in residual overburden 
or in alluvium may be traced to its source by pan- 
ning. Most ore minerals are destroyed rapidly by 
weathering, so their source is likely to be close if 
they are found in float or by panning. The more re- 
sistant materials such as vein quartz, gold, cassit- 
erito, chromite, tantalite, rutile, and zircon may he 
carried far from their sources. Ore mineials are 
geneti<allv associated with minerals that are of no 
economic importance but may be relatively abun- 
dant or icsistant and thus indicate the presence of 
the valuable minerals. As examples, chromite and 
tit iniferous magnetite are associated with metals 
of the platinum group: pyrite. pyrrhotite, chalco- 
pyrite, and vein quartz with gold; and ilmenite, 
magnetite, chromite, and pyrope (deep red 
gainet, often a gem stone), with diamonds. Simi- 
larly. fine gold in residual soil may indicate a bed- 
rock source of copper farther uphill, as copper 
sulfides decompose readil>, leaving free gold in the 
residue. Float tracing and panning work best in 
unglac iated country. 

Testing and sampling. At the* point where the 
nnncial indications go beneath the surface 
Irene lies 01 test pits must he dug or bulldozed 
Ground sluicing or hydiaulicking may he used to 
advantage where water is abundant, slopes are 
moderately steep, and stream pollution is unobjec- 
tionable Drilling is sometimes necessary in pros- 
per ting areas covered by swamp, water, or rock, oi 
where deep overburden makes trenching or pitting 
unduly expensive Drilling is useful in k arching 
foi bedded deposits, buried placers, and extensions 
of known ore bodies and for locating faults or 
faulted segments of ore bodies Drilling is not well 
suited to prospecting tor narrow veins, friable ores, 
or small, irregular ore bodies Sec Borinc and 
DRIL l 1 N(,, MINfRAI . 

Prospects are sampled to determine thnr com- 
position. Methods for representative sample de- 
pend on the size, character, and acc essibility of 
the project Exposed prospects are mostlv sam- 
pled by chip, grab, or channel samples. Buried 
deposits are commonly sampled by trenching or 
pitting, or by the drilling methods. Placers are 
sampled by pan or rocker. 

INDIRECT METHODS 

« 

In a large proportion of indirect prospecting 
geophysical methods are used, involving the meas- 
urement of physical quantities associated with bur- 
ied mineral deposits and geological structures. The 
measurements are interpreted in terms of geol- 
ogy. Plausible assumptions are made about the 
subsurface, and the physical effects of assumed 


structures or deposits are computed or estimated 
and compared with the geophysical measurements. 
The assumptions are modified until there is reason- 
able agreement between the computations and ob- 
served data. 

Selection of a suitable geophysical method is 
facilitated by information on the geologic habits 
and environment of the deposits sought and on their 
physical properties compared with the surrounding 
rocks. Magnetic methods and the various electrical 
methods are commonly used in prospecting for 
metallic minerals, because these minerals usually 
have magnetic and electrical properties that contrast 
with those of the surrounding rocks. Seismic and 
giavitational methods have been less used because 
measurable contrasts in elasticity and density are 
less common, but they have been indirectly useful in 
locating buiied structures. Little infoimation on 
depth is theoretically obtainable with magnetic, 
gravitational, self-potential, and thermal methods, 
where physical effects are produced by the bodied or 
structures themselves. Information on depth can 
usually be obtained with resistivity or seismic meth- 
ods, where efforts are produced by transmitting 
electrical or seismic energy through the ground. 

Geophysics has been used less in prospecting for 
metallic and nonmetailic minerals than for petro- 
leum, because of the small size of most ore bodies 
compared with oil structures and the great variety 
in their shape, physical properties, and geologic 
environment 

Geophysics has nevertheless been used increas- 
ingly in mineral prospecting, because of the in- 
creased emphasis on the scan h for buried deposits. 
The development of air borne magnetic, electro- 
magnetic, and radioactivity methods make it possi- 
ble to cover large and otherwise inaccessible areas 
at comparatively low cost. All three types of sur- 
veys may be made simultaneously from the same 
ain raft, at little more than the cost of a survey bv 
a single method. 

Magnetic methods. Air-borne and ground mag- 
netic surveys have been used extensively to pros- 
pect for magnetic deposits, and for nonmagnetic 
deposits which either contain magnetic gangue 
minerals or are associated with structures or 
bodies that have magnetic expression. Contact 
metamorphic and replacement deposits commonly 
contain magnetic gangue minerals and mav thus be 
indicated by magnetic surveys. Faults, dikes, con- 
tacts of igneous intrusions, lava beds, and magne- 
tite-bearing sedimentary and metamorphosed 
rocks, which may control the occurrence of ore. in 
many cases also produce measurable magnetic 
anomalies. Magnetic lows are sometimes associ- 
ated with extensive zones of alteration in igneous 
rocks. 

In aeromagnetic surveys, flying elevation and 
spacing o( flight lines are governed by terrain and 
by the geologic habits and associations of the de- 
posits sought. Flights may vary from one-eighth 
mile apart when prospecting for discontinuous 
magnetic deposits to one mile or more in tracing a 
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Fig. 1. Air-borne magnetometer survey over rough terrain. (U.S. Geological Survey ) 


continuous magnetic formation that may serve as a 
guide to ore. In general a small, shallow target re- 
quires flying as low as a few hundred feet above 
the surface, whereas larger targets permit flying at 
higher levels. Air-borne surveys for magnetic ore 
deposits at shallow depths are usually made at a 
more or less constant height above the surface. Sur- 
veys to outline larger geologic bodies, such as 
buried igneous intrusions or magnetic formations, 
are generally made at a constant barometric alti- 
tude. 

Ground magnetic surveys are best suited to de- 
tailed prospecting in small areas, often chosen on 
the basis of aeromagnetic surveys. Surveying pro- 
cedures are determined by the amplitude and ex- 
tent of the anomalies sought. Dip needle and 
magnetic declination surveys are adequate for de- 
lineating high-amplitude anomalies, such as those 
associated with near-surface magnetic iron deposits. 
Surveys with more sensitive and costly equipment, 
such as the vertical magnetic field balance or the 
more recently developed nuclear spin magnetome- 


ter. arc generally required to outline anomalies 
associated with weakly magnetic deposits, deeply 
buried deposits of high magnetism, igneous rocks, 
and geologic structures. 

The applicability of magnetic methods may usu- 
ally be determined by a knowledge of the habits 
or arrangement of the deposits sought and by de- 
terminations of the magnetization of the pertinent 
rocks and minerals. Hand specimens of strongly 
magnetic material will deflect a surveyor’s compass 
or dip needle. The magnetization of more weakly 
magnetic material can be estimated by its effect on 
a sensitive magnetometer, or by crushing specimens 
and separating the magnetic minerals with a hand 
magnet. See Magnetometer. 

Electrical methods. Electromagnetic and elec- 
trical resistivity surveys are used to locate deposits 
of metallic sulfides, which, except for sphalerite, 
are good electrical conductors. They may also be 
used in prospecting for nonmetallic deposits, which 
are generally poor conductors, provided there is 
structural or stratigraphic control and a measur- 





able contrast in conductivity. The applications are 
diverse, as each type of deposit presents its own 
problem. 

A variety of instruments has been used m elec- 
tromagnetic prospecting, but all measure anoma- 
lies in the electromagnetic field set up by induced 
ground currents, rather than in the potential dis- 
tribution as in resistivity methods. The frequency 
of the energizing current should be 250 1500 cy- 
cles per second. Too low frequencies reduce the 
strength of the induced field, but too high frequen- 
cies lack depth penetration. 

A recent development uses natural random alter- 
nating magnetic fields of audio and sub-audio fre- 
quency to locate subsurface electrical conductors, 
such as sulfide ore bodies. Distoitions of the fields 
caused by variations in conductivity are measured 
at several frequencies by use of search coil detectors. 
The new method mav be used for air-borne or 
ground surveys. Although a high degree of amplifi- 
cation is required, theoretically greater lateral and 
veitical range is possible than with most electro- 
magnetic methods 

Air-borne and ground electromagnetic surveys 
have been useful mainly in areas where unaltered 
sulfide deposits are fairlv < lose to the sui face, as 
in the Canadian Shield Other < onductors, such as 
fault gouge, graphite, and some water healing fm- 
mations. may likewise he indicated by electromag- 
netic surveys. Airborne electromagnetic suiveys 
are noimally flown at low levels 

Electrical iesistivit\ surve\s Tequire a large field 
crew and are relatively expensive Depth to flat- 
lying deposits or beds may often be determined 
fail 1\ accurately, using specialized mathematical 
methods of interpretation. The indue ed potential 
method is a modified electrical method that shows 
promise in prospecting for metallic ores. 

Electrical and electromagnetic surveys have 
been used successfullv in boreholes to ga 1 infor- 
mation on nearhv conducting ore bodies LWtrical 
surveys using electrodes in boreholes and on the 
-m face, and between two or more boreholes, have 
also been successful in locating conducting ore 
bodies The piineiples are identical with those gen 
pining surface surveys. 

A spontaneous polarization or so-called self-po- 
tential as large as a volt or so is set up when -ultide 
:>re bodies are oxidized by downward-percolating 
ground water. The pattern of currents thus induced 
may he inexpensively measured by traverses with 
i potentiometer connected to two nonpolarizable 
sleetrodes. The accuracy of measurements is re- 
luced by variations in soil type and soil solutions, 
’oots of trees, and topography, which may set up 
potentials larger than those associated w # ith some 
)re bodies. Local spurious potentials can he elimi- 
lated largely by repeating the observations with 
-he electrodes in different positions. 

Self-potential surveys are useless where the de- 
posits are deeper than 100 ft or where they are be- 
the zone of oxidation. In the latter case, good 
results have been obtained when the water table is 
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lowered during long dry periods and the sulfide 
minerals are subject to renewed oxidation. 

Gravity, seismic, and thermal methods. Most 

mineral deposits are too small, or have insufficient 
density contrast, to permit use of gravity methods. 
A further disadvantage is the requirement to cor- 
rect gravity data for the effect of topographic ir- 
regularities in mountainous areas. Gravity methods 
have been highly successful in locating buried salt 
domes with their associated sulfur deposits on the 
Gulf Coast. They have also been used to a minor ex- 
tent in prospecting for relatively dense deposits, 
such as magnetite, chromite, and barite. 

Seismic suiveys are used extensively to locate 
salt domes and have been used to a limited extent 
to prospect for buried channels favorable for gold 
placers or for deposits of uranium. Experimental 
shallow reflection-seismic surveys have been made 
in connection with prospect drilling to determine 
thickness of glaciated material in the Lake Supe- 
rior iron region. Costs of shallov, seismic surveys 
are comparable with those of electric al resistivity 
surveys. 

Oxidation of Milfide ore bodies, or radioactivity 
associated with extremely rich and large uranium 
deposits, produces heat which may raise the tem- 
perature of the surrounding rocks. Temperature 
measurements from boreholes would therefore 
seem to offei a useful prospecting method. In proc- 
ti< e thev have been applied in only a few instances, 
because thermal effects resulting from ground wa- 
ter eirc illation or conductivity differences in the 
rocks are usually larger than those associated with 
oie bodies 

Radioactivity methods. Air-borne and ground 
radioactivity methods, which measure the y-iadia- 
tion of radioactive elements, ure used predomi- 
nantly to prospect for uranium and thorium. They 
mav also be used to prospect for marine phosphate 
deposits, which contain small amounts of uranium, 
and for thorium- and uranium-bearing placers and 
beach sands, some of which are mined mainly for 
titanium minerals Radioactivity logging of bore- 
holes has aided in prospecting for uranium depos- 
its in sandstone by detecting weakly radioactive 
halos that sometimes occur around the ore, and in 
correlating stratigraphic hoiizins. 



Fig. 2 Car-mounted radioactivity logging equipment. 
(C. M. Bunker, US. Geological Surrey) 
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Air-borne and ground prospecting is effective 
only in areas where the radioactive material is ex- 
posed at the surface, as the y-radiation is effec- 
tively masked by a foot or so of barren overbur- 
den. or a few feet of snow. Air-borne surveys must 
be flown within a few hundred feet of the surface 
because the air similarly absorbs y-rays. 

Air-borne radioactivity surveys could be used to 
aid in geologic mapping of areas covered by resid- 
ual soil, which usually produces radiation patterns 
characteristic of the underlying parent rocks. In 
this connection they would be of indirect value in 
prospecting for nonradioactive minerals. There is 
also evidence that uranium as well as other metals 
tend to deposit during the last stages of the crys- 
tallization of large granitic intrusions. This sug- 
gests that radioactivity highs over the roofs of 
large intrusions would be an indirect guide to non- 
radioactive mineral deposits. See Geophysical ex- 
ploration. 

GEOCHEMICAL ANO BOTANICAL METHODS 

Geochemical prospecting involves the analysis 
of elements in the soils, rocks, Mirfac e and under- 
ground waters, organisms, and vegetation for the 
purpose of defining areas where the distribution 
of the elements indicates the presence of ore. Bo- 
tanical prospecting involves analysis of elements 
found in deep-rooted plants or plants commonly 
assoc iated with certain elements or mineral depos- 
its, and comparative study of morphological differ- 
ences in plants growing in mineralized and non- 
mineralized areas. 

A variety of methods are used singly or in com- 
binations. Analysis of residual soils for traces of 
metals is the most widely used geochemical 
method, as the dispersion pattern corresponds 
closely with the primarv dispersion of metals in the 
underlying rocks Analyses of metals in vegetation 
and of the distribution of indicator plants are used 
in areas where there is little residual soil, but the 
relationship between the metal contents of plants 
and soil is seldom simple Analysis of water in 
stieams is used for preliminary examinations of 
large areas. Springs usually give information on 
areas of limited size. 

The choice of elements for analysis depends on 
mineral associations, relative mobility of the ele- 
ments, and the availability of suitable analytical 
methods. Zinc and copper are useful indicators not 
only for zinc and copper deposits but for other 
types of metallic deposits. The rare elements in 
pegmatites and the tin-tungsten-niobium associa- 
tion in high-temperature veins are also useful. As- 
sociated noneconomic minerals may serve as a 
guide where the ore metals do not form a recog- 
nizable dispersion pattern. Immobile metals usu- 
ally form clear-cut dispersion patterns in residual 
soils, whereas mobile metals are more widely dis- 
persed by ground water and vegetation. Thus it 
may be effective to test for the more mobile ele- 
ments m reconnaissance surveys and the less mo- 
bile elements in detailed surveys. 


Certain bacteria and other organisms concen- 
trate elements such as sulfur, selenium, boron, co- 
balt, and manganese. Prospecting for these ele- 
ments may eventually be aided by additional 
knowledge of the processes involved and environ- 
ments required for their concentration. See Gko- 
CHFMICAL PROSPECTING. [ H.R.J.] 

Bibliography: M. B. Dobrin, Introduction to 
Geophysical Prospecting , 1952; A. A. Fitch, D. F. 
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Prospecting), petroleum 

The search for commercially valuable accumula- 
tions of petroleum. This search at the one extreme 
may be carried out in a completely haphazard man- 
ner with entire dependence on luck for success, 
whereas at the other extreme it is a highly organ- 
ized procedure involving the use of complex pre 
cision instruments, skilled and experienced person- 
nel, and advanc ed st ientific reasoning In either 
case the final and critn al step is always the drilling 
of an exploratory hole Moreover, in neither case 
can the successful outcome of the exploratory hole 
be assured in advance because no infallible means 
of detecting the presence of a ftmimen lal petro- 
leum accumulation ahead of the drill lias vet been 
devised. Much petroleum has been found both bv 
lupk and bv the applic ation of scientific methods, 
mit statistics demonstrate that at the present time 
the success ratio of holes located with the benefit 
of scientific or technical advice is nearly twice as 
great as that of those located without such advice 

The classic requisites for petroleum accumula- 
tions are (1) source or mother rocks from which 
peti oleum can have originated, (2) carrier and 
reservoir rocks possessing sufficient permeability 
to provide avenues of migration as well as sufficient 
porositv to provide storage space; (3) traps ade- 
quate to cause commercial concentration of petro- 
leum at local points in the reservoir beds; and 
(4) proper time and spatial relations in the de- 
velopment of source, reservoir, and trap. A favor 
able hydrodynamic condition might also be men 
tioned as a requisite to initial accumulation as well 
as to later preservation of a petroleum deposit. See 
Pmrolftjm rfsi* rvoir fnginefring. 

Scientific petroleum prospecting consists of 
(1) the determination of generally favorable re- 
gions with respect to source, reservoir, trap, timing, 
and hydrodynamic conditions; (2) the finding of 
local geological features (anticlines, fault traps 
and pinch-outs) within these regions believed to be 
suited to the trapping of petroleum; (3) the loca- 
tion and programming of exploratory holes to test 
the presence or absence of commercially significant 
petroleum accumulations on these local features; 
and (4) after initial discovery, determination of the 



extent and character of the accumulation discov- 
ered. Prospecting methods are the means employed 
to gain the information called for in these four 
steps of petroleum prospecting. Prospecting meth- 
ods are commonly classified as geological and geo- 
physical, but there is no sharp distinction between 
the two; all of them involve geological reasoning 
and interpretation. See Geochemical prospict- 
ing; Prospecting. 

This article outlines two major aspects of petro- 
leum prospecting -geological prospecting and geo- 
physical prospecting. 

GEOLOGICAL PETROLEUM PROSPECTING 

Nearly all prospecting entails certain preliminary 
library and cartographic background research. 
Some mention of base maps is followed in this 
set tion by the topics of : surface geology , photo- 
geology, drilling; structure and core drilling; wild- 
cat wells; subsurface geology; geological labora- 
tory methods; and regional geology. 

Base maps. An essential retfuisite to petroleum 
prospecting is accurate base map < ontrol Hon 
zontal control is net essary for location of property 
boundaries, physical features, roads, wells, and 
other cultural features and for the map location of 
the points from whit h geological or geophysical 
data arc obtained Vertical control is net essarv 
for providing topographic information for opera 
tional purposes as well as for the adjustment of 
geological, geophysical, and well data to a com- 
mon datum Topography may also be of important 
geological significance Aerial photography and 
t*let trorut and ladio positioning systems are largely 
replat mg the theodolite alidade, and plane table 
for mapping and geographic control work both on 
land and ovei water, and these methods have ad- 
vantages both in speed and in aec u acy 

Surface geology. The examination and study of 
outcropping rocks as a clue to the struct! ’•e and 
stratigiaphy of an area is the oldest of pet; oleum- 
prospecting methods and one which is still ex- 
tremely important The surface geologist maps 
the topographic expression and distribution of ex- 
posed roc k units, detei mines and plots their struc- 
tural attitude, measures and describes stratigraphic 
sections, identifies surface structural anomalies 
such as anticlines or faults which may »’ fleet 
deeper sti uctures, and prepares cross sec tions show- 
ing the hypothetical distribution of rocks and struc- 
tme at depth. Study of the rocks exposed at the 
surface may yield important information on the 
presence and position of sourcf and leservoii rocks 
as well as on '-tructurai and stratigraphic accumula- 
tion traps. Finally, surface geological examination 

the only means of acquiring information on the 
Decurrence and location of petroleum seepages. 
There is no more encouraging indication of a 
petioliferous province than the presence of actual 
ail seepages. In difficult terrain, helicopters com- 
nonly attached to surface geological parties aid 
ransportation and communication and facilitate 
(geological observation. 
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Photogeology. The mapping of surface geologic 
features is frequently best carried out through 
study of aerial photographs. In addition to greatly 
expediting the study of the surface geology of any 
area, the photographic method provides coverage 
of regions where access on the ground would be 
piohibitively difficult. It usually provides more com- 
plete detail than is possible by surface-mapping 
methods and has the additional advantage of 
greater over-all perspective. In regions where out- 
crops are scarce, photogeology is employed as a 
means of determining geologic structure and dis- 
tribution of formations indirectly through interpre- 
tation of geomorphologic features, vegetation, frac- 
ture patterns, and soil characters. Photogeology 
does not replace surface study, which is always 
desirable, but it does constitute an extremely 
valuable supplement See Aerial photograph. 

Drilling. There is no method of petroleum pros- 
pecting so effective as the drilling of a hole to the 
objective horizon, and if the cost of deep drilling 
were not so great this method would supplant al- 
most all others Even so the great bulk of all money 
spent on petroleum prospecting .goes to drilling of 
exploratory holes. See Boring and drii UNG, min- 

FRAI , On AND (.AS WJLLS. 

Structure drilling and core drilling. These terms 
are applied to relatively shallow drilling where the 
purpose is purely that of securing geological in- 
formation. Highly portahle drilling rigs with depth 
capacities ot a few hundred to a few thousand feet 
are used, arid on the basis of cuttings, cores, or 
electrical logs, information is obtained on near- 
>urface stratigiaphy and stiucture which may guide 
deeper drilling for petroleum. 

Wildcat wells Exploratory holes drilled with the 
aim of discovering new petroleum pools are true 
wildcat wells lUuallv these are programmed and 
equipped for completion as pioducers if successful, 
hut the so-called stratigraphic test hole, which 
penetrates potentially productive horizons, is aimed 
onlv at providing geological infoimation and is not 
equipped for production. Even the drill is not al- 
ways conclusive in prospecting for petroleum. Many 
potentially productive wells are abandoned as dry 
each year because of inefficient testing. Under cur- 
rent methods of drilling, the hole is usually kept 
filled with heavy mud to prevent caving and to hold 
back excessive fluid pressures; consequently, po- 
tentially productive petroleum horizons may fre- 
quently he penetrated by the bit with very little 
indication of their fluid content. To avoid over- 
looking such horizons, rock samples cut by the bit 
and brought up in the circulating mud are carefully 
and concurrently studied for petroleum indications; 
instrumental equipment is installed on the drilling 
rig to analyze the mud automatically for traces of 
petroleum; and electrical and radioactive devices 
are run down the hole from time to time^to record 
the properties of the rocks penetrated with respect 
to the probability of their carrying petroleum. Like- 
wise cores and side- wall samples are taken from 
intervals suspected of being productive. 
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Subsurface geology. Regardless of whether pro- 
duction is obtained, an exploratory hole is usually a 
valuable contribution to prospecting knowledge. 
The study of the geological and geophysical data 
made available through drilling is called subsurface 
geology. The subsurface geologist stationed at the 
well constantly watches the cores, cuttings, and 
drilling fluid for direct traces of petroleum, and 
studies the characteristics of electric logs, radio- 
active logs, and geothermal logs for indirect indica- 
tions of petroleum. The lithology, paleontology, and 
mineralogy of the cores and cuttings also yield 
clues to the stratigraphic position at which the well 
is drilling and the remaining depth to objective 
producing horizons. Determination of the attitude 
of bedding from cores and from dip-meter surveys 
gives important evidence as to whether the well is 
off structure with respect to the fold, fault, or other 
trap structure on which it is being drilled, and also 
gives a factor for correcting the drilled thickness 
of a formation to its true thickness. See Paleon- 
tology; Petroleum geology; Siratigraphy. 

As more wells are drilled in a region, the steadily 
increasing background of subsurface geological in- 
formation becomes progressively more effective 
as a means of locating new structural or strati- 
graphic traps for testing. Correlation, the identifi- 
cation and tracing of stratigraphic units from one 
well to another, allows conclusions to be reached 
on the relative structural positions of wells, on the 
probable location of new fold and fault structures, 
on the presence of unconformities, and on lateral 
changes in thickness and lithologv. These correla- 
tion data provide the subsurface geologist with the 
base for cross sections and various kinds of subsur- 
face maps: structure-contoui, isopaeh, paleogeo- 
logic, lithofacies, palinspastic, and others. See 
Facifs (geology); Pallogfography ; Palfogf- 

OLOGY. 

Geological laboratory methods. Many of the de- 
terminations which can usefully he made on rock 
samples, either from outcrops or from wells, re- 
quire such specialized knowledge and equipment 
that the surface or subsurface geologist sends them 
to specialists in a geological laboratory. Paleonto- 
logic and micropaleontologic studies are valuable 
in deteimination of the age or stratigraphic posi 
tion of samples, in correlation, and in determina- 
tion of past environments of deposition which may 
bear on source, reservoir, and stratigraphic trap 
conclusions. Study of the Foraminifera and Ostra- 
coda have been particularly useful in petroleum 
prospecting and spore and pollen studies have 
recently been growing in importance. See Micro- 
paleontology; Palynology. 

Laboratory determination of heavy detrital min- 
erals furnishes useful information for correlation 
and provenance. Among other laboratory methods 
which mav be useful in identification and correla- 
tion are analysis for insoluble residues, size and 
shape analysis, differential thermal analysis, and 
calcirnetrv. Refractive-index determinations made 
on solvent extracts from rock samples provide use- 


ful information on the presence and gravity of even 
minute traces of oil. Computers and data-processing 
machines are being employed in some geological 
laboratories to aid in the sorting and analysis of 
large batches of data from surface geology and 
wells. 

Regional geology. In petroleum prospecting the 
various contributions of surface geology, subsur- 
face geology, geophysics, and other methods should 
all be put together and coordinated to give as com- 
plete a regional geologic picture as possible. Given 
adequate information on the character and atti- 
tude of the physical rock fiamework of a region, its 
geologic history, and the conditions of movement of 
its fluids, it should he theoretically possible to pre- 
dict the location of all of its petroleum accumula- 
tions. This information is of course never fully 
forthcoming, ^but the acquisition of as much of it 
as can be obtained and the imaginative hut intel 
ligent extrapolation of the remainder from experi- 
ence are essentiul to long-range success in petro- 
leum prospecting. [h.d.he.] 

GEOPHYSICAL PROSPECTING FOR PETROLEUM 

Geophysical techniques have contributed deci- 
sively to the world supply of oil since about 1930. 
The annual cost has amounted to hundreds of mil- 
lions of dollars during most of these years. The 
seismograph technique has accounted for well over 
one-half of this aitivify. For most of this time, and 
under most circumstances, the Seismic method has 
been the most expensive of those available. For this 
reason the cheaper gravity and magnetic methods 
are often used for leconnaissanee pm poses, and 
*fhe more limited anomalous areas thus revealed 
are then subjei ted to seismic investigation Means 
and proc edures have been developed whidi permit 
seismic operations in coastal waters at unit enst^ 
comparable to those of gravity and magnetic stn- 
veys under the same conditions. The rate of expendi- 
ture is very high for such operations, hut the out- 
put rate is also high so that acceptable unit costs 
are achieved. The seismic., gravity, magnetic, and 
the various well-logging methods account for all 
hut a tinv fraction of the geophysical work done in 
the search for oil. 

The geophysical measurements made in oil pros- 
pecting are to a large extent related to the con- 
figuration and properties of the rocks which enclose 
oil pools. At best, the results of geophysical surveys 
indicate the presence, position, and nature of a 
structure which may or may not contain oil. The 
discovery of the oil itself is made by drilling a hole 
into the structure. If oil is found, the well serves the 
purposes of both discovery and exploitation. 

Magnetic surveys. In the search for oil, mag- 
netic surveys are now made almost exclusively from 
aircraft. Oil is found in deep sedimentary basins, 
and the magnetic anomalies found in such areas 
arise from the igneous floor beneath the sediments. 
The depth below surface to the igneous basement 
rocks usually is thousands of feet; thus a change 
in flight level by several thousand feet is not criti 
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cal. It is the flight elevation above the igneous sur- 
face that counts. Aeromagnetic surveys have been 
made over millions of square miles. 

The sedimentary structures which are oil-bearing 
often lie above uplifts or topographic features 
(upper-surface irregularities) of the igneous base- 
ment surface. Local magnetic anomalies are as- 
sociated with such features and therefore are a key 
to the discovery of basement uplifts. Other anoma- 
lies are related to differences in the magnetization 
of the igneous rocks. These are useful in deter- 
mining the distance below the survey level of the 
igneous surface and therefore the thickness of the 
sedimentary section. If such anomalies arc present 
in Miflic ient numbers and well distributed, the con- 
figuration of the sedimentary basin can be dete?- 
mincd and the principal structural features in the 
basement indicated in advance of any drilling. To 
do this is the principal role of magnetics in oil 
prospecting. 

lu areas where the sedimentary structure arises 
niainlv from thrusting (force applied sidewise on 
rockbeds) or is substantially modified thereby, 
magnetic surveys may be of little help. See Mag- 
IM lOMLH it. 

Gravity surveys. These have been most sin cess- 
f 11 1 in disco\ eiing and detailing salt domes, a great 
oercentage of which have associated oil accumula- 
tion. \ newly discovered sail dome thercloie icpie- 
sents an oil piospect of high potential. A salt dome 
usually contains one or more cubic* miles of salt, 
which is oidinarih of lower density than most of 
the surrounding sediments. A gravity minimum is 
therefore characteristic of a salt-dome structure. 
Salt dome prospects are often drilled on the basis 
of the gnu ity anomaly alone. 

The gravity manifestation <> f other structural 
types is generally more complex. If a structure 
lmolves the position of dense beds nearer to the 
sin lace, a gravity high will he found. Sue* anoma- 
lies aie customarily investigated further b seismic 
techniques before drilling is undertaken. 

A great perc entage of the potential oil-producing 
areas of the United States has been covered bv 
gravity surveys. See T khhf.s i hi ai. gr av n a i ion. 

Seismic surveys. Contoui maps are generally 
produced to show the elevation of some g^idogical 
horizon with reference to some datum plant pref- 
t erably at the general depth level of formations 
| which are known to produce oil elsewhere. If there 
* are good seismic reflections above and below this 
' level, these are also mapped. Together they may 
j furnish evidence of convergence and similar phe- 
nomena of practical interest. Seismic surveys fur- 
[ nish the most conclusive evidence available from 
^geophysical techniques. However, areas where 
\ there are limestones at the surface, or where the 
•sedimentary section consists almost entirely of lime- 
stone, present difficulties for seismic as well as for 
other geophysical techniques. See Seismograph; 
[Seismology. 

Well logging. One or more geophysical tech- 
niques of well logging are now applied to practi- 


cally every well drilled by the oil industry. As in 
pregeophysical days geologists now prepare a 
graphical log of the formations through which a 
drill hole extends, based on visual examination of 
drill cuttings brought to the surface by the drilling 
mud and on core samples. Such logs show lithology 
and fossil distribution with depth. Structure maps 
result from correlations between well horizons 
which can he identified as being the same or sub- 
stantially equivalent in all of them. Geophysical 
well logging is merely an extension of this proce- 
dure to other physical properties which require 
physical measurements for their determination. 

Various geophysical well-logging methods have 
been developed. .Sec Wfi.l logging (mineral). 
Acoustic velocity logging mav also prove to he a 
valuable development. Bv this method a continuous 
record of the variation of the average velocity of 
sound wa\es over a short distance is obtained. 

See Gfopitysical i xplohation ; Mineral fuel 

AREAS. f L.A.E.] 
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Prostate disorders 

Common prostate disorders include infections, cal- 
culi, and new growths, both benign and malignant. 

Bacterial infections reach the glandular prostate 
from below bv wav of tl p urethra, or from above 
arising from the kidneys, ureters, or bladder. Oc- 
casionally, infection may he blood-borne, originat- 
ing in an infection elsewhere. Acute prostatitis is 
marked by variable fever, chills, and bladder irri- 
tability. The prostate is enlarged and painful and 
abscesses may develop. 

Chronic prostatitis is often virtually asympto- 
matic with only a slight discharge, vague pain, 
and slight difficulty in urination evident. A special 
form is seen in tuberculous prostatitis which may 
develop from kidney involvement. The prostate be- 
comes stony haid and nodular. In most prostatic 
infections the adjacent urethra and seminal vesi- 
cles are also sites of the infection. Prostatitis oc- 
curs most commonly in 20- to 35-year-old men, 
frequently as the result of gonorrhea or a bladder 
infection. 

Calculi, or stones, are usually precipitated cal- 
cium salts that form multiple hard, dark concre- 
tions. They vary considerably in size, and range 
from that of a grain of sand to a marble. Calculi 
often accompany chronic prostatitis or benign 
prostatic hypertrophy (BPH ) . 

New growths, or neoplasia, include benign pros- 
tatic hypertrophy, which occurs in more than one- 
third of men past 60 but may develop earlier. Uri- 
nary obstruction or a change in urinary habits may 
be the earliest symptom. The gland is diffusely, 
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symmetrically enlarged, nontender, and compressi- 
ble. The cause is unknown but may be endocrine in 
nature. 

Carcinoma of the prostate occurs in about 15% 
of men over 50. In almost all cases it begins at the 
periphery of the posterior part of the gland, grows 
slowly, and has a variable course. Metastases are 
rare until the gland capsule is invaded, then spread 
may be to the pelvis, vertebrae, leg bones, and re- 
gional lymph nodes. Ordinarily the first symptom 
is either local discomfort or urinary obstruction, 
but may sometimes be pain arising in a metastatic 
site piior to any direct prostatic symptoms. 

The earliest carcinoma detectable by rectal ex- 
amination is a small, smooth, stony hard nodule ly- 
ing just beneath the capsule. Furthei development 
results in irregularity and inelasticity, but fairly 
distinct bordets remain. 

A 50% cure rate is obtained following early di- 
agnosis. This implies the desii ability of a lectal 
examination at > early intervals for men pa*-t 50. 
Eighty per cent of the cases that have been undiag- 
nosed until extension beyond the capsule has oc- 
curred are inoperable but even here the judicious 
use of castration, estrogen therapy, und x-iay treat- 
ment may prolong life considerably and also give 
great relief from pain and urinary obstruction. See 
Estrogen; Prostate gland; Radiology. 

[t.G.ST.J 

Prostate gland 

In man, a triangular body, the size and shape of a 
chestnut, that lies immediately in front of the blad- 
der with its apex directed down and forward. It is 
strictly a male organ and has no female counter- 
part. The prostatic portion of the urethra extends 
through it, passing from bladder to penis. The or- 



Prostate gland and seminal vesicles. (After Eycleshymer 
and Jones , in W. A. N. Darland , Am. Illus . Medical 
Dictionary, 19th ed., Saunders, 1942) 


gan is composed of 15-20 branched, tubular glands 
which form lobules. The gland ducts open into the 
urethra. Between the gland clusters, or alveoli, 
there is a dense, fibrous, supporting tissue, the 
stroma, which also forms a tough capsule around 
the gland and continuous with the bladder wall. 
Penetrating the prostate are the ejaculatory ducts 
from the seminal vesicles, located above and be- 
hind the organ, which also empty into the urethra. 
The prostatic glands secrete a viscid, alkaline fluid 
which aids in sperm motility and in neutralizing 
the acidity of the vagina, thus enhancing fertiliza- 
tion. 

A midline groove, palpable on rectal examina- 
tion, indicates the two lateral lobes of glandular 
tissue: a median lobe is posterior. Small at birth, 
the prostate enlarges to adult size during puberty. 
After middle afige the prostate is sometimes sub- 
ject to new tissue growth, usually benign, that re- 
sults in interference with urine flow through the 
compressed urethra. See Prostatf disordfrs. 

[e.g.si. ] 

Prosthesis 

The addition to the human body of some artificial 
part. This article discusses the replacement of liv- 
ing tissue (bone) in the bod\ with a prosthesis. 
Any consideration of the replacement of living tis- 
sue with a prosthesis emphasizes the sharp limita- 
tions in application For example, theie is no 
known substance which can he controlled volun- 
tarily and has the neiessaiy characteristics so that 
it can be plac ed within the body to take the place 
of .a muscle. Replacement oi tendons and ligaments 
i«f similarly very difficult with a prosthetic material 
Here, results of at least reasonable success are ob- 
tained by transplanting other tendinous or liga- 
mentous tissue to substitute for tendons or liga- 
ments which have been lost. In considering endo- 
prostheses, that is within the body, at the moment, 
one is almost entiiely limited to those which re- 
place all or a portion of a bone including its joint 
surfac es. The desirable material for this prosthesis 
would obviously he the same material as that which 
is being replaced, bone. 

This, in many cases, is impossible and would not 
truly be classified as a prosthesis, but rather as a 
graft. Requirements for a prosthetic material to be 
placed inside the body and to replace bone are as 
follows: (1) it should be nonirritating to the tis- 
sues, at least to the point where no unpleasant and 
painful symptoms occur to the patient. It is prob- 
able that some irritation on a cellular level will be 
the result of almost any foreign material implanted. 
(2) The material should be literally as strong as 
possible. This does not apply so much to its re- 
sistance to a single force, but to its fatigue-level 
life under a corrosive situation which is consider- 
ably worse than sea water. At the moment, there is 
no known material that has satisfied this qualifica- 
tion. This is probably due to the fact that bone is 
self-repairing and therefore literally has no fatigue 
limit. Since bone has this quality of self-repair, it 
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is possible to see a comparatively small bony struc- 
ture surviving repeated stresses over many years* A 
prosthesis of any known material subjected to the 
same stresses will undergo fairly rapid fatigue 
failure. (3) Since the prosthesis is replacing only a 
part of the skeletal system, it must he capable of 
being coupled to existing bony structures. In this 
field, knowledge is quite incomplete. In some cases, 
the coupling exists satisfactorily for a number of 
years if the contact is only that of compression and 
has a large area )f contact. However, there are 
many clinical examples of the necrosis and absorp- 
tion of bone if the area of contact has been too 
small, and therefore, the unit loading of the bone 
too high. (4) The contact of the prosthetic mate- 
rial with a joint surface of normal joint cartilage 
or fibrocartilagc which has developed after a shap- 
ing of the joint surfa< e bv surgical means For a 
limited amount of function, a satisfactory contact 
of the prosthesis and the joint surface can he main- 
tained. 

Application of the prosthesis. From a review of 
the prosthelu i harac teristic s stated above, it is evi- 
dent that only a limited amount of function (an 
c\er he obtained fiom the present prosthetic mate- 
lials applied with the present state of knowledge 
Undci these circumstances. one can never expect a 
complete restoiation of noinidl function, and pros- 
thetic devices are then leserved for < ases m which 
function is quite limited and the prosthetic device 
is expected only to give a lelatively improved func- 
tion, hut never to lead to completelv functional 
use 

Materials for replacing bone. The material to he 

used as a prosthesis iepla< ing hone miM have non- 
lrritatmg qualities, the same modulus of elasticity 
as that of bone and the ability to resist coirosion 
Tn addition the following problems must be con- 
sidered: coupling of the prostheses to living mate- 
rial, contact with joint surfaces; and 1 >e sites 
where prostheses are to he used. 

1. Womrntating qualities of the material The 
nature of body fluids makes it imperative that the 
prosthesis he made of inert mateiial because of the 
considerable salt concentration present, the oxida 
tion-reduetion systems which are constantly in ac- 
tion. and the possibility of concentration 'ells of 
either oxygen or some of the salt materials w h i c H 
could exist in contact with various portions of the 
prosthesis. It is probable that some tissue reaction 
could be generated by most substances used in the 
body if they w*ere present in an exceedingly fine 
divided state. However, as solid hits of material as 
they are used, no significant tissue reaction seems 
to occur from the use of type ’Mw stainless steel, 
the cobalt alloys used under the tiadamark of 
Vitallium, and materials known as Stellites. Glass 
and some of the plastics are also suitable, but lack 
S strength. When using plastics, precautions must be 
1 taken to be sure that they are completely polymer- 
ized since the monomer is frequently toxic. Many 
[plastics, however, are totally unsuitable for use as 
^prostheses within the body. 


2. Strength characteristics , In considering the 
simple strength characteristics of materials to re- 
place bone, a desirable feutitre would be to have 
material with the same modulus of elasticity as 
that of bone. This would make the problem of the 
contact between the two materials much simpler. 
The two materials most commonly used, type 
stainless steel and Vitallium, are both about 10 
times stiffer than hone At the present time, only 
metals have adequate strength characteristics to re- 
place the structural element of bone, and the avail- 
able metals fall far short of the ideal replacement 
material. 

3. Fatigue life The problem of the fatigue life 
oi internal prostheses is a veiv complex one. There 
have been many clinical examples of a brittle fail- 
ure of metal internal fixation devices which must 
he classed as over-stress since the failure resulted 
aftei a comparatively small number of cycles. As 
mentioned above, the metal is subject to the cor- 
rosive action of the salt solutions in the bodv. Oxi- 
dation-i eduction -»> stems are constantly active, and 
considering the different blood supplies to which 
parts of the piostbesjs are exposed, there must ex- 
ist oxygen concentration cells and salt concentra- 
tion cells with their attendant electrolytic action. 
The problem is further complicated by the fact that 
the prosthesis is being repeatedly stressed, and is 
therefore subject to the problems related to stress 
corrosion An additional complication is found in 
anv piosthesis which is made of two parts, since 
the infinitesimally small motions between these 
parts may lead to fietting corrosion with a loss of 
the protective oxide layer This protective coat of 
the metal, far as it is known, consists of chrome 
oxide, and in a normal ox v gen concentration, areas 
in which the chrome oxide layer have been removed 
presumably reoxidize to form a new protecting 
layer. It is quite possible, however, that in the 
small places where contact occurs between the two 
moving paits of metal, a deficient ox>gen concen- 
tration may exist with a failure to reestablish the 
oxide layer leading to destructive corrosive action. 
At the moment, this is perhaps the most serious ob- 
stacle in the way of producing a tiue, permanent 
endoprosthesis. There is no known material with 
sufficient fatigue life under the conditions found in 
the living body to last out even a portion of the 
normal life span if subjected to the stresses of 
everyday living. Our only solution at present is to 
limit the activities of the patient or to expect at 
intervals to have to surgically replace* the pros- 
thesis. 

4. Coupling of the prosthesis to living tissue . 
None of the present-day prosthetic materials can 
exist in the degree of continuity with living bone 
which will allow some tension strength. Thus, they 
can only be fitted together like bricks without mor- 
tar, and must depend upon the shape of the contact 
surfaces for stability. There is no accurate informa- 
tion available at the present time as to how much 
bone can withstand in repeated loading without 
undergoing necrosis and absorption. It has been ob- 
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served clinically, however, that prostheses with 
relatively small contact area frequently lead to 
resorption of the bone with a subsequent displace- 
ment of the prosthesis. On the other hand, the clas- 
sical example of the prosthesis with a large contact 
area is the so-called Smith-Petersen hip cup in 
which necrosis of the bone is quite lare. 

The unknown quality in these calculations, how- 
ever, is the nature of the hone, since the bony 
structure not only varies greatly in thickness and 
therefore m strength in the case of osteoporosis, 
but there is increasing evidence that the structure 
of the bonv substance itself varies to an extreme 
degree with age, and mav undergo a progressive 
loss of blood supply with relatively more and more 
of the hone becoming ava*culai and undergoing 
considerable embrittlement. One of the extremely 
limiting factors in attempting to replace any bone 
is the space limitation. There is only a certain vol- 
ume of space available beneath the skin of the ex- 
tremity. Most of this is taken up by other im- 
portant structures, and thus, the prosthesis cannot 
he significantly laiger than the hone whi< h it re- 
places. This is even more critical at the area of 
contact between the prosthesis and the remainder 
of the hone. Here, the size of the prosthesis must be 
ad] listed to the size of the hone, although a stem- 
like portion of the prosthesis can be placed inside 
the marrow tavitv of the bone, apparently without 
difficulty. It is not possible for the prosthesis to 
covei the outer surface of the hone to any great 
extent as well since this will completely shut off 
its hlood supply and eventually lead to its disinte- 
gration. 

S Contact mth joint surfaces \11 substance*- so 
far used to replace joint sm faces have been hard 
and unyielding compared to the considerable flexi- 
bility of noimal joint cartilage. In spite of this, con- 
siderable success has been experienced in placing 
a highly polished metal or plastic in contact with 
either noimal joint cartilage or with fihroc artilage, 
which will grow from a denuded bony surface and 
mold itself to the highly polished prosthesis. These 
new “joints” will stand a considerable amount of 
function, and in a moderate percentage of the < ases 
seem to be quite durable. Not all attempts at estab- 
lishing this new joint are successful, however, and 
the factors leading to success or failure are still 
incompletely understood. Once again we find our- 
selves forced to the conclusion that we do not offer 
fully normal function, but only function to a limited 
degree. 

6. Applications of prostheses. At the present 
time, replacement of portions of bone has been 
limited usually to the end of the bone, the com- 
monest site is that of the upper end of the femur 
in the hip joint where attempts have achieved the 
greatest success. 

Similar efforts, made in almost every joint in the 
body with varying degrees of success, are usually 
somewhat more satisfactory in nonweight-bearing 
joints than in weight-bearing joints. There have 
been several attempts to replace the central por- 


tion of a bone with a metal prosthesis. Although 
some success has been obtained in experimental 
animals, attempts to use this method in humans has 
met with almost uniform failure. It is possible that 
the complex stresses imposed upon the tubular 
shaft of a long bone are too great and lead to fail- 
ure of the replacement material through fatigue of 
the contact surfaces between the bone and the pros- 
thesis. 

7. Future possibilities. The eventual thoroughly 
successful replacement prosthesis must await im- 
provements of material and design encompassing 
all of the problems discussed above. The problem 
is so complex that a truly satisfactory internal 
prosthesis cannot he promised within the foresee- 
able future. f c.o.be. ) 

Protactinium 

Element number 91, protactinium, Pa, is the third 
member of the actinide group of elements. It was 
discovered by F. Soddy and J. A. Cranston in 1913, 
and independently, by O. Hahn and L. Meitner in 
1918. See Actinide elemf n i s. 
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All the known isotopes of the element are radio- 
active. The longest-lived, Pa jn , is a member of th'* 
naturally occmring actinium decay series It de- 
<a\s by the emission of rv-particles with a half-life 
of about 34,000 years. It is present in pitchblende 
to the extent of perhaps 280 mg ton, in almost the 
same concentration as radium. UX 2 and UZ are 
short-lived, naturally occurring isomeric isotopes 
of protactinium of mass number 234. The synthetic 
isotope of mass number 233 is important because 
it is an intermediary in the production of the fissile 
isotope of uranium, from natural thorium, 

Th Jl “, by neutron capture. 

Th 232 (n/y)Th 283 ^ Pa 293 ^ U 233 

Protactinium-233 is (3 - and y-active and decays 
with a half-life of 27 days. Several other short- 
lived isotopes with mass numbers between 226 and 
237 have been made. See Radioactivity. 

Visible amounts of a compound of the natural 
Pa 2n were first isolated by A. V. Grosse (1927). 
More recent separation processes, applicable to 
uranium refinery residues, generally make use of 
the extraction of the element from hydrochloric 
acid solutions by ketones and alcohols, such as 
diisopropyl ketone. The protactinium can be reex- 
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tracted from the solvent by an aqueous hydrofluoric 
acid solution. Addition of aluminum chloride and 
hydrochloric acid to the fluoride extract allows the 
protactinium to be extracted again by the organic 
solvent. These operations can be combined in a 
cyclic separation and concentration process. 

Piotactinium is similar to the neighboring ele- 
ment, thorium, in that it does not show a very 
noticeable resemblance to the heavier actinide ele- 
ments In its pentavalent state, it closely resembles 
niobium and zirconium. The element displays va- 
lences of 4 and 5. The pentahalides Pa Cl *5. PaBr«s, 
PaU resemble the niobium and tantalum halides, 
but the pentoxide, PajO-„ is much less acidic than 
the ooriesponding oxides of niobium and tantalum. 
Compounds of the pentavalent state are very read- 
ily hydrolyzed, only a few complex anions buch as 
PaF? being stable to hydrolysis No stable ( at- 
iontc states have been identified Potassium and 
barium fluoprotactinates, K*PaF~ and BaPaF-. are 
ver\ sparingly soluble, as are the complex alkali 
protactinium sulfates A peroxide may be precipi- 
tated from solution in 1 N sulfuric at id by the ad- 
dition of hvdiogen peroxide. Insoluble phosphates 
and iodates can be precipitated from strongly 
at idle solutions. Many of the pentavalent com- 
pounds and most solutions < ontaining this state are 
t olot less However, tannu at id precipitates pro- 
tactinium s a yellow t ornplex from solutions of 
the soluble complex oxalate Cupfenon and pv- 
rngdllol also give stiong and toloied complexes 
with pentavalent piotactinium 

Strong retiming agents, such as the chio- 
ituumdn 1011. 1 educe piotactinium to the tetrava- 
lent state, and fiorn such solutions it may be pre- 
t lpitated as the insoluble tetrafluoride. The colored 
tetrahalules and dioxide piepaied bv dry meth- 
ods, are isomorphous with the c onespondmg tho- 
iium compounds and the other derivatives of this 
valence state c loselv resemble the cone* ponding 
ihtuiuni compounds. See Nik it ar rfm uon ; Barf 
I ART II FI F IMF NTS f A.G M.] 

Bibliography : C» T Seahoig and I J Katz. The 
4ftirndf Elements, Natl Nuclear Energy Scries, 
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Protandry 

^ That condition in which an animal is first t male 
and then becomes a female. It occurs in many 
groups, in addition to oysters and cyclostomes. The 
reverse condition is protogyny. See Protogyny. 

[t.i.s.I 

i Proteales 

[An order of the plant subclass Dieotvledoneae hav- 
ing one family (Proteaeeae) with 55 genera and 
1 1200 species. It is a dominant group in jhe drier 
l regions of the Southern Hemisphere. About 475 
I species are South African and 700 are Australian, 
f A few occur in South America. The silky oak 
U Grevillea robusta ) is grown as an ornamental tree 
tin southern United States. See Dicotylcdoneaf ; 
Smbryorhyta; Plant kingdom. [p.p.s.] 


Protective coloration 

When the color pattern of an animal increases the 
probability of its survival, it is said to he protec- 
tively colored. There are three types of protective 
coloration: cryptic or concealing coloration, which 
renders the animal inconspicuous; aposematic or 
warning coloration, which advertises the presence 
of an otherwise well-protected animal; and mimi- 
c ry, whereby a species imitates an aposematic spe- 
cies. Batesian mimics are edible species which gain 
piotection by mimicking genuine aposematics, 
wheieas Mullerian mimicry involves the sharing of 
a pattern bv two aposematic species, a type of dou- 
ble protection. 

Cryptic coloration. This phenomenon is wide- 
spiead. The most common form is countershading, 
that is. dark pigmentation on the dorsal surface, 
light on the ventral surface. An example will ex- 
plain its utilitv When a small fish swims near the 
surface, a gull sees the dark dorsal surface blend- 
ing into the dark wateis, whereas a larger fish fiom 
below sees the light belly blending into the bright 
surface watei Pigmentation is 'often developed in 
response to light, and rountershading mav be a sim- 
ple response to direction of illumination, but this 
does not eliminate its adaptive value. 

Background matching, however, may be much 
more precise, and correspondingly more difficult to 
interpret except as adaptation. The peppered 
moth is represented by two varieties in England. A 
light-colored form, originally predominant, inhab- 
its woods in which the tree trunks are covered bv 
light-colored lichens. A datk mutant, originally 
1 are, has become abundant since the industrial 
revolution. It is the common form in the sooty, 
lichen-free woods of industrial areas. Both forms 
on both backgrounds are shown in Fig. 1. Studies 
on predation show that the dark foim is taken 17% 
mote often than the light one in lichen-covered 
woods, whereas m sooty areas the light form is 
taken 10% more often than the dark, when adjust- 
ment is made for the relative abundance of the 
two forms Thus protec tion is genuine and the selec- 
tive force severe. 

Background matching may involve morphology 
and behavioi as wed I as eoloi Thus the walking 
stick insects of the family Phasmidae closely re- 
semble twigs of the plants upon which they live, 
even to the angle at which they rest upon a branch. 
Numerous insects, when at rest, lesemble the leaves 
of the plants upon which they feed. Kallima , the 
dead-leaf butterfly, exemplifies this. Background 
matching may even be actively acquired, as in the 
masking crab, Loxorhynchus , which covers its cara- 
pace with debris and sessile organisms from its en- 
vironment. If moved to a new location, the crab 
seeks surroundings such as those it left. This fail- 
ing, it will remove its riders and replace them with 
new ones from the new environment. 

Cryptic coloration may be as useful to predators 
as to potential prey, for it may aid them to ap- 
proach unseen to make a kill. 
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Fig. 1. Pepper moths of both light and dark varieties 
photographed on a lichen-covered tree trunk (top) and 
on a sooty, lichen-free trunk (bottom). Note blending 
of each moth into its proper background, and the 
sharp contrast of each to the "wrong" background. 
(From Sir Gavin de Beer and Endeavour ) 

ApOSOmatic coloration. This type of coloration 
is displayed by animals that are distasteful to 
predators, such as some butterflies; those animals 
equipped with poison glands, such as many sala- 
manders; and those animals, such as bees, which 
have stings or other formidable defenses. These 
may be in sharp contrast to patterns of related ani- 
mals which are more subject to predation. Thus 
many insects are cryptically colored, but bees, with 
formidable stings, may be quite gaudy. Rodents are 
generally cryptically colored, ^but the porcupine, 
with its effective armor of quills, presents a strik- 
ing black and white pattern. Similarly, the skunk, 
which repels almost all predators, presents an ar- 
resting pattern. It cannot be assumed, however, 
that a pattern is aposematic simply because it is 


gaudy. The pattern of the tiger is an extraordinar- 
ily obtrusive one in captivity. Yet, in its native hab- 
itat, the alternating black and yellow stripes blend 
into the deep shadows and the intense highlights of 
the tropical jungle. This, then, is a cryptic pattern, 
which facilitates close approach to the prey. 

Mimicry. This phenomenon is widely distributed, 
but has been best studied in the Lepidoptera. The 
experiments of J. Brower on American butterflies 
are most illustrative. Caged scrub jays were used 
as predators. Nonmimetic butterflies were eaten 
whenever offered. Models, that is, noxious species, 
were consistently refused after a preliminary ex- 
perience. Mimics were generally taken by birds 
which had not been conditioned to the models, but 
were usually refused by birds which had been so 
conditioned. The famous case of the monarch and 
viceroy butterflies has generally been treated as 
Batesian mimicry, but the viceroy was taken by un- 
conditioned birds less readily than were nonmi- 
metic butterflies; hence this example may be inter- 
mediate between the two kinds of mimicry. Battus 
philenor , a black butterfly, is consistently rejected 
by the jays. Papilio trail us, P. polyxrnrs, and P. 
glaucus are similar species which are rejected by 
conditioned, blit not by unconditioned, jays. The 
last, however, is not rejected as consistently as 
the others, and so may be distinguished from the 
model. Among birds, the African drongo. Dicru- 
rus , is solid black and is inedible. A flycatcher, 
Bradyornis alrr , and the cuckoo-shrike. Cam pr- 
phaga nigra , are edible, but mimic the drongo. The 
tit. Paras nigrr , is solid black vent rally but has 
prominent white markings dorsally. When freshly 
killed specimens of all three were offered, ventral 
surface up, to a cat, all were refused. When the same 
birds were offered dorsal surface up. the tit was 
quickly taken, although the others were refused. 



Fig. 2. Kalfima , the dead-leaf butterfly, photographed 
with two leaves from its habitat. ( General Biological 
Supply House, Inc.) 



Fig. 3. Loxorhynchus, the masking crab, with abun- 
dant riders. {From E F Ricketts and J. Calvin , Between 
Pacific Tides , 3d ed , Stanford University Press , 1952) 


Validity of protective coloration. Post- Darwinian 

enthusiasts interpreted color patterns with un< riti- 
c al exuberance Even dull pattern was considered 
♦o he uvptic: every gaudv pattern, aposematic; 
and e\eiv resemblance between species, mimicry. 
Fvidenee that the patterns attuallv pla\ed these 
loles m nature was not minmonly sought. Heme, 
during the eaih 1900s. a critical reaction devel- 
oped Tt i\as suggested that colors might not ap- 
peal to natural predators as tie do to man Also, 
distastefulness of models had not been proven and 
v\as open to doubt. Finally, W L. McAtee pub- 
lished a lepoit on the stomach contents of o fewer 
than 80,000 birds, in which he reported that .sup- 
posedly piotected inseits wire found in as many 
stomai hs as were unprotei ted insects 

Critical leexamination of supposed cases of pro 
lective coloration has eliminated many, but numer- 
ous c asos require reexamination. Many cases have 



Fig. 4. Mephitis , a skunk, showing aposematic colora- 
tion. (After T. I. Storer and R . L U singer, General Zool- 
ogy , 3d ed McGraw-Hill, 1957 ) 
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been established experimentally, as that of the Af- 
rican birds cited above, and the extensive experi- 
ments of Brower on butterflies. H. B. Cott has as- 
sembled a large number of such experimentally 
verified cases for all types of protective coloration. 
Reexamination of McAtee’s data has shown that 
his statistics are misleading, because the number 
of stomachs containing a particular insect was re- 
corded, but the number of insects found was not 
recorded. Hence, if only a single specimen of a 
species was taken by a particular bird, the record 
was the same as though 100 had been taken. 

In conclusion, it may be said that protective col- 
oration appears to be a valid evolutionary phenom- 
enon, but its importance is not quite so great as 
was believed in the early post-Darwinian era. See 
Chromatophorf; Evolution, organic. |"e.o.d.] 

Bibliography : J. v Z. Brower, Experimental 
studies of mimicry in some North American butter- 
flies, Evolution , 12:32-47, 123-136, and 273-285, 
1958; H B. Cott, Adaptive Coloration in Animals , 
1940; E. O. Dodson, Textbook of Evolution , 1952; 
W. L. McAtee, Effectiveness in nature of the so- 
called protective adaptations In the animal king- 
dom, chiefly a* illustrated by the food habits of 
Nearactic birds, Smithsonian Inst. Pubis. Misc. 
Co//., 85(7) *1 201.1932. 

Protein 

A high-molecular-weight compound made up pii- 
marily of a variety of a-amino acids joined by 
peptide linkages involving the o-amino groups and 
the rr-carboxyl groups (see Amino a(ids) : 
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In some cases, the macromolecule consists ex- 
clusively of amino acids (simple protein); in 
others, a non protein moiety, the prosthetic group, 
is romplexed with the protein and forms an integral 
part of the molecule (conjugated protein). There 
is no sharply defined line separating the large poly- 
peptides from the small proteins, although the term 
protein is generally reserved for compounds of 
molecular weight above 3000 5000. 

Proteins are of central importance in all biologi- 
cal systems, playing a wide variety of structural 
and functional roles. They form the primary or- 
ganic basis of such varied structures as hair, ten- 
dons. muscle, skin, and cartilage. All of the en- 
zymes, the indispensable catalysts of biochemical 
transformations, are protein in nature. Many hor- 
mones are proteins (for example, insulin and pro- 
lactin) or polypeptides (for example, adrenocorti- 
cotrophic hormone, melanocyte-stimulating hor- 
mone, oxytocin, and vasopressin). The* substances 
responsible for oxygen transport are conjugated 
proteins containing a metalloporphyrin as the pros- 
thetic group, such as hemoglobin and erythrocru- 
orin. The chromosomes, warehouses of genetic 
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information in the cell, are highly complex nucleo- 
proteins, that is, proteins conjugated with nucleic 
acid. The viruses are also nucleo protein in nature. 
Even this incomplete catalogue makes clear the 
ubiquity and fundamental significance of proteins 
in the life processes. See Hemoglobin. 

Structure. The proteins are essentially polymers 
of o-amino acids joined in peptide linkage. Only 
nr-amino acids of the l configuration are found in 
proteins, and approximately 20 different amino 
acid species have been recognized as common con- 
stituents of protein: glycine, alanine, valine, leu- 
cine, isoleucine, serine, threonine, evsteine. cystine, 
methionine, aspartic acid, asparagine, glutamic 
acid, glutamine, hsine. arginine, histidine, phenyl- 
alanine, tyrosine, tryptophan, proline. They occur 
in widely varying proportions in different proteins, 
and some proteins arc completely ia< king in one or 
more of these. Tn addition, several amino acids 
occur only in eeitain highlv specific proteins. Hy- 
droxvproline. for example, lias been found onlv in 
collagen and elastin, connective tissue proteins of 
animal tissues. .See ai tides on individual amino 
acids 

The properties of a piotein are detei mined in 
part bv its amino acid composition. For example, 
the net chaige on the mactomoleciile at anv given 
hydrogen-ion com entration is largely a function of 
the relative number of dibasic and die arboxylit 
amino acids. This net charge strongly influences 
the solubility of the protein at different pH values 
sinc e the solubility depends in part on the propor- 
tion of polar groupings on the macromolecule. 
When the hydrogen-ion concent? ation is high (low 
pH ) the net charge is positive; when the hydrogen- 
ion concent? ation is low (high pH), the net charge 
is negative. The pH at which the net chaige of the 
protein is zero is defined as its isoelectric point and 
solubility is at a minimum at this pH. 

The sequence in which the diffeient amino acids 
a re linked in anv given pure protein is highlv 
specific' and characteristic for that protein. This 
specificity of sequence is one of the most remaik- 
able aspects of protein chemistry. The number of 
possible permutations of secpienc e in eyen so small 
a protein as insulin (molecular weight 5732; 51 
amino arid residues) is astronomic -10'*’ permu- 
tations. Yet it is now rather well established that 
the cell ac tually makes only one of these possible 
sequences. The elucidation of the mechanism con- 
ferring such a high degree of specificity on the 
biosynthetic reactions bv which proteins are built 
up from free amino acids is one of the key problems 
of modern biochemistry. 

In addition to the backbone of nr- peptide bonds, 
the amino acids in the polypeptide chain or chains 
of a protein may he covalently linked in other wavs. 
The most important of these is the disulfide bridge 
joining two cysteine residues at different points 
along the same polypeptide chain or two cysteine 
residues in otherwise distinct polypeptide chains. 
This is known as cross-linkage. Other modes of 
cross-linkage have been discovered such as phos- 


phate diester bonds in pepein, but these are de- 
cidedly less common. The arrangement of the 
amino acids in the peptide chains, together with 
the other structural features determined by cova- 
lent linkages, is known as the primary structure of 
the protein molecule. 

A single chain of several hundred amino acids 
could assume an almost infinite number of different 
spatial configurations. This multiplicity of con- 
figurational possibilities is due to the free rotation 
about covalent bonds (other than those in the pep- 
tide bonds, which are rigid). Largely as a result of 
x-ray diffraction studies, it is now known that the 
long polypeptide chains of proteins, particularly 
those of the fibrous proteins, arc in fact held in a 
rather well-defined configuration (see Protein, 
fibrous) The backbone is coiled in a regular 
fashion forming an extended helix. As a result of 
this coiling, peptide bonds separated from one an- 
other by several amino acid residues are brought 
into close spatial approximation. The stability of 
the helical configuration is attributable to the for- 
mation of hydrogen bonds between these peptide 
bonds. The particular helical configuration which 
best fits the available x-ray data is that proposed 
by Linus Pauling and K. B. Corey. In this structure, 
each NH group in peptide bond is hydrogen 
() 

/"■ 

bonded to the C- group * residues beyond it in 



The a-helix of Pauling and Corey. The repeating 
— N — C — C — units form the backbone which spirals 
up in the left-handed or a right-handed fashion. Hy- 
drogen bonds are indicated by the dotted lines. Note 
that the side chains (R) are all directed out from the 
helix. The pitch of the helix is about 5.4 A, and there 
are 3.7 residues contained in one complete turn. (Prom 
J. T. Edsall and J. Wyman , Biophysical Chemistry , vo /. 
1, Academic Press , 1958 ) 
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the polypeptide chain. The pitch of the helix is 
such that 3.7 amino acids are contained in one 
complete turn. There is no doubt of the importance 
of the helical configuration in fibrous proteins. 
There is also evidence for a similar orientation of 
the polypeptide chains in globular proteins, but 
here the data are not as clear-cut. In addition to 
hvdrogen bonds, there are electrostatic forces, such 
as ihose between - COO and - NH ^ groups in 
side chains, and Van der Waals forces which help 
determine the configuration of the polypeptide 
chain. The term secondary structure is used to re- 
fei to all those structural features of the poly- 
peptide chain determined by noneovalent bonding 
of Lhe types just discussed. Finally, there is excel- 
lent evidence that, in many proteins, the individual 
helices are held in a specific orientation, one with, 
respect to the others, as in collagen, and this inter - 
helix structure can be referred to as tertiary struc- 
ture. 

Denaturation. Many of the characteristic prop- 
erties of a protein depend upon the integrity of the 
se< ondary structure, which is considerably Jess 
stable than the primarv covalently bonded struc- 
ture. The biological activity of enzymes and of 
protein hormones, for example, can be destroyed 
by mild procedures whi< h do not break anv of the 
covalent bonds Heating, exposure to weak acid or 
alkali, solution in the presence of high concentra- 
tions of certain salts are all procedures that can 
profoundly alter secondary structure without split- 
ting peptrde bonds, and anv such disorienting proc- 
ess is called denaturation. The most apparent ef- 
fect of denaturation is a decrease in solubility 
Heat coagulation of proteins, such as those of egg 
white, is a familiar example of denaturation. Other 
accompaniments of denaturati n include an in- 
crease in the reactivity of the amino acid side 
chains and changes in optical rotation. The latter 
effect depends upon the fact that the coil : »g of the 
polypeptide ehain confers optical activit on the 
protein superimposed on that due to the asvrn- 
metric carbon atoms in its component amino acids. 
As more and more of the helical configuration is 
lost there is a progressive increase in levoiotatien, 
readily followed in a polarimeter. 

Isolation. The isolation of a pure protein from the 
highly complex mixture of protein and nonprotein 
components of a tissue or a biological fluid usually 
requires the applic ation of a variety of procedures. 
Each case presents somewhat different problems, 
depending on the properties of the protein to be 
isolated and the nature of the source material used. 
The decided instability of most proteins imposes 
limitations on the conditions that can be employed 
during isolation if denaturation is to be avoided. 
In the case of a biologically active piojfein, it is 
possible to use its enzymatic or hormonal activity 
as an index of alterations occurring during isola- 
tion. When no such index is available, it is often 
impossible to be certain that the product finally 
isolated retains the same molecular properties 
characteristic of its native state, that is, its form 


within the living cell. In order to minimize the 
chances of denaturation, it is best to observe cer- 
tain general rules derived from experience with 
known proteins: (1) Temperatures should be kept 
as low as possible. This is particularly important 
when organic solvents such as ethanol and acetone 
are used. (2) Extremes of pH are to be avoided. 
(3) High concentrations of protein are preferable 
since most proteins are relatively more stable when 
concentrated. (4) Excessive agitation and foaming 
are to be avoided since proteins denature more 
rapidly at surfaces and interfaces. 

Mechanical disruption of the tissue or cell source 
is usually necessary f nr efficient extraction of the 
proteins. The tools used for this disruption can 
vary from a meat grinder to a Waring Blendor to an 
ultrasonic oscillator. Once in solution, any combi- 
nation of the methods described below may be 
applied. 

Salting out. High concentrations of neutral salt 
tend to precipitate proteins, the concentration nec- 
essary for such precipitation varying widely from 
one protein to another. The most commonly used 
salt for the purpose is ammonium sulfate, which 
has the advantages of high solubility at the low 
temperatures useful in protein fractionation and a 
low temperature coefficient of solubility. It is con- 
ventional to record the concentration of ammonium 
sulfate as the percentage of complete saturation at 
the given temperature rather than as the absolute 
molar concentration. Bv adding salt stepwise to a 
protein solution and centrifuging off the precipitate 
at each step, a series of arbitrary fractions is ob- 
tained in one or two of which the desired protein 
will geneiallv he conceitrated. For example, the 
addition of ammonium sulfate to serum to 34 f /< of 
saturation precipitates most of the y-globulins and 
very little of the other protein components. This 
34 r ^ “cut" can then he centrifuged, redissolved, 
and subjected to further purification steps. 

Salting out is a function, not only of the molar 
concentration of salt, hut also of the charges on the 
ions. Thus, the effects of salts on protein solubility 
are better described in terms of ionic strength, de- 
fined by the following equation: 

ionic strength (F/2‘ = C,2, 2 

C, denotes the molar concentration of a given ionic 
species in the solution, Z, denotes the charge on 
that species, and the sum is taken over all ionic 
species present. For example, the ionic strength of 
1 M sodium chloride (NaCl) is 1; the ionic strength 
of 1 M ammonium sulfate | (NHOsSOtl is 3. At a 
given pH, the change in solubility of a protein with 
change in salt concentration can be approximated 
by the following simple relationship derived by 
E. J. Cohn, 

logS- j8-K.(r/2) * 

where S - solubility in grams per liter; ® a 
salting-out constant, dependent on the nature of the 
protein and the salt used, but independent of pH 
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and temperature; and /? « logarithm of the hypo- 
thetical solubility at zero ionic strength, a value 
strongly dependent on pH and temperature. 

With certain sparingly soluble proteins such as 
myosin, purification is better achieved by extract- 
ing away the more readily soluble proteins, leaving 
the desired material in the residue in partially 
purified form. 

Isoelectric point precipitation . At any given salt 
concentration, protein solubility varies with pH 
and. as already mentioned, is at a minimum at the 
isoelectric point. Bv raising the salt concentration 
and adjusting the pH to the isoelectric point, it is 
often possible to obtain a precipitate considerably 
enriched in the desired material. In some cases, the 
desired component can be crystallized directly from 
a heterogeneous mixture of proteins bv this simple 
procedure. Ovalbumin, for example, can be ob- 
tained in crystalline form from egg white in es- 
sentials two steps. First, the globulins are pre- 
cipitated bv adding ammonium sulfate to 40 r /J of 
saturation. The supernatant is then adjusted to pH 
4.7. the isoelectlic point of ovalbumin, and the am- 
monium sulfate concentration is gradually in- 
creased until a slight opalescence develops. Addi- 
tion of seed crystals is frequently all that is neces- 
sarv to initiate crystallization. It is important to 
note that protein crystals obtained in this wav are 
rarelv tree of contaminant proteins. Repeated re- 
crystallization or application of other purification 
procedmes is required to obtain a truly homogene- 
ous protein preparation 

Dialysis and dilution. Some proteins, the true 
globulins, are relatively insoluble at very low ionic 
strengths and can he pre< ipitated from a mixture 
simply bv dialyzing against watei so as to progres- 
sivelv temove salt from the solution Alternate elv. 
a large volume of water mav he added to ? educe 
ionic strength and thus effect precipitation. 

Pret ipitation with organic solvents. Oiganir sol- 
vents, such as ethanol and ac etone, sharplv redm e 
the solubility of most proteins. At room tempera- 
ttne, denaturation proceeds very rapidly in the 
presence of these reagents, hut they can he and 
have been verv successfully employed bv carrying 
out all operations at temperatures near or below 
0°C. The outstanding example of their use is in the 
systematic separation of the components of human 
plasma by methods developed at the Harvard Bio- 
physical Laboratory by E. J. Cohn, John T. Edsall 
and their co-workers. Bv appropriate selection of 
pH, ionic strength, temperature, and ethanol con- 
centration, a series of precipitated fractions can 
be obtained which, although mixtures, represent 
considerable degrees of purification of each of the 
major groups of serum proteins. This group separa- 
tion can then be followed bv suhfractionation steps 
leading to progressively purer Components. 

Formation of protein salts and other complexes. 
On the acid side of the isoelectric point, proteins 
act as polyvalent cations and can form salts with 
many anions that reduce their solubility. The com- 
monest reagents for nonspecific precipitation of 


proteins ( trichloroacetate* phosphotungstate, per- 
chlorate, picrate) act in this way* The anion can 
be added in acid form* thus simultaneously lower- 
ing the pH and effecting salt formation so that the 
proteins immediately precipitate out. These pre- 
cipitants irreversibly denature most proteins, but 
they are extremely useful for separating protein 
from non protein components when further purifi- 
cation is not required and denaturation is irrele- 
vant. Heavy metal cations are also effective protein 
precipitants. Under appropriate conditions, advan- 
tage may he taken of the reduced solubility of metal 
salts of proteins to improve the selectivity of pro- 
tein fractionation. The crystallization of insulin as 
the zinc salt mav he cited as an example. The use of 
zinc and barium in plasma-protein fractionation 
reduces the concentration of ethanol to which they 
must he exposed and improves selectivity. Inter- 
action of proteins with other large molecules (pro- 
teins, nucleic acids, polysaccharides) may also he 
useful in purification piocedures. 

Adsorption. Materials such as aluminum oxide, 
aluminum silicate, calcium phosphate gel, and kao- 
lin will adsorb proteins from solution and exhibit 
some degree of selectivity in this adsorption under 
appropriate conditions. The desiied component can 
he adsorbed onto the solid phase and subsequent Iv 
eluted or, conversely, the adsorbent solid phase < an 
be used to remove* contaminating proteins, leaving 
the desired component in solution. 

Paper chromatography. This Ffas not yet been 
widely used for purification of piotems, hut it ha*- 
been signally successful in a lew instances, such as 
in the puiific ation of insulin from pancreatic ex- 
tracts on a small sc ale. It has been a kev method, 
on the other hand, in the separation of peptides in 
connection with studies of piotein structure Set 
Chromatography. 

Column chromatography. This procedure, using 
ion-exchange lesins and chemically modified cellu- 
lose derivatives, can he a powerful tool. Low mo- 
lecular-weight proteins, especially those with mark- 
edly acidic or basic isoelectric points, such as 
ribonuclease, histones, and lyso/vme, can he sepa- 
rated from most other proteins in a mixture in a 
single run on an ion-exchange column. Powdered 
cellulose, chemically treated to introduce charged 
groups, is particularly suitable for protein fraction- 
ation. since the conditions of pH and ionic strength 
used aie in a range where most proteins are stable. 
By the use of eluants graded continuously in pH and 
ionic strength, remarkable discrimination can he 
ac hieved, and the capacity of the columns permits 
the handling of gram quantities of protein. 

Countercurrent distribution . When two mutually 
immiscible solvent systems are available, counter- 
current distribution is an effective system for puri- 
fication. hut the range of application has been nar- 
row. The power of the method is shown by the suc- 
cessful separation bv Lvman Craig of insulin into 
two components differing only bv a single amide 
grouping. As with chromatography, this method 
has been much more widely utilized in fractiona- 



tion of polypeptides than in fractionation of pro- 
teins. See Extraction. 

Immune precipitation . If a protein has already 
been obtained in pure form, a specific antibody 
against it can be prepared by repeated injection of 
the pure material into a laboratory animal. The 
serum of this animal, containing the specific anti- 
body, can then be used as a specific precipitating 
agent for the removal of the antigenic protein from 
mixtures. The limitations of the method lie in the 
relatively frequent occurrence of cross- react ions, 
the difficulty in dissociating the antibody-antigen 
complex, and the practical difficulties of large scale 
application. See Precipitin reaction. 

Preparative ultracentrifugation. Proteins of high 
molecular weight can he concentrated at the bot- 
tom of a centrifuge tube by applying a high gravi- 
tational field for a prolonged time. Clearly, it is 
possible to achieve significant purification only for 
the heaviest or the lightest components in a mix- 
line, and the degree of purification will depend on 
the spectrum of sedimentation velocities repre- 
sented. Proteins with densities less than that of the 
medium can be made to float to the surface under 
the influence of a strong gravitational field. The 
latter principle has been applied with signal suc- 
< ess in the stud\ of serum lipoproteins which, hy 
virtue of their lipid content, have densities below 
those of other serum proteins. Sufficient salt is 
added to the serum to raise its density above that 
of anv of the lipoproteins, \et not above that of the 
other serum proteins. Centrifugation to equilibrium 
(100,000 v 4 ,' for 20 hr) brings the lipoproteins to 
the surface where thev can he collected hy aspira- 
tion or hv actuallv slicing through a celluloid tube 
to separate the upper few milliliters from the in- 
franatant solution. This technhp e has been rr fined 
I » v the use of repeated centrifugation steps at pro- 
gressively rising salt densities so that subfractions 
of the lipoproteins in different densitv cl' »ses can 
he obtained on a preparative scale. Sec IOtracen- 
rmt ih.k. 

Preparative electrophoresis. In the classical free 
electrophoresis system of A. Tiselius, the mixture 
of proteins being analyzed occupies one segment 
of the U-shaped vessel. When the current is ap- 
plied, the fastest migrating component moves out 
ahead of the other proteins in the mixture, end the 
slowest migrating component lags behind the body 
of proteins in the mixture. Thus, the proteins of 
maximum and minimum mobility can he isolated 
in relatively pure form, but those of intermediate 
mobility can he only partially purified hy this pro- 
cedure. Therefore modified methods, more suitable 
for preparative purposes, have been introduced. 

In zone electrophoresis, the protein fixture is 
applied as a very narrow hand either on filter paper, 
a blo< h of starch, or some other supporting medium 
wetted with an appropriate buffer solution. When 
current is passed through the supporting medium, 
each protein moves out from the line of origin with 
characteristic velocity and, in a given time with a 
given current flow, migrates a characteristic dis- 


tance from the line of origin. Thus, at the end of 
the run, the proteins of the mixture are separated 
in group fashion from one another. The supporting 
medium can then be divided into a number of sepa- 
rate zones, and the proteins in each zone can be 
separately washed off the paper or starch for analy- 
sis and further purification. 

Convection electrophoresis, a method devised to 
permit larger scale preparation of proteins, com- 
bines separation in the horizontal direction hy 
electrophoresis with separation in the vertical di- 
rection hy convective transport. The protein mix- 
ture is introduced into a tall narrow ves.sel fitted at 
the bottom with a large reservoir. When an electric 
field is applied normal to the vessel’s narrow dimen- 
sion. the protein of highest mobility tends to con- 
centrate against one wall and then to sink down 
toward the reservoir hy convection. Ultimately, 
then, there is progressive concentration of this pro- 
tein in the bottom reservoir. The material concen- 
trating in the reservoir can in turn he subjected to 
a repetition of the procedure, and thus it is pos- 
sible to obtain considerable purification of rather 
large amount** of protein. See Electrophoresis. 

Criteria Of purity. Because of their high-molecu- 
lar weight and their relative instability, the pro- 
teins do not lend themselves to characterization hy 
the classical methods of organic chemistry. Aside 
from providing information about prosthetic 
groups, elementary analy*is is not helpful. An im- 
portant exception occurs in the rase of certain 
conjugated proteins that include a stoichiometric 
amount of a metal, for example, the cytochromes 
which contain an atom of iron. Here, the iron con- 
tent, which i an he accurately determined, is an ex- 
tremely sensitive index of purity. Melting points 
are not obtainable, and decomposition points are 
not sharp. Crystallinity, once thought to be rather 
good proof of purity, is now well recognized to be 
inconclusive. Frequently a crystalline preparation, 
although very rich in the desired material, proves 
upon careful analysis by more sensitive methods to 
he a mixture of two or more proteins It has been 
necessary to develop special methods for protein 
characterization, and many of these are closely re- 
lated to methods used for isolation of pure pro- 
teins. 

The most important generalization to be noted is 
that none of the methods commonly used will estab- 
lish positively the purity of a protein. A prepara- 
tion, apparently pure by one criterion, may well 
prove to he inhomogeneous hy anothef. The best 
that can he done is to accumulate negative evidence 
by applying a number of criteria. Electrophoresis 
and ultracentrifugation are the classical proce- 
dures for judging the purity of a protein (see Col- 
i oid ) . If the material migrates as a single compo- 
nent in an electric field and sediments as a single 
component in a centrifugal field, this i« strong evi- 
dence of purity. Examination at different ionic 
strengths and pH values may reveal inhomogeneity 
in a protein apparently pure under a given set of 
conditions. What actually is demonstrated is that 
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all of the proteins in the preparation have the same 
or very similar charge and molecular size and 
shape. Subtle differences in structure will not be 
detected. Insulin, for example, behaves as a homo- 
geneous protein when examined by these methods, 
but by the use of countercurrent distribution, it is 
shown to be a mixture of two components which 
differ only by one amide group. It should be noted 
that impurities amounting to less than 5% of the 
total are detectable only with great difficulty by 
electrophoresis oi ultracentrifugation. 

One of the most sensitive criteria of purity de- 
pends upon application of Gibbs’ phase rule. In- 
creasing amounts of protein aie added to a series 
of vessels containing a constant amount of solvent. 
The vessels are gently shaken until equilibrium is 
reached, and then the amount of protein in solution 
is measured. If the protein is pure, the plot of the 
amount of protein dissolved against the amount 
added to the vessel will be a straight line function 
up to the saturation point and then break sharply 
to a plateau value. If there are two or more pro- 
teins in the pieparation, theie will be two distinct 
breaks in the curve, or theie will he no sharp inflec- 
tion point at all 

The techniques of immunoehemistiy can be ap- 
plied in several wavs to the study of protein homo- 
geneity (vee Immu’noiocy). Antigen-antibodv re- 
actions. while highly specific, are not completely 
so. Consequently the most sensitive methods utilize 
a combination of immunorhemn al propeities and 
physical properties. For example, antibody fire- 
pared against a protein preparation (an be incor- 
porated into a gel, and the solution being tested for 
homogeneity (an then he allowed to diffuse through 
the gel. If the preparation is pure, a single /one of 
precipitation will appeal at the point in the ad- 
vancing front where antibody antigen ratio is opti- 
mal for the precipitin reaction. If more than one 
antigenic protein is present, more than one band 
will appear at points dependent on the diffusion 
constant of the proteins and on theii immunochemi- 
cal properties. Another highly sensitive method, 
immunoelec trophoresis. combines zone electropho- 
resis with immune precipitation. 

Methods: end groups and amino acid sequence. 

\ simple polypeptide chain will have a single free 
o-amino group at one end and a single free a-car- 
boxvl group at the other The amino acid residues 
healing these uncombined groups are designated 
respectively the N-terminal residue and the C-ter- 
minal residue, and a number of methods are avail- 
able for specifically identifying these end groups. 
The most widely used method for detei mining 
N-terminal residues, introduced by F. Sanger in 
1945, depends on reaction of the protein with flu- 
orodinitroben7ene. The N-terminal residues are 
converted to their o-A-dinitro phenyl derivatives, 
and after acid hydrolysis of the protein, these can 
be readilv identified by suitable extraction and 
chromatography. \ widely used enzymatic method 
foi determining the C-terminal residues is the re- 


action of the protein with carboxypeptidase which 
specifically splits off residues bearing a free <v-car- 
boxyl group. Alternatively, the proteins can be re- 
acted with anhydrous hydrazine, which breaks up 
the peptide < hains and conveits the internal resi- 
dues in the piotein to hydrazides. The C-termina] 
residues aie released as fiee amino acids and can 
be identified as such in the mixture. If a protein 
gives a sioii biometric yield of a specific end group 
01 end groups, this is stiong supportive chemical 
evidence of purity. Of course, this does not prove 
that the remainder of the structure is homogeneous, 
but it can rule out contamination with proteins 
bearing end groups diffeient from those of the 
major ( omponent. 

Some ol the most important advames in protein 
chemistry in the period from 1 9 15 to 1958 lay in the 
exploitation ol methods foi determining amino 
at id sequeiue and othei features of the primary 
structure. Insulin was the first protein foi whieh 
the complete structure was elucidated, and Sanger 
received the 1958 Nobel Pii/e in Chemistry lor his 
classical woik leading to that strut tuie No general 
method is \et available* that permits stepwise deg- 
radation of a piotein, residue b> lesulue, although 
beginnings have been made in that duet lion In- 
stead. it is necessaiy to partiallv dcgiade the pio- 
tein, using puie pioteolytic en/vnirs who h split at 
specific jieptide bonds to yield a mixture of smaller 
peptides Kaih of these* can, in turn be altae ked by 
a combination of end-group methods ammo ae id 
analysis, and some of the stepwise degiadative pro- 
cedures Bv combining the results ol a vanety of 
sue lypioced tires, it is then possible to reconstruct 
the sequence within each peptide Finally, bv com- 
bining the lesults obtained bv degrading the ong- 
inal pvotem with proteolytic enzymes of different 
bond specificity the ordei of the peptide fragment** 
in the* piotein can be deduced The location of di- 
sulfide < loss-linkages can also be established by 
modern methods, and this has been accomplished 
for insulin and for ribonuc lease Again, the ap- 
proach is to degrade the protein with a proteolytic 
enzyme, which now yields some peptides e ontaining 
disulfide bridges (cystine residues i. These can be 
loc ated on paper chromatograms, and their struc- 
ture determined. By comparison of the amino acid 
sequences adjacent to the half-cystine residues 
with the over-all structure of the protein, the points 
along the chain or chains connected by disulfide 
bridges can be identified. 

Methods: size and shape of proteins. Methods 
for the determination of the size and shape of pro- 
teins are piesented in the following sections. 

Sedimentation and diffusion. The molecular 
weight of a protein is most commonly determined 
from a measurement of its rate of sedimentation in 
a centrifugal field. In addition to the rate of sedi- 
mentation. one must know also the partial specific 
volume (F), the density of the solvent (p) and 
the diffusion constant of the protein ( D ). The 
molecular weight can then be calculated from the 
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T. Svedberg equation 


where R is the gas constant, T is the absolute tem- 
perature, and s is the sedimentation constant. The 
latter expresses the rate of migration of the protein 
under unit centrifugal acceleration. 

If centrifugation is carried out at a considerably 
lower rotational velocity, the sedimentation of the 
protein molecules will eventually he exactly coun- 
terbalanced by the back diffusion from the area of 
higher concentration. From the concentration pat- 
tern at this equilibrium, the molecular weight can 
be calculated. This sedimentation equilibrium 
method suffers the disadvantage that several davs 
of centiifugation may he necessary to achieve true 
equilibrium. A theoretical treatment of sedimenta- 
tion equilibrium due to Aichibald now makes it 
possible to determine molecular weight, even for 
very small molecules, with a very short centrifuge 
run. The fundamental basis for this analysis is the 
fu< t that equilibrium is rapidlv established at the 
meniscus and at the bottom of the cell. From a 
measuiement of solute concentration and concen- 
tration gradient at these two points in the cell, it 
be< nines possible to calculate molecular weights. 
Separate measurement of the diffusion constant is 
not necessarv. 

Osmotic pressure. Using membranes of collodion 
or cellophane which are permeable to small mole- 
cule* but impermeable to proteins, il is possible to 
determine molecular weights bv measuring equilib- 
rium osmotic pressures across the membranes. 
Even very concentrated solutions of proteins of 
high molecular weight yield relatively low osmotic 
pressures, and the method i* therefore not easily 
applied to proteins with molecular weight above 
100,000. For the study of proteins with low molec- 
ular weight, it is nec essary to prepare special mem- 
branes of suitable pore size, and this makes appli- 
cation difficult below molecular weights of about 
50Q0. Nevertheless, it has been possible to deter- 
mine accurately the molecular weight of the insulin 
monomer (6000) bv this method. 

Light scattering and low-angle x-ray scattering 
The scattering of light incident on a solutio ‘ a 
function of the number and size of the solute mole- 
cules. This method, as applied to proteins, is con- 
siderably more flexible than the osmotic pressure 
method and can be used over a much wider range of 
molecular weights. X-rays, b> virtue of their very 
short wavelength, are scattered at much smaller 
angles relative to the primary beam, but the same 
theoretical bases apply. 

Other methods , Information regarding the shape 
of protein molecules can be obtained by measure- 
ment of a number of other physical properties, in- 
cluding double refraction of flow, actual size as 
determined by electron microscopy, viscosity, rota- 
tory diffusion coefficient, and relaxation time. De- 


tails of the theoretical and practical aspects of 
these and other physical methods can be found in 
the excellent review article by Edsall. 

Classification. In 1907. a combined committee 
representing the American Society of Biological 
Chemists and the American Physiological Society 
proposed a formal classification of proteins into 
three major categories: (1) simple proteins, con- 
taining only amino acids; (2) conjugated proteins, 
containing a covalently bonded nonprotein con- 
stituent in addition to amino acids; (3) derived 
proteins, products resulting from treatment of pro- 
teins with such agents as heat, alcohol, acid, and 
enzvmes. The last category embraces all denatured 
proteins and hydrolytic products of protein break- 
down and is no longer ( onsidered useful as a gen- 
eral class. Conjugated proteins are discussed at the 
beginning of this article. The simple proteins were 
further classified on the basis of their solubility 
into the following groups: 

a. Albumins, soluble in salt-free water. 

b. Globulins, insoluble in salt-iree water, bui 
soluble in neutral salt solutions. 

c. Clutelins, insoluble in all neutral solvents, but 
soluble in dilute acid or alkali. 

d. Prolamines, insoluble in water, absolute etha- 
nol, and other neutral solvents, but soluble in 70 
80 ethanol. 

e. Albuminoids, highly insoluble in all neutral 
solvents. 

/. Histones, soluble in water, insoluble in am- 
monia, and coagulated by heating. Rich in basic 
amino ac'ds, but containing a wide variety of other 
amino acids. 

g. Protamines, soluble in water, not coagulated 
by heat Contain almost exclusively the basic amino 
acids. 

Over the years, it has become clear that the above 
classification is not completely satislactory and by 
no means rigid. For example, a number of proteins 
have been found to be soluble in water, but insolu- 
ble in salt -solutions, and these have been desig- 
nated as pseudoglobulins. Some of the terms, such 
as albuminoid, are not used at all and others only 
rarely Currently, it is general practice to divide 
proteins into two large groups, the globular pro- 
tein-*, soluble in aqueous or ethunojic solutions, and 
the fibrous proteins, structural proteins insoluble 
in ordinary aqueous media. The latter correspond 
roughly to the albuminoids or scleroproteins of 
earlier classifications. See Albumin; Globulin; 
Glutllin; Peptide; Prolaminf; Protein, glob- 
ular. ‘ [d.ST.1 
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Protein, fibrous 


Protein, fibrous 

A general name for a group of highly insoluble pro- 
teins which form the principal structural basis of 
many animal tissues. Examples of fibrous proteins 
are keratin of hair, horn, and feathers; myosin of 
muscle; fibrinogen, the plasma protein responsible 
for the structure of the clot; collagen of tendon, 
cartilage, and fish scales. None of the ordinary sol- 
vents will solubilize these proteins. Collagen, when 
treated with boiling water, is converted to gelatin; 
ordinary household glues are essentially hot water 
extracts of animal connective tissue. See Fibrino- 
cfn ; Gelatin. 

The fibrous proteins have been extensivelv 
studied by means of x-ray diffraction, and the in- 
formation gained from these studies forms the 
foundation for many of the modern concepts of 
pol> peptide structure. Two general tvpes of x-rav 
diffraction pattern are observed. One is common to 
keratin, myosin, and fibrinogen, and this group has 
been designated the kmf group of fibrous proteins. 
The collagens from various sources gi\e c loselv re- 
lated patterns which are quite distinct fiom those 
of the kmf group. See X-ray dif frai i ion. 

X-ray diffraction studies reveal only periodici- 
ties of structure. These must then be interpieted 
within the framework of chemical evidence regard- 
ing the structure of the protein. For example, a 
3.33 A spacing parallel to the fiher axis of keratin 
in the extended form (ft) is demonstrated In x-ray 
studies. In order to explain this spacing, which is 
shorter than that expected for the residue length 
in a fully extended polypeptide, b. Pauling. R. B. 
Corey and H R. Branson have proposed that the 
polvpeptide chain of keratin is pleated, thus short- 
ening the identity distance along the fiber axis. 

In addition, x-ray studies reveal a 4.65 A spacing 
perpendicular to the fiber axis. If each pleated rib- 
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Pleated ribbon. The peptide chain backbone i$ pleated 
parallel to the x axis at each a-carbon. The identity 
distance along the y axis is 6.68 A, corresponding to 
a distance of 3.33 A per amino acid residue. (From 
H. D. Springall, The Structural Chemistry of Proteins, 
Academic Press, 1954) 



Pleated sheet. Thh&e pleated ribbons are shown joined 
side to side by lateral hydrogen bonding. The inter- 
chain distance is 4.73 A. (From H. D. Springall , The 
Structural Chemistry of Proteins, Academic Press, 1954) 

bon above is held to an adjacent ribbon bv hydro 
gen bonding between 

0 H 

/ 

-C - end - N 

gi oups in the peptide bonds, a pleated sheet is 
formed. 1'he calculated spacing between adjacent 
ribbons would be 4.7 } A, in good agreement with 
the x-ray findings. 

An important chararteristic of the keratins h 
thejr ability to reversibly extend and lontiacl 
Studies of the* rv-form reveal quite difleient spac- 
ings. It is largely from" analysis of the patterns of 
fibrous proteins in the nr-form that Pauling and 
Coiey developed their proposal of the 3.7 residue 
helix (.sec Protiin). It should be noted that the 
question of the ubiquity of this strut tine, parti< u- 
larly the question of its impoitance in globular 
proteins, is not yet resolved. fo.si.] 

Protein, globular 

The term for a broad class of proteins readily 
soluble in ordinary aqueous solvents, as opposed to 
the fibrous proteins, which are generally insoluble 
in water, dilute acid, or dilute alkali (see Protein, 
fibrous). Included in globular proteins are the 
great majority of proteins in the animal organism 
(such as hemoglobin, ovalbumin, casein, insulin, 
and virtually all enzyme proteins and serum pro- 
teins). For many of these proteins the solubility 
properties appear to depend upon an organized 
three-dimensional arrangement of folded polypep- 
tide chains. When this organized structure is dis- 
rupted by denaturation using any of several chemi- 
cal or physical procedures, the solubility decreases 
markedly (see Protein). Furthermore, there is 
x-ray crystallographic evidence that denatured 
globular proteins have some of the structural fea- 
tures of fibrous proteins. Denaturation appears to 
represent an unfolding of the molecule, giving it 
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more of the character of a simple extended poly- 
peptide chain, like the fibrous proteins. 

Most of the data on which the L. Pauling and 
R. B. Corey or-helix theory of protein structure is 
based derive from the study of fibrous proteins. 
Recently direct x-ray crystallographic evidence has 
been added to the available indirect evidence that 
the polypeptide chains of the globular proteins are 
also at least in part in o-helical configuration and 
that these helices are in turn folded in complex 
fashion to yield the compact shape of the native 
protein. See X-ray < rysi ali ography. \ d st.] 

Protein metabolism 

The transformation and fate of food proteins from 
their ingestion to the elimination of their excretion 
products Proteins are of exceptional importance 
to organisms because they are the chief constitu- 
ents, aside from water, of all the soft tissue of the 
bodv. Special proteins have unique roles as sttuc- 
1 1 1 t a I and functional elements of cells and tissues. 
Fxamples are keratin of skin, collagen of tendons, 
a< tin and myosin of muscle, the blood proteins, 
en/\mes in all tissues, and protein hormones of the 
hypophysis See Bioon; En/ymt* ; Hormont ; 
Mus< 1 1 

Isotopic labeling experiments have established 
That bodv proteins are in a dynamic slate, con 
stantlv being broken down and irplated This is a 
rapid process in organs active in metabolism, such 
as liver, kidney intestinal mucosa, and pancreas. 
mu< h slower in skeletal muscle, and extremely slow 
in < nnnec tive tissue elements and skin 

Protein is digested to amino acids in the gastro- 
intestinal tract Thesp are absorbed and distributed 
among the different tissues, where they form a 
senes of amino at id pools tb * are kept equili- 
brated with each other through the medium of the 
cir< ulating blood The needs for protein synthesis 
of the different organs are supplied fr »n these 
pools. Excess amino acids in the tissue j >ols lose 
their nitrogen h> a combination of transamination 
and deamination The nitiogen is largely converted 
to urea and excreted in the urine The residual car- 
bon products are then further metabolized bv path- 
ways common to the cither major foodstuffs — car 
bohydrates and fats. See Carbohydratf ; 1 tp id. 

The recommended dailv protein intake is 1 g/kg 
body weight for adults, for example, 70 g for a 
165-lb man. This is increased to 3.5 g /kg for infants 
up to 1 year and from 1.5 to 2 g/kg for growing 
children and for women during the lattei half of 
pregnane y and during nursing 

Role in diet. Ingestion of protein is needed pri- 
marily to supply amino acids for the formation of 
new and depleted body protein and as a source of 
various other body constituents derived from the 
amino acids. The amino acids of proteins fall into 
two nutritional categories: essential or indispensa- 
ble, and nonessential or dispensable. For a number 
of amino acids, the category to which they belong 
changes between the periods of body growth and 
adulthood and in different animal species. 


Table 1. Classification of amino acids with respect 
to growth effect In white rat 1 


Essential or 

indispensable 

Nonessential or dispensable 

Lysine 

Isoleucine 

Glycine' 

Hydroxy- 

Tryptophan 

Methionine 

Alanine 

proline 

Histidine 

Valine 

Serine 

Citrulline 

Phenyl- 

Threonine 

Aspartic acid 

Cystine* 

alanine 

Leucine 

Arginine** 

Glutamic acid 
Proline 

Tyroaine d 


■ Aftei W C Hows Phv * lie s. 18 100, 1938 
h Arginine can be synthesized by the rat, but not at a 
sufficiently rapid rate to meet the demands of normal 
growth 

r Glycine is essential for the growing chick 
d When adequate amounts of these amino acids are 
available in the diet, the lequirernent tor methionine and 
phenylalanine, respectively, is diminished. 

The nutritional classification of the amino acids 
for the growth of the rat is shown in Table 1. It has 
been found to hold generally for a number of car- 
nivores and omnivores. Such measurements have 
not been made on growing children. Ruminants 
synthesize piai tic ally all the amino acids through 
the action of the bacteria of the rumen. 

The essential amino acids for maintenance of 
nitrogen equilibrium in healthy young men and the 
daily requirement is given m Table 2. This list com- 
prises only eight amino acids. The remaining amino 
acids tan he formed in the body from other ma- 
terial* Only in this sense can the dietary dispensa- 
ble amino acids he considered nonessential All of 
the constituent amino acids are essential for pro- 
tein formation, and certain of them are the pre- 
cursois of such important body substances as crea- 
tine, thyroxin, adrenalin histamine, and the pu- 
rines and porphyrins. See Amino ACIDS. 

It might be expected that in conditions of aug- 
mented protein need, such as pregnancy and lacta- 
tion and aftei trauma, or in specific pathological 
conditions, certain of the dispensable amino acids 
would become indispensable, due to overtaxing of 
the synthetic c apacity. There is almost no informa- 
tion on this point. In the disease phenylketonuria, 
it has been indicated that tyro* me becomes indis- 
pensable bee ause there is a block in the conversion 
of phenvlaianine to tyrosine. 


Table 2. Essential amino acids for normal mart 
when the diet furnishes sufficient nitrogen 
for the synthesis of the nonessentials* 


Amino acid 

Minimum 

daily 

requirement, 

g/day 

Recom- 
mended 
daily intake, t 
ff/day 

Number 

of 

subjects 

tested 

L-Tryptophan 

0 25 

0 5 

37 

L-Pheriylalanine 

1 10 

22 

28 

L-Lysine 

0 80 

16 

33 

L-Threoninc 

0 50 

1 0 

24 

l- V aline 

0.80 

1.6 

29 

L-Methionine 

1 10 

22 

19 

L-Leucinc 

1 10 

2.2, 

14 

L-Isoleucine 

0 70 

1.4 

14 


* After W C Rose, Ckem. Eng. Afatss, 30:2385, 1952. 
t These figures represent in each case a safe intake and 
are not to be regarded as optimum. 
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Nutritive value of proteins. All proteins are not 
equally nutritious. Animal proteins are generally 
superior to vegetable proteins. Rarely, this may 
result from resistance to digestion, which usually 
is counteracted by cooking or heating. A well- 
known example is soybean meal. The nutritive 
value of its protein is improved by heating because 
this destroys a substance in the meal which inhib- 
its digestion by trypsin. Overheating lowers the 
nutritional value of proteins by making lysine un- 
available. This is a problem of some concern in 
connection with the manufacture of prepared 
bieakfast cereals (sec Food engineering) . The 
maior cause of poor nutritional value, however, is 
a low content or unavailability of one or more of 
the indispensable amino acids. Vegetable proteins 
tend to be lacking in lysine and tiyptophan 

DIGESTION OF PROTEIN 

This occurs to a limited extent in the stumach 
and is completed in the duodenum of the small 
intestine. The main proteolytic enzvme of the stom- 
ach is pepsin, which is secreted by the chief cells 
in an inactive form, pepsinogen. Its transformation 
to the active pepsin is initiated by the ac idity of 
the gastric juice and accelerated and completed 
by pepsin The activation process involves libera- 
tion of a portion of the pepsinogen molecule as a 
peptide. Pepsin preferentially hydrolyzes peptide 
bonds containing an aiomatic amino acid, and it 
requires an ac id medium to function. .See Digfsiivl 
symem ; Pepsin. 

A second proteinase in the stomach, remnn, pres- 
ent only in infancy, is particularly adapted to the 
digestion of milk protein. Digestion is initiated by 
the well-known milk clotting reaction used in 
cheese manufacture. Rennin requires less acid than 
pepsin to be active. In infancy, hydrochloric acid 
secretion by the stomach is not fully developed. 
.See CHbF.sk , Rf.nnin. 

Digestion in intestine. The acid chyme is dis- 
charged from the stomach, containing partially 
degraded proteins, into a slightly alkaline fluid in 
the small intestine. This fluid is composed of pan- 
creatic* juice and succus entericus, the intestinal 
secretion. The pancreas secretes three known pro- 
teinases, trypsin, chymotrypsin, and carboxypep- 
tidase. All three aie secreted as inactive zymogens. 
Activation starts through the action of a substance 
present in the intestinal secretion, itself a specific 
enzyme enterokinase. This transforms the inac- 
tive trypsinogen into the active trypsin. This con- 
version also is hastened bv the autocatalytic ac tiv- 
ity of trypsin. Trypsin, in turn, activates chymo- 
trypsin and carboxypeptidase. In all of these acti- 
vation processes, certain peptide bonds are broken 
to yield the active enzymes. The mucosa of the 
small intestine contains various peptidases which 
are nor liberated into the intestinal fluid, hut ap- 
parently act by contact at the cell surface, or by 
absorption ot the split products produced during 
intestinal digestion. See Peptide. 


Trypsin and chymotrypsin are endopeptidases ; 
that is, they cleave internal peptide bonds. The so- 
called peptidases are exopeptidases. They cleave 
terminal peptide bonds. Trypsin has a predilection 
for those containing the basic amino acid residues 
of lysine and arginine. These two proteinases per- 
form the major share in hydrolyzing proteins to 
small peptides. Digestion to amino acids is com- 
pleted by the exopeptidases. Carboxypeptidase acts 
on peptides from the free carboxyl end; aminopep- 
tidases from the free amino end. Other peptidases 
act on di- or tripeptides, or peptides containing 
such special amino acids as proline. 

The absorbed amino acids are carried by the 
portal blood system to the liver. From there, they 
are distributed to the rest of the body. 

The amino acid, digestion products of the pro- 
teins are absorbed as rapidly as they are liberated. 
The absorption is confined chiefly to the small in- 
testine and is a process that involves the metabolic 
paiticipation of the cells of the intestinal mucosa. 
Small amounts of the peptides formed dining diges- 
tion escape further hydiolysis and may also enter 
the circulation from the intestine. This is shown by 
a rise in the peptide nitrogen in the* blood. 

The permeability of the intestinal mucosa for 
undigested protein appears greatei in infancy 
This, in combination with the low concentration of 
digestive enzymes, appeals responsible foi the im- 
munological sensitization often observed in infants, 
particularly for milk and egg proteins Thus, the 
digestion of protein is necessary not only to yield 
small, diffusabie compounds that are readily ab- 
sorbed from the intestine, but also to eliminate the 
antigenic properties of proteins, which could pro- 
duce harmful allergic reac tions. 

To serve the needs foi protein synthesis, all the 
constituent amino acids must be introduced into 
the body simultaneously. Withholding of an in 
dispensable ammo acid, even for a few hours, pro- 
duces growth letaidation or a negative nitrogen 
balance. 

Protein in feces formation. The unabsorbed food 
residue in the small intestine is passed into the 
cecum, then the colon, and finally is eliminated as 
feces. Water is absorbed from the liquid mass, lead- 
ing to a more solid consistency in the cecum and 
ascending colon. The fecal mateiial is composed of 
undigested food residues, bile pigments, leukocytes, 
bacteria, and the products of secretion of the in- 
testine and pancreas enzymes, mucus, and des- 
quamated epithelial cells. The protein present in 
the feces comes from the above sources; as much 
as one-fourth of the dried feces may consist of 
bacteria. These bacteria also act on the amino acids 
liberated during digestion and produce degrada- 
tion products useless for the metabolic needs of the 
body. The most conspicuous of these are indole and 
skatole, formed from tryptophan, which are chiefly 
responsible for the odor of feces. Roughly 1 g of 
nitrogen per day is carried by the feces, largely 
present in the bacteria. 



UTILIZATION OF ABSORBED AMINO ACIDS 
For tissue protein synthesis. The absorbed 

amino acids that escape decomposition become part 
of the amino acid pools of the body. From these 
amino acids, new tissue proteins are synthesized 
to meet body needs. The need for new tissue protein 
is greatest in childhood during growth and in adults 
after protein depletion following fasting or con- 
valescence fiom a wasting or debilitating disease 
This is associated with a positive nitrogen balance, 
leading to an increase in body nitrogen. 

In addition, turnover of tissue proteins occurs in 
the adult animal in nitrogen balance, with no net 
gain of body nitrogen. This is demonstrated by 
isotopic tracer expot irnents, and has led to the 
hy pothesis that the body proteins are continually 
undergoing synthesis and degradation, but remain 
relatively constant in quantity. The rate of replace- 
ment varies greatlv fot different tissues. In man. it 
has pern estimated that the average half-life of the 
total body protein is 80 days; that of lung, brain, 
bone. skin, and most muscle combined is 1F>8 days; 
while that of liver and serum proteins combined is 
onlv 10 davs. The diffidence in lability of tissue 
piotein is supported by observations on the differ- 
ent e in piotein loss by the tissues of the body in 
a " rlav fast by the rat. The liyei lost 40^ of its 
protein, the alimentaiv tract, pancreas and spleen 
2 ( ) ( , . the heart 18' \ . must le, skin, and skeleton to- 
gelhei 8 r ( . and tilt* brain . r > f < . 

For plasma protein synthesis. The plasma pro- 
teins offer the most readily available test material 
m determining the protein nutritional status of the 
individual A blood sample is easily drawn, and 
estimation of the diffieient plasma proteins is now 
becoming standard procedure Tin* plasma proteins 
are quite labile and show marked fluctuations in 
conditions assoc lated with a disturbance of protein 
metabolism 

The major organ ol plasma protein synihesis is 
the liver It forms all of the plasma albumin and 
fibrinogen and a considerable proportion of the 
globulins Advanced liver disease results m hypo- 
alhuminemia and a lowered fibrinogen content 
Prolonged protein deprivation both diminishes t lie 
albumin content and c auses damage to the hepatic 
cells See At nr min . Fibrinooin. 

A portion of the total plasma globulin is syn- 
thesized in othei tissues containing reticuloendo- 
thelial cells. The hormones and en/vmes present m 
blood plasma are derived in the main from non- 
hepatic sources. 

The plasma proteins have numerous important 
physiological functions. The albumin is the major 
factor in the regulation of the bloocjl volume 
through its osmotic action, which c ounterac ts the 
fluid expulsion effect of the hydrostatic pressure 
resulting from the contractions of the heart. Fi- 
brinogen is onlv one c omponent of a sequential 
process essential for coagulation of the blood 
Other plasma components include the blood plate- 
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lets and prothrombin. The globulins include frac- 
tions that are carriers of phospholipids and sterols 
and c ertain essential metal ions, iron, and copper. 
Other fractions, chiefly y-globulin, contain the anti- 
bodies that are the defenses against numerous 
diseases. 

Synthesis and utilization of the plasma proteins 
is a rapid process. Much of the knowledge of this 
has been learned from studies on the rate of re- 
newal of the plasma pi oleins, und the albumin in 
particular, in health and in disease by isotopic 
labeling methods. These studies have shown that 
there is a complete turnover of the major plasma 
proteins in a period of a lew days. The difference 
fror.i normal in the turnover times in a variety of 
diseases provides an insight into the nature of the 
disease processes [d.M.g.J 

Bibliography: E W. McHenry, Basic Nutrition . 

A White, Y Handler. E. Smith, and D. Stet- 
ten. Jr.. Principles of that heimstry, 1%4. 

Proteocephaloidea 

An order of tapeworms of the subclass Cestoda. 
With one exception, these worms are intestinal 
parasites of freshwater fishes,* amphibians, and 
iej)tiles The holdfast organ bears four suckers 
and, frequently, an apical organ which may be 
sin kerlike ( illustration a ) The segmental anatomy 
( illustration h) is \eiy similar to that of the Tetra- 
phy llidea. Most authorities reeogni/e two families, 
the Proteoc ephalidae, in which the reproductive 
organs are within the central mesenchyme of the 
segment and ihe Montic ellidae, in which some or 
all of the organs are in the cortical mesenchyme 
and whkh j rasitize catfishes The life histories of 



Proteocephalus. (a) Scolex, (b) Segment, (c) Plerocer- 
coid larva. 



several proteocephalids have been studied. After 
leaving the host’s intestine, the embryos must be 
ingested by an arthropod, typically a copepod of 
the genus Cyclops , in the body cavity of which the 
young worms grow, developing into procercoids 
and finally plerocercoids (illustration c). The ver- 
tebrate host becomes infected by eating Cyclops 
containing plerocercoid larvae. 

Proteocephalid-like forms in the ancient fresh- 
water fishes probably were ancestral to the other 
orders of Cestoda. See Cestoda; see also Tetra- 

PHYLL1DEA. [ C . V. READ] 

Proteomyxida 

This is a poorly defined group of the subphylum 
Sarcodina. The Proteomyxida or Proteomyxa are 
considered to constitute a class of the Rhizopodea. 
Three families have been assigned to this group: 
(1) Labyrinthulidae (see illustration) areuninucle- 



Labyrinthulidae. (a) Labyrinthula zopfi, portion of liv- 
ing network (offer Valkanov). ( b ) L zopfi, two organ- 
isms stained (after Valkanov ). (c) L. zopfi, encysted 
stage { after Valkanov). (d) L macrocystis, vegetative 
network (after Cienkowski). (e) L. macrocystis, single 
organism stained ( after Cienkowski). ( From R. P. Hall, 
Protozoology, Prentice-Hall, 1953) 

ate marine organisms found on eel grass and cer- 
tain algae. The organisms secrete filaments along 
which they glide. An aggregate of many individ- 
uals may form a motile pseudoplasmodium. Laby- 
rinthula macrocystis has been found on eel grass 
suffering from fungal disease. (2) Pseudosporidae 
are nonplasinodial types which may invade fila- 
mentous algae and Volvocidae. (3) Vampyrellidae 
are plasmodia at maturity. Some species (Vam- 
pyrella) may invade algae by digesting the cell 
wall; certain others (Leptomyxa) may be second- 
ary invaders in diseased hops. See Rhizopodea. 

[r. p. hall] 

Proterostomia 

That part of the animal kingdom in which cleavage 
of the egg is of the determinate type. The meso- 
derm originates from certain cells or cell masses, 


and the blastopore becomes the mouth. This group, 
presumably derivable from a trochophorelike larva, 
includes all bilateral phyla except the Echino* 
dermata, Chaetognatha, and Chordata. See Deutf.r- 

OSTOMIA. [T. I. STORER] 

Proterozoic 

The name for the interval of geological time be- 
tween the Archeozoic, or early Precambrian time, 
and the Cambrian Period of the Paleozoic Era. A 



great interval of land erosion or unconformity sep- 
arates the Proterozoic strata from the underlying 
Archean rocks. Some of the most important char- 
acteristics of Proterozoic formations are (1) their 
partly undeformed or less deformed«condition com- 
pared with older strata; (2) the abundance of 
clastic sediments and interbedded lava flows of the 
Keweenawan type in many places; (3) the occur- 
reni'e of highly hematitic iron formation in some 
regions; and (4) the presence of sediments of gla- 
cial and interglacial origin in places. See Prf- 
< ambhian ; Unconformity. [m. e. wii son] 

Bibliography : A. L. DuToit, The Geology of 
South Africa , 3d ed., 1934; W. G. Wilmarth, Geo- 
logic Time Classification of Geological Survey 
Compared with Other Classifications , USGS Bull. 
769, 1925. 

Proteus 

A genus of gram-negative bacteria of the family 
Enterobacteriaceae (see Enterobacteriaceae) . 
Members of the genus are characterized by the 
possession of enzymes decomposing proteins and 
urea, and by high motility by means of peritrichous 
flagella. This enables Proteus to spread, or “swarm,” 
over the surface of solid culture media. Four spe- 
cies are usually distinguished: Pr. vulgaris , Pr. 
mirabilis , Pr. morgani , and Pr. rettgerL The bacte- 
ria are found in putrefying matter, soil, feces of 
man and animals and are frequently a cause of 
urinary tract infections. These microorganisms are 
also found in abscesses and contaminated wounds, 
and may be involved in infant diarrhea (see Enteric 
bacilli). 

Serological analysis by means of the somatic 
(0) and the flagellar (H) antigens permits sub- 



classification into numerous serotypes (see Salm- 
onella). Cross reactivity of some of these types 
with rickettsiae is utilized in important diagnostic 
procedures for typhus (Weil-Felix reaction) and 
other rickettsial diseases. See Bacteriology, medi- 
r al; IMViC test; Rickei rsioshs. [a. j. wi il] 

Protista 

\ kingdom of organisms proposed by E. H. Hae( kel 
in 1866 to include all unicellular organisms pie- 
viously grouped under the ph>lum Thalloplnta of 
the plant kingdom, and undei the phylum Pioto/oa 
of the animal kingdom. Twelve groups of piohlem- 
atical single-celled organisms are also included, 
whose affinities with the plants or animals are not 
readily apparent Organisms of the kingdom Pro- 
tista lack definite cellular arrangement. Although 
tliev may he colonial in hahit, all < ells aie identi- 
cal, and there is no differentiation of (elK foi spe- 
cific put poses or function s. Repiesentative organ- 
isms classed under tlie Protista include the 
ha< teria, molds, fungi, algae, diatoms, infusorians, 
foraminifers, and radiolarians. See Mu rocali on- 
i ot ogy ; Pro i o/oa ; Th ai i opiiy \\. f n. j . tont s] 

HibIiot’taph \ : R. C. Moore, Kingdom of organ- 
isms named Piotista, J Paleontology, 28(5): 588 
508, 1054. 

Protobranchia 

\ small and primitive subclass in the class Pelc- 
(\poda the bivalve mollusks Tn <ill families otliei 
than the Solemvidae the hinge is laxodonl ; that is. 
the numeious hinge teeth aie unifoim, vertical, 
and have cotrespondmg sockets in each valve. 
Their is also a »enlral ligament pit r l lie anterioi 
and posterior adductor muse les C uc ncailv equal in 
si/e. In most groups the extensi »ns of the labial 
palps aie great Iv developed for feeding. These 
emeigp fiom tlie valves and collect food liatenal 
on tlie ocean fiooi. Tlie gills aie used onlv foi tc*spi 
ation and, with included muscle filieis. 1 11 n< t ion 
as a flumping membrane di awing v\ater fiom the 
inhalant c liambet to tlie exhalanf chamber. 

Tliis subclass is ec onornieallv important onlv as 
a source of loud for bottom feeding fish. All aie 
marine animals and many aie found at great 
depths. See Pntmpopa. [w. j. < . Mi] 

Protogyny 

A condition in hermaphroditic or dioecious ani- 
mals in which the female repioductive structures 
mature before the male structures. It is of rare oc- 
currence. Botanically. prologvny occurs in some 
plant species in which the stigma develops, withers, 
and dies before the anthers matin e. j r. j. storhT| 

Protomastigida 

An order in the phylum Protozoa containing a het- 
erogeneous group of colorless flagellates possessing 
one or two flagella in some stage of their life cycle. 
These small organisms (5-80 g in length) typi- 
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cally have pliable bodies. Some species are holo- 
zoic and ingest solid particles, while others are 
saprozoie and obtain their nutrition by absorption. 
Their life cycles are usually simple but some spe- 
cies have two or more recognizably distinct stages. 
The species may be either free-living or parasites 
of vertebrates, invertebrates, and plants. Reproduc- 
tion is by longitudinal fission, although multiple 
fission occurs in some species. Several arc impor- 
tant disease-producing parasites of man and of do- 
mestic and wild animals. 

Taxonomy. The oidei Protomastigida includes all 
of the Protozoa with only one or two flagella that 



Representative genera of families of order Protomasti- 
gida. (a) Oikomonas (family Oikomonadidae), one an- 
terior flagellum, (b) Amphimonas (family Amphimona- 
didae), two equally long anterior flagella (c) Monas 
(family Monadidae), twj unequally long anterior fla- 
gella. id) Bodo (family Bodomdae), two unequally long 
flagella, one of them trailing, (e) Trypanosoma (fam- 
ily Trypanosomatidae), one flagellum with undulating 
membrane, (f) Cryptobia (family Cryptobiidae), two fla- 
gella, one free and one with undulating membrane, 
(g) Pha/onsterium (family Phalansteriidae),. several in- 
dividual cells each with one flagellum and narrow col- 
lar embedded in gelatinous substance, (h) Codosiga 
(family Codosigidae), several individual cells each with 
one flagellum and a distinct collar clustered on the end 
of a stalk, (i) Protospongia (family Codosigidae), in- 
dividual cells embedded in gelatinous substance, the 
outer cells each with a collar and flageltpm. (/) Bico- 
soeca (family Bicosoecidae), clustered individual ceBs 
each with a flagellum and small collar contained within 
vaselike lorica. 
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are not markedly ameboid, do not contain chloro- 
plasts, and are not closely related to chloroplast- 
bearing flagellates. Organisms that possess one or 
two flagella and are decidedly ameboid belong to 
the family Mastigamoebidae in the order Rhizo- 
mastigida. Those which are colorless but consid- 
ered to be close relatives of protozoans possessing 
chloroplasts belong to the family Chlamydorno- 
nadidae of the older Phytomonadida. 

There is not good agreement on the division of 
the order into families. However, the five or more 
families can be divided into three geneial groups. 
The fiist group contains simple organisms with no 
distinctive features save one or two flagella of 
equal or unequal length. This includes the families 
Oikomonadidae. Amphimonadidae. Monadidae. 
and Bodonidae (illustration a-d) The second 
group contains organisms which in addition to one 
or two flagella have an undulating membrane; the 
families included in this gtoup aie Ti vpanosomati- 
dae, and Civptolnidae (illustration c and /) The 
third group includes the organisms possessing a 
peculiar collar surrounding a single' flagellum : it 
includes the families Phalansteriidae, Codosigidae, 
and Bieosoecidae (illustration g j ) These collared 
flagellates are lefeired to as (hoanoflagelldtes and 
constitute an interesting group of free-living Pro- 
tozoa. The (ollar. which is retractile, appeals to he 
a tubular extension of the protoplasm It appar- 
entlv assists the flagellum in directing food parti- 
cles into an aiea of the body where thev can be in- 
gested 

Choanoflagellates. The colonial choanoflagellate 
Protospongia (illustration i) pioduc es a gelatinous 
substance with flagellated c ollaied individuals on 
the outer suifacc and unadorned ameboid membcis 
embedded in the interior This organism is re- 
garded as a possible link between the unicellular 
Piotozoa and the parazoan sponges Sponges have 
cells which have flagella surrounded bv collars 
lining internal cavities Since these paiticulai 
structures are known to occur in only these tw'o 
groups of organisms, it is believed that they mav 
be related 

Some of the choanoflagellates are letained in a 
goblet- or vase-shaped lorica with a long stalk 
whic h may attach either to the substratum or to the 
loric a of another oiganism. 

Trypanosomatidae. The most important family 
of the Piotomastigida is the Trvpanosomatidae 
since it includes several species that infect man 
and his domestic animals with serious diseases, 
such as Afric an sleeping sickness. The organisms 
in this family are polymorphic, changing their 
form in various stages of their development. Their 
life cycles mav involve one or two hosts (inverte- 
brate. vertebrate, or plant) The trypanosome form 
possesses a single flagellum and an undulating 
membrane extending the full length of the body. 
The other i elated forms are simpler, lacking one or 
both of these structures. See Masticophora; Pori- 
*er\; Trypanosoma rinAE. [m. m. brooke] 


Bibliography ; R. P. Hall, Protozoology , 1953; 
T. L. Jahn and F. F. Jahn, How to Know Protozoa t 
1949. 

Proton 

An elementary particle which is the positively 
c harged constituent of ordinary matter. Together 
with the neution, the proton is the building stone 
of all atomic nuclei; a single proton constitutes the 
nucleus of the hydrogen atom. The most important 
properties that characterize the proton are its 
charge, which is identical in magnitude but of op- 
posite sign to that of the electron (the negatively 
charged constituent of ordinary mattei ) and has 
the value of 4.8029 X 10 10 esu = 1.6021 X 10 1f) 
coulomb; its mass. 1.6724 X 10 J4 g = 1836.1m, 
( m t is the mass of the electron) ; its spin, Y>h = 

1 1 1 0^44 X 10 -* 1 erg sec (h is Planck’s constant h 
divided bv 27 t) ; its magnetic moment, 1.4104 X 
10 - eig/gauss; its lifetime, which, according to 
all available evidence, is infinite; and the fact that 
it obeys the Pauli exclusion piinc iplr that is, it is 
a fermion (obeys Fermi-Dirae statistics). See 
Fa I Mb NT ARY PARTTCTT. 

Mass and charge measurements. The determi- 
nation of the mass and chaige of the proton can be 
made, with diffeient degrees of precision in manv 
ways Deflection of pioton beams in elertiic and 
magnetic fields gives the ratio of the chaige to the 
mass of the proton The fact that the hydrogen 
atom is neutral guaiantees the equality in absolute 
value of the charge of the electron and of the pio 
ton, and thus even method for measuiing the 
clyfirge of the election, such as the celebrated oil- 
drop experiment of R A Millikan (1909), also 
gives the charge of the proton. Spectroscopic ob 
seivafions also contribute to this detei nunation 
mostly giving the ratio between the charge and 
mass of the electron. Moieover, all methods which 
give Avogadio’s number indued!} give in addition 
the mass of the pioton (see Atomic constants) 
Indeed, the strict connection and intei dependent e 
of manv lines of appioat h to such quantities as the 
charge and mass of the proton are among the 
strongest and most striking suppoits of the modern 
theories of atomic and nuclear phvsics 
Range of protons in matter. Piotons of high 
velocity lose their eneigy in matter bv several 
mechanisms Occasionally they stiike another nu- 
cleus and then may be elastically scattered or mav 
produce a nuclear reaction. These events drasti- 
cally alter the proton energy and if the proton is in 
a beam, it is removed from the beam. In addition to 
this type of event, protons (as well as all other 
charged particles of mass considerably larger than 
that of the electron) lose energy by imparting it to 
the electrons of the medium in which they move, 
without being appreciably deflected from their tra- 
jectory; the energy loss simply slows down the 
heavy particle. Ultimately the heavy particle (pro- 
ton) comes to rest and the distance it travels be- 
tween the point where it has an energy E and the 
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point where it come* to rest is railed the range of 
the proton. The range is a function of the energy 
of the proton and of the medium in which it moves 
A semiempirical formula connecting the energy 
and range in air (NTP.) foi protons is 



wheie R is in meteis and E is m Mev This 1 elation 
is valid between a few Mev and about 200 Mev For 
other substances one must consider the lelalive 
stopping power, which is a number gi\mg the ie 
ciprocal of the lalio of the thickness in g cm of 
♦wo lavers producing the same energy loss The 
stopping powei decreases with / the atomic num 
her See Nirc 1 1 on : Srumtrvu r \pi nnvr > ms nit 
( 1 > AR \l O SH.Rt | 

Proton-proton chain 

\n t*nergv iHeasmg muleai icaction chain whicli 
i s helie\cd to he of mj|cu importance in eneig\ 
production in hydrogen ru li stars The net efTecl of 
the proton pmton chain is the comersjon (fusion) 
of four protons into one He* (helium) nucleus 
with the release of about 26 Mev of energy See 
I i sro\ \t ( 1 l Alt , Ni ( 1 1 \R Rt \c uox 

The first (and ‘-lowest) reaction of the proton- 
pioton chain is the combination of two protons 
t li i on gli a p dec a\ process rc leasing a position and 
a neutrino and fotming a deuteion 1 he druteion 
then rapidly undeigoes a p y leutmn with anolhei 
pioton forming He It i- helieyed that the next 
lent ion is a smiple nuc leai fusion reaction between 
11c ‘ nuclei to produce He* and release two protons 
u h it h rejoin the c ha in 

The estimated lates for these sequential leac 
lions undei typical stellar conditions arc aflei 
I 1 Sal peter 

p I p -> I) f t f v (7 X 10 Q ycais) 

p 4 D > lie * 4 7 (1 sec ) 

He 3 + He 3 -> He 4 + 2p (4 X I0 6 ycais) 

The theoretic al c loss ection for the p p reac tion 

is fai too small (about 10 r cm at 1 Me\ "»» per- 
mit it to he measured in the laboratory bv any 
foreseeable technique \eyei theless the ptesent 
state of theoietical understanding of ft decay prm 
esses is such as to make a theoretical eyaluation 
highly ciedihle The othei t^o i editions of the 
chain are easily neasuiable and aie well docu- 
mented expei iment ally 

The piesent status of the proton-proton chain is 
that although it cannot be dnectly reproduced in 
the lahoiatory, it is undoubtedly the most important 
source of energy generation in the mam sequence 
of hydrogen-rich stars, of which the sun is an ex- 
ample. See Stfilah rvoumoN. 

\n * postI 

Bibliography : See Carbon-niirocfiJ c yclf. 


Protophyta 

A division of the plant kingdom, according to one 
system of classification This taxonomic category 
was set up to include the bacteria, the blue-green 
algae, and the viruses. The division is divided into 
three (hisses the Sehi/omycetes, Srhizophyceae, 
and Mic rotatobiotes. Sec Mkrotaiobiotfs; 
Sc 1II/01VT\ C IT1-S, S( UI70PIIYC LAE. 

Such a classification, however, does not reflect 
the knowledge about these forms which has accumu- 
lated during the past 10 years. The viruses are 
neither organisms noi cells, they are certainly not 
plants Vnuses ate nucleic acid elements, either 
cb'cmiibonudeic acid (DNA) or ribonucleic acid 
(RNA), which ate replicated bv host cells and 
liheiated as infectious, protein-c oated particles. 
Racttua and blue-gieen algae, on the other hand, 
aie two < loselv related groups of microorganisms 
c hatd< ten/ed bv a primitive type of cell construc- 
tion called procaiyotic In contra' , the much more 
complex eucaryotio type of cell construction is 
( liatac tenstic of pioto/oa, fungi, and algae, as well 
as of plant and animal cells St e Dfoxvribonu- 
cnic \c in, Ribojnik it ir AUD 

Foi a moie natuial scheme of c lassifii ation. see 
Mic roorca visms ft a adiibirc, | 

Protoplasm 

The c ompiehensm term for the substance which 
has tlie distmc live properties of life Although oiig- 
inaled foi the maternal of animal cells, the teim 
piolnplasm \wts soon hioadened to apply to the sim- 
ilar contents of the cells of plants as well The 
irnportanc e ol protoplasm as the site of all the 
physic al and chemical processes of life was espe- 
cially emphasj/ed by Claude Bernard (1878). the 
founde? of general physiology, and it is in this field 
that the trim protoplasm his ilways been in great- 
est favor 

Among i vtologists the term is generally applied 
to the entire living material of the cell, the nucleus 
and cvloplasm combined and regaided as a unit. 
However with the recent accpii ition of more de- 
tailed information on the pioperties of the various 
subdivisions of the cell, there has been less and 
less ieason to use the inclusive term See Cit.l pro- 
iopt as | 

Physical properties. An important pait of the 
research on protoplasm has been eoncerned with 
its physical properties Piotoplasm usually occurs 
as microscopic droplets, single uninucleate cells. 
However, there are conspicuous exceptions, of 
whic h the plasmodium of slime molds is a classic 
example (see Mvxomyci ns). Such plasmodia may 
< onfain thousands of nuclei without cell walls and 
have a measurable volume of several cubic centime- 
ters Protoplasm is generally a translucent, essen- 
tially colorless, slimy substance, resembling grossly 
the white of an egg. Some protoplasms have the 
viscosity of a stiff gel; others flow almost like wa- 
ter. Protoplasm is typically 75% water, but the var* 
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iation in this respect is enormous and ranges from 
99% in jellyfish to 15% or less in dried seeds. Its 
specific gravity commonly lies bewteen 1,02 and 
1 08. and it has a refractive index near 1.4. Studies 
of protoplasm with the polarizing mk rose ope have 
shown it to have, in some instances (notably the 
skeletal muscle fiber), a high degree of molecular 
organization, approaching a well-ordered eiystal- 
line state. Protoplasm is cohesive and can he 
stretched to form thin strands. It exhibits anoma- 
lous viscosity, inversely proportional to the shear- 
ing force: this has been compared with thixotropy 
of colloids and as< ribed to a similar basis, that is. 
the presence of asymmetrical submicroscopic par- 
ticles (sec Colioid) Indeed, studies with the elec- 
tron microscope have shown such particles in main 
types of protoplasm Comrnonlv. especially in 
plants, there aie waterv spaces or vacuoles within 
the protoplasm, which are separated from the re- 
mainder by a differentially permeable* mem Inane 
Tt is also not rare to find flowing movements (cy- 
elosjs) within protoplasm which are detectable as 
migration of the formed bodies, often as an intra 
cellular c ire ulation. Sec Cl II (hioi olh \i ) 
Protoplasmic similarity of organisms. Although 

protoplasm from the most diverse fox ms of life is 
very similar in appearance and other physic a I prop 
erties. early attempts failed to find a common 
structural pattein such as reticular, fihiillai, gian- 
tilar, or emulsoid. It now appears that most of 
these conditions are expressions of various types of 
cell specialization likewise the eailv philosophi- 
cal arguments as to which part of the protoplasm 
might he the exclusive lepositorv of the properties 
of life are only of historic al interest in the light of 
the demonstrations that specialized parts of cells, 
such as the mitochondrial fraction, exhibit in vitio 
a degree of physiological activity approaching that 
of the inldc t c ell. See Cfli nuc j r us ; (A I oei asm . 
Mi t oc HONOR! A ; see also Cl 1 1 inctiisions. xon- 
CYTOPI ASMIC. 

[a w poTiisrml 
Mechanical properties. Because protoplasm is 
the physic a! basis of life, a knowledge of its me- 
chanical pioperties is essential to understanding 
its nature Protoplasmic cohesion and physical fac- 
tors affecting the cell surface, such as elasticity 
and surfac e tension, have hern the subjects of mm h 
investigation. This knowledge forms the basis of 
some of the concepts of cell division and cell 
movement. The mechanical properties of proto- 
plasm are not always easy or even possible to de- 
termine. One must make observations on individual 
cells (rather than populations of cells, as is possi- 
ble in chemical determinations). Also, it has been 
shown that the mechanical properties of proto- 
plasm mav vary under different conditions, and it 
is important that the technique of measurement 
does not in itself bring about changes. Fortunately. 
( ertain types of cell lend themselves well to such 
studies, and this discussion shall be largely con- 
cerned with those few cell types. For a discussion 
of the physical concepts of importance to the fol 


lowing discussion, see Elasticity* Surface ten- 
sion ; VlS( OSITY O* LIQUIDS. 

Protoplasmic cohesion. Cohesion may be de- 
scribed as the force of attraction among the parti- 
cles of a substance which tends to hold it together 
It is defined, more specifically, in terms of the tan- 
gential force exerted on a stationary plane by a 
moving parallel plane, the space between the two 
planes being filled with the substance. With centi- 
metcr-gram-second units of measurement, the unit 
of viscosity is the poise. Water has a viscosity of 
0.01 poise, or I centipoise 

If the shearing foice, due to velocity of the mov- 
ing parallel plane, is increased, the tangential force 
should inciease proportionately. This holds true if 
the material between the two planes has the same 
v ist o^ity at different sheanng forces, that is. if the 
material is a Newtonian fluid Some materials, how 
evei, do not show a constant viscosity at different 
sheaiing foices These aie called non-Newtonian 
fluids: that is. the\ have an anomalous viscosity. 
Materials which show a decrease in viscosity with 
an increase in shearing force aie thixotropic (foi 
example, gelatin) Those which show an increase 
in viscosity with increase in shearing force are di- 
latant. for example, suspensions of starch grams 
Tn genet ah piotoplasm shows either true New to 
man or thixotropic piopeities. 

The vaiious methods of viscosity measurement 
cannot all he applied to the* livinjfcell For exam 
pie. a standard method involves determination of 
the rate at which a liquid flows through a tube of 
known dimensions under standard conditions The 
hfghei the viscosity, tire lower the flow rate (the 
viscosity is inversely proportional to the late of 
flow) If this method weie applied to protoplasm 
the lesulting injury would invalidate the results 

Rumman movement method This is a method of 
viscosity measurement which can he applied to 
living protoplasm Mi< roscopic particles suspended 
in a liquid are found to undergo Brownian move 
ment. The extent of movement is inversel> related 
to the viscositv of the suspension liquid, and this 
is the basis for absolute measurements of viscosity 
The factors affecting Brownian movement are de- 
scribed in the equation 
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where D, is the displacement of the particle along 
one axis; R n the gas constant: T , the absolute 
temperature; t, the time; TV, the Avogadro number; 
q, the viscositv; and cv, the radius of the particle. 

In practice, the method involves determination of 
the linear rate of movement of a suspended parti- 
cle. Determinations ran he tedious. Individual pio 
toplasmie particles can be followed, or in some 
cases the movement of an entire layer of granules 
can be determined, following centrifugation of the 
granules to one side of the cell. Values of proto- 
plasmic viscosity obtained with this method are in 
agreement with those determined by the centrifuge 



method, described later. Frequently, differences in 
the extent of Brownian movement can be seen in 
different regions of the same cell. Also, the same 
cells, under different conditions, may show changes 
in the extent of Brownian movement. Motion pic- 
tures of cells in tissue culture usually reveal a 
movement of cytoplasmic particles. Death of the 
cells results in a cessation of Brownian movement, 
an indication of protoplasmic gelation. 

Falling sphere method. Another method of meas- 
urement involves determination of the rate at 
which a sphere of known density and radius falls 
through a liquid under standard conditions. The 
viscosity is inversely proportional to the rate of 
fall, and the relationship is expiessed in the equa- 
tion 

V = 2 ^ a ” p }^_ 

when? V is the veloi it v of the falling sphere; g the 
gravil\ constant; cr, the specific gravity of the 
sphere; p. the specific gravity of the medium; o. 
the radius of the sphere; and ?;. the viscosity. 

This method has been successfully applied to the 
living cell. Foi example, in certain plant cells, the 
starch grains have been found to move under the 
influence of gravity when the* cells are viewed 
from the side with i hori/ontal microscope. Tn the 
nmeba. crystal inclusions have been found to move 
in the same manner. Also, in the oocvtcs of certain 
cchinoderms. it has been possible to estimate the 
viscodtv of the nucleoplasm from the late of fall 
of the nucleolus through the contents of the germi- 
nal vesicle. Tn the^e cases, relatively low values of 
protoplasmic viscosity have been obtained; less 
than 8 centipoises lor the c ells f a Viria ( hean ) 
plant, and 7-10 centipoises for the nucleoplasm. 

Centrifuge method. Though the protoplasm ma> 
be of low viscosit\, e\ toplasrnic granules not set- 
tle as a result of giavitv alone. If the d fTerence 
in density between granules and surrounding me- 
dium is small, the granules mav not settle, but be- 
come randomly distributed as a result of Brownian 
movement. If the force due to gravity is increased 
by means of centrifugation, it becomes possible, in 
certain cells, to see stratification of the irw ^cellu- 
lar components. The higher the viscosity, the 
greater the centrifugal force, or the longer the 
centrifugation time required to show a given degree 
of stratification. The centrifugation causes no ap- 
parent injury to the cells because development fol- 
lowing centrifugation is normal enough to cause 
stratification of the cytoplasmic granules. This 
technique has been very useful for the determina- 
tion of absolute values of viscosity, and in fact, be- 
cause of the ease with which it ran be applied to 
living protoplasm, it is perhaps the most widely 
used method. For absolute measurements, correc- 
tions must be made? for the effects of the cell cortex 
| and neighboring granules on the velocity of move- 
ment. The granule- free cytoplasm in the egg of the 
urchin, Arbacia punctulata , as determined by 
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this method, is about 2 centipoises, which is only 
twice the viscosity of water. A value of 4.3 was ob- 
tained for the eggs of a clam, Cumingia. 

L. V. Heilbrunn has pointed out that one advan- 
tage of the centrifuge method is the possibility of 
varying the shearing force. By changing the rate of 
speed of centrifugation, the shearing force is 
changed, and any non-Newtonian properties be- 
come apparent. The interior protoplasm of unfer- 
tilized Aibada and Cumingia eggs is thus shown to 
have a constant viscosity, whereas the cortex of the 
ameha appears to behave as a thixotropic gel. The 
nucleoplasm of certain echinoderm eggs is also 
thixotropic. See Microscope, centrifuge. 

The centrifuge method is very useful in following 
relative changes in protoplasmic viscosity. For ex- 
ample, cells which are undergoing division show 
characteristic changes in cytoplasmic viscosity. 
The appearance of the mitotic spindle is preceded 
b\ a sharp increase in c> toplasrnic viscosity. The*e 
alterations in viscosity reflect changes which ar,e 
occurring at the molecular level, and their eluci- 
dation will undoubtedly lead to a better understand- 
ing of the met hanism of cell division. 

It is also possible, b\ means of the centrifuge 
method, to detect changes in the rigidity of the 
cell cortex at different times during the process of 
cell division. This is accomplished by determina- 
tion of the centrifugal force required to dislodge 
the granules from the cell cortex. 

Tension at the cell surface. The cell is not com- 
paialde to a drop of insoluble liquid suspended in 
water. r l he “insolubility” of cells in the surround- 
ing medium is due to the presence of a definite 
membrane at the cell surface. It is probably not 
correct to speak of surface tension when referring 
to this membrane. Measurements of tension at the 
cell surface ate. in fact, the result of a combina- 
tion of surface and elastic tensions. 

Kinetic flow method. The kinetic flow method 
cleat lv demonstrates the tension at the cell surface. 
Just before an Arbacia egg cell divides, the two 
blastorneres remain attached by a stalk. If one 
blastomere is punetuied, cytoplasm flows from the 
undamaged blastomere through the stalk because 
of the excess internal pressure. Measurements of 
the resultant decrease in volume are obtained from 
motion pictures of the process. From this the rate 
of flow of cytoplasm through the stalk is ob- 
tained. The excess internal pressure is calculated 
according to Poi&euille’s law for the flow of liquid 
through a tube, using figures for the dimension of 
the stalk, the vi«cosity of the cytoplasm, and the 
rate of flow. The infernal pressure is measured at 
64 dyne 'em 2 , and the tension at the cell surface, 
0.09 dyne/cm. 

Compression method . Perhaps the most accurate 
method for measurement of tension at the cell sur- 
face is the compression method. This has been ap- 
plied to the spherical egg cells of Arbacia . A nib 
crobeam of gold 6 p thick and 180 p wide is used 
to compress the cell. The lpicrobeam is always held 
parallel to the plane of compression. The instru- 
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ment is calibrated so that the deflection of the 
microbeam can be related to the absolute force in- 
volved. The following equation is used in calculat- 
ing the tension : 

F/A = P = T( 1/n + l/r 2 ) 

in which F is the force necessary to flatten the cell 
to a given extent; A is the area of the flattened 
portion of the cell; T , the surface force; r, the ra- 
dius of curvature of the unflattened, bulging por- 
tion of the cell, as determined from a side-view 
photograph of the compressed cell (r t represents 
one side of the cell and r L > the other side). The 
actual measurements are obtained from photo- 
graphs of the flattened cells. When the cells are 
compressed 25 /<,. the tension at the cell surface is 
0.133 dyne/cm. When the cells arc compressed to 
a smaller extent, the tension is less. This relation- 
ship between compression and tension is the result 
of the elastic properties of the cell surface. Tension 
is plotted as a function of compression. If the re- 
sulting curve is extrapolated to zero compression, 
a value of 0.08 dyne/cm for the uncompressed egg 
is obtained. 

Centrifuge method. The centrifuge method is a 
technique which is particularly useful for compara- 
tive studies of cell surface tension. The cells are 
placed in a medium with a density close to that of 
the cells, and centrifuged in a microscope-centri- 
fuge. During centrifugation there is a separation 
of the various intracellular components. The oil 
droplets migrate to the light half, and the yolk to 
the heavy half. In a medium of appropriate density, 
and with sufficient centrifugal force, the light and 
heavy halves of the egg are pulled apart. The cen- 
trifugal force which is just sufficient to separate 
the two halves, regardless of the centrifugation 
time, is the value used to calculate the tension : 

i:DT = C {f \V>A Ph - p,„) + V t Ap M - pi.)] 

where T is the surface tension; D, the diameter of 
the cylinder (the diameter of the drawn-out cell at 
the moment of instability) ; C 0 . the centrifugal 
force; V fl . the volume of the heavy half ; V the 
volume of the light half; the density of the 
heavy half; p,„. the density of the medium; and p/„ 
the density of the light half. The method has been 
applied to a variety of cells. Rabbit macrophages 
showed a value of 2 dyne/cm; frog leukocytes, 1.3; 
Amoeba dubia , 1-3. This method is best adapted 
for comparative studies, rather than for the deter- 
mination of absolute values. For example, changes 
in tension at the cell surface at the time of fertili- 
zation, or following treatment with various salt so- 
lutions, or during the aging of cells, are appropri- 
ately studied with this method. 

Other methods. Other methods of measuring ten- 
sion at the cell surface have been applied with some 
success. The sucking method involves sucking a 
portion of the cell surface into a capillary tube. 
The negative pressure required to deflect the cell 
surface to a given degree can be determined. De- 


flection of the surface is directly proportional to 
the negative pressure. The mathematics of this 
method have not been completely worked out. 

The sessile-drop method has been applied to a 
small number of cells. The surface tension of a 
drop of liquid can be determined from the form of 
a flattened drop. Some cells, which presumably 
have surface membranes with low rigidity, have 
been measured in this w r ay. Many cells, however, 
do not show any flattening under the influence of 
gravity. 

The stretching method involves determination of 
the force required to stretch a cell to a given de- 
gree. A micromanipulator is used to stretch the 
cell, and one of the needles is calibrated, so that 
the force required to cause a given deflection of 
the needle is known. The values for tension deter- 
mined by this method agree quite well with those 
obtained with the compression method. See Micro- 
MANIPITI.ATION. 

Data. Most of the methods for measurement of 
tension at the cell surface indicate relatively low 
values. Determinations by the compression method, 
for example, give a value of only 0.08 dyne/cm 
for the undistorted cell. The surface tension at an 
air-water interphase, on the other hand, is about 73 
dyne /cm. E. N. Harvey has pointed out that the 
tension of cells is at least Viooo of this value. This 
is of decided advantage to a cell, with its high ra- 
tio of surface to volume. It the t**lsion were much 
higher, it would require the expenditure of much 
more energy to move or to adjust its shape to neigh- 
boring cells. This, then, as Harvey points out, rep- 
resents an adjustment of mobile cells to physical 
constraints imposed bv the environment. See Bio- 
physics; Clll (biological) ; Ckll division. 

fc. V. HARDING, JR.] 
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Protorosauria 

An order of Permian and Triassic reptiles (sub- 
class Euryapsida) whose systematic affinities are 
under dispute. Most of the forms included in this 
group are incompletely or poorly preserved. The 
best known and most adequately studied genera are 
Arae.osce.lis , Trilophosaurus , Macrocnemus , and 
Tanystropheus. The last two genera (together with 
Askeptosaurus, regarded by some authorities as a 
thalattosaurian ) from the Alpine Middle Triassic 
have also been interpreted as closely related deriva- 
tives of diapsid, perhaps eosuchian stock. 

One of the striking aspects of the skeleton of 
these forms is the elongation of the neck region 
without notable increase in the number of verte- 
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Tanystropheus longobardicus, after a specimen 4.3 
meters in length. Triassic, Switzerland. (From B. Peyer, 
1944) 

brae; this reaches absurd dimensions in Tarty stro- 
pheus, where the neck is as long as the body and 
tail combined. Generally, the forelegs are much 
shot ter than the hindlegs, and the digits terminate 
in horny claws. These features tend to indicate 
terrestrial habits (even though some foim c are 
known only from marine deposits) Any disc ussion 
of phylogenetic relationships among the members 
of this group requires an enhanced understanding 
of thf significance of temporal fenestration of the 
skull and the possible modes of phylogenetic modi- 
fii afion of the skull roof See Enin apsioa 

pR /\NU R I 

Bibliography : J. Piveteau (ed ), Trait e de Pa- 
leontofoguw ol. 5, 1955; A. S Romei , Osteology of 
the Reptiles , 1956. 

Prototheria 

One of the four subclasses of the ilass Mammalia. 
Prototheiia contains a single oidei. the Monolre 
mata No ancestral genera of fossil rnonotremes aie 
known, and the structure of the living rnonotremes 
is so specialized that the affinities of the Piotothc- 
ria are laigelv conjectural. Most mammalogists be- 
lieve that the piototheres arose from a different 
**to( k of therapsid reptiles than the one that gave 
rise to the Theria. This would mean that the his- 
toiy of the mouoti ernes has been separate from 
the history of other mammals for at least 1 7 5,00() 
000 ) eai 

No fossils earliet than the Pleistocene are known, 
and these come fiom Australia. The dink-billed 
platypus, Oraithorhync has anatinus , and several 
species of the spin) anteater, Tar hyglossus, are 
living lepresentatives of this group. The\ aie found 
in the Australian region. Everything indicates that 
the Piototheria lepresent a very small ano 1 da- 
tively unsuccessful group that has miraculously 
survived in an isolated corner of the earth. See 
Mammalia; Monotrimaia; see also Thfrapsida. 

[n. D DAVIS ] 

Prototype (equipment) 

The term used at that stage in the design process 
when the component has been realized physically 
in a form that satisfies the functional, environ- 
mental, reliability, maintainability, packaging, and 
other requirements, but when the design does not 
necessarily reflect the techniques of manufacture 
by which it will be ultimately produced in quantity 
(see Systfms engineering). Although considera- 
tions of the methods of manufacture play a role in 


the preliminary stages of the evolution of a com- 
ponent, early developmental veisions, since they are 
prodiu ed in small quantities (one to several units), 
may not be designed to i *ke advantage of the meth- 
ods of fabiieation peculiar to large-scale produc- 
tion. 

The prototype equipment is manufactured on a 
i datively small scale which might not justify, for 
instance, expensive fixtures and dies or molds, 
whidi would be necessary in subsequent large- 
sc ale manufactuie Those parts which are especially 
suited to laige ^cale manufacture however, are re- 
produced as « losely as possible to the form they 
will take when thev are made in 'large-scale manu- 
facture It is at this stage that the manufacturing 
process is most seriously considered. Seveial proto- 
types embodying different manufactuiing tech- 
niques in several of their elements might be ex- 
plored before the final design is decided upon. For 
example, the main structural element might be 
designed as a casting, or a weldment, or fabricated 
out of natal stampings. The final manufacturing 
piototvpe design will embody most of the ideas 
with regard in manufacturing techniques that are 
desiied in the final product See Phot production; 
PrOIHTC riON I NGINFFRINC. 

The final p?otot>pe, as yell as some of the pre- 
liminary ones, is subjected to the same scrutiny as 
production units (see Ql) at iru ATlON tfst) in 
ordei to demonstrate the satisfactory performance 
of the component under all operating circum- 
stances. fR- w. mann] 

Protozoa 

A group of eucaryotic microorganisms, some of 
which aie believed to resemble the unicellular forms 
from which the animal and plant kingdoms evolved. 
Protozoa are traditionally classified in the animal 
kingdom. In practice, the phylum also includes 
certain groups, such as the slime molds and phyto- 
flagellates, which botanists consider to be plants. 
This apparent conflict may be lesolved by recog- 
nizing present-day microorganisms as evolutionary 
offshoots of groups which preceded true plants and 
animals (see Mk roorganisms). Free-living Proto- 
zoa occur in the soil and in fresh, salt, and brackish 
waters. Endoparasites like the malarial parasites, 
trypanosomes, and gregarines are located in the 
body ( avifies or tissues of higher organisms. Many 
species are uninucleate; others are binucleate or 
multinucleate. Although some species form colo- 
nies, Protozoa lack tissuea and organs. 
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TAXONOMY 

Classification of the Protozoa is not yet stabi- 
lized and, in that sense, the system outlined below 
must be considered tentative. Certain changes 
suggested by J. 0. Corliss for the ciliates are in- 
cluded. 

Phylum Protozoa 
Subphylum 1. Mastigophora 
Class 1. Phytomastigophorea 
Order 1. Chrysomonadida 
Order 2. Heteroehlorida 
Order 3. Cryptomonadida 
Order 4. Dinoflagellida 
Order 5. Phytomonadida 
Order 6. Euglenida 
Order 7. Chloromonadida 
Class 2. Zoomastigophorea 
Order 1. Rhizomastigida 
Order 2. Protomastigida 
Order 3. Polymastigida 
Order 4. Trichomonadida 
Order 5. Hypermastigida 


Subphylum 2. Sarcodina 
Class 1. Actinopodea 

Order 1. Helioflagellida 
Order 2. Heliozoida 
Order 3. Radiolarida 
Class 2. Rhizopodea 

Ordei 1. Proteomyxida 
Order 2. M\cetozoida 
Order 3. Amoebida 
Order 4. Testacida 
Order S. Foraminiferida 
Subphylurn 3. Sporozoa 
Class 1. Telospoiidea 
Subclass 1. Cregarinida 
Order 1. Eugregarinida 
Order 2. Schizogregaiinida 
Subclass 2. .Cocridia 
Subclass 3. Haemosporidia 
Class 2. Cnidosporidea 

Order 1. Myxosporidia 
Order 2. Actinornvxida 
Order 3. Mitrosporida 
Order 4. Helicospojida 



(•> <*) 


Fig. 1, Glass models of marine protozoons. (a) Tryp- Ocean), (d) Lithocircus magniflcus Haeckel (Atlantic 

onosphaara transformata Haeckel (Indian Ocean). Ocean), (e) Collozoum serpantinum Haeckel (Atlantic 

(b) Aetiuo princeps Haeckel (Indian and Pacific Ocean), (f) Globigarina bulloidas d'Orbigny (all seas). 

Oceans), (c) Paridium spinipas Haeckel (Pacific (The Amarican Museum of Natural History) 
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Class 3. Acnidosporidea 
Subclass 1. Sarcosporidia 
Subclass 2. Haplosporidia 
Subphylum 4. Ciliophora 
Class 1. Ciliata 

Subclass 1. Holotricha 
Order 1. Gymnostomatida 
Order 2. Suctorida 
Order 3. Chonotrichida 
Order 4. Triehostomatida 
Order 5. Hymenostomatida 
Order 6. Astomatida 
Order 7. Apostomatida 
Order 8. Thigmotrichida 
Order 9. Peritrichida 
Subclass 2. Spirotricha 
Order 1. Heterotrichida 
Order 2. Oligotrichida 
Order 3 Tintinnida 
Order 4. Entodiniomorphida 
Ordei f>. Ctenosiomatida 
Order 6. Hvpotrichida 

MORPHOLOGY 

The protozoan body may be plastic, as in ame- 
boid species. In many others, changes in form ate 
limited bv a moderately flexible to rather rigid 
pellicle. The foim ol the body varies considerably 
throughout the phylum, but there is a tendency to- 
waid univeisal symrnetiv in floating species and to- 
ward radial symmetry in sessile types. Modifica- 



Flg. 2. Types of protozoan encasements, (a) Theca 
of the dinoflagellate, Perfdinium, showing separate 
plates (after Barrows), (b) Lorlca of Dinobryon, one of 
the Chrysomonadida ( after Kent). ( c ) Co thurnio (order 
Peritrichida), two zooids within a lorica. (d) A radio- 
larian skeleton of the siliceous type (after Haeckel). 
. (From L. H. Hyman, The Invertebrates , vol . 1, A4cOraw- 
l Hill, 1940 ) 



Fig. 3. Spheroid colonies of Phytomonadida. (a) Pan- 
donna. ( b ) Pleodorina i/linoisiensis ( after Merton). 
(c) Sperm packet, Pleodonna ( after Meiton). (d) Plat - 
ydonna caudata ( after Kofoid). (e) Eudorina. ( L . H. 
Hyman, The Invertebrates, vol. 1 , McGraw-Hill, 1940) 

tions. howevei, are common. Bilateral symmetry is 
rare, since most active swimmers show more or less 
pronounced spiral torsion. Armored species (Fig. 
2 a-d) possess an outer test (or shell) or theca 
whic h often c ontains cellulose and is analogous to 
the cell wall in higher plants. The theca of many 
dinoflagellate*- is made up of plates arranged in 
specific patterns. Tests are composed mostly of in- 
organic material, as in Foraminiferida and Testa- 
cida. Other skeletal structures include complex ra- 
diolarian skeleton* (Fig. 2d). 

Colonies and aggregates. In colonial species 
the zooids are joined together in some characteris- 
tic pattern. In spheroid colonies (Fig. 3) a matrix 
is secreted by the associated organisms during 
growth of the colony. In arboroid colonies (Fig. 
4 h,k) the zooids may be attached to a branching 
stalk cr live in loricae attached to one 'another 
(commonly in a branching pattern), or else be em- 
bedded in a branching matrix. The dispersal of 
such stalked species may involve migratory “lar- 
val” stages. In some Volvocida?, reproductive and 
vegetative zooids are distinguishable. More often, 
colony members are morphologically similar. 

In addition to colonies. Protozoa of certain spe- 
cies may form aggregates by lepeated fission with- 
out prompt separation of daughter organisms. Pal- 
mella stages of phytomonad flagellates, analogous 
to spheroid colonies, are such aggregates of non- 



54 


Protozoa 


flagellated individuals. The chains of certain dino- 
flagellates like Gonyaulax catanella represent 
other aggregates. 

Locomotor organelles. Locomotor organelles 
include pseudopodia, flagella, and cilia. The sev- 
eral kinds of pspudopodia are retractable exten- 
sions of the body. Axopodia are slender, usually 


with an axoneme, and radiate (usually singly) from 
the body surface. Filopodia also are slender, hya- 
line, and taper from base to tip, but they have no 
axoneme and tend to branch and anastomose. Lo- 
bopodia are relatively broad and have rounded 
tips; the larger lobopodia show a granular endo- 
plasm. Myxopodia or rhizopodia are filamentous 


adoral zone 
frontal cirri 


e w micrc 


micronucleus inner circlet 


macronucleus 



cytopharynx 


Fig. 4. Hypotricha and Peritricha. (a) Euplotes. ( b ) colony. (/) Portion of colony ( Carchesium ) showing 

Vorticella. (c, d, e) Stages of fission in Vo rticella. stalk muscle ( after Conn). ( k ) Peristome of Vo rticelh, 

(f) Macro- and microconjugants in Vorticella ( after seen from above ( after Noland and Finley). (From 

Kent), (g) Vorticella , stalk contracted. ( h ) Arboroid L H. Hyman, The Invertebrates, vol. 1, McGraw~Hilh 

colony/ Opercularia. (/) Zooid from Opercularia 1940) 
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and branch and anastomose to form networks. 
Axopodia and myxopodia have a sticky outer layer 
in which a flow of cytoplasmic granules is charac- 
teristic. In the other types of pseudopodia, the 
outer layer is denser than the inner cytoplasm. 

Flagella. Flagella, found in Mastigophora and 
in flagellated stages of Sarcodina and Sporozoa, 
show an outer sheath enc losing a matrix in which 
an axoneme extends from a self-reproducing gran- 
ule, the blepharoplast, in the cytoplasm. In elec- 
tron micrographs, the axoneme is a bundle of fi- 
brils, 2 central and 9 peripheral in certain spe- 
cies. Delicate filaments, “mastigonemes” or “Flim- 
mer,” project from the sheath in certain species. 
The number of flagella ranges from one or two in 
most free- living species to hundreds in certain flag- 
ellates parasitic in termites. Although flagella usu- 
ally extend forward, a flagellum may be trailed 
along the body or mav form the margin of an un- 
dulating membrane In addition to flagellar ax- 
onemes, such organelles as the axostyle, paiabasal 
bod\, and costa mav he atta< bed to hlepharoplasts. 
Sec Poi ymasi imda; Protom as ugida. 

Flagellar locomotion, a< cording to one view, in- 
volves the piinciple of the screw. The basic func- 
lion of the flagellum would generally he to cause 
rotation of the flagellate on its major axis and gv- 
lalion about its path of lo< omotmn 

Cilia and myonemes. Cilia, although typicallv 
shorter than flagella, show a similai strut tuie. even 
to the number of fibnls m the axoneme From the 


basal granule of each cilium, a filament extends 
into the cytoplasm to join others in forming a 
longitudinal bundle, the basal fibril or kinetodesma. 
Such basal fibrils make up a fibiillar system, the 
neuromotor apparatus, which presumably coordi- 
nates locomotor at tivities. 

Gumps of cilia may be combined to form com- 
pound ciliary organelles. Membranes represent 
fused longitudinal rows of cilia; membranelles, 
several fused transverse rows (Fig. 4fl). Cirri rep- 
resent fused tufts of cilia, 3 20 or more. Mem- 
branes and membranelles usually occur in a buccal 
cavity leading to the cytostome. Cirri are piimarily 
locomotoi oiganelles. 

Contractile myoneme< occur typical!) in the cor- 
tex of ciliates, such as Spirostomum and Stentor , 
which can change shape rapidly. Similar myone- 
mes are found in inanv gregarines. Analogous con- 
ti at file fibrils occ ur in the stalks of certain ciliates 
like lortuella (Fig. 4b,g,/c), Can helium and 
Z ant ham mum 

Trichocysts. Trichocysts are found m the outer 
ovtoplasm of certain ciliates and flagellates. Mu- 
coid trie hoc vsts are elongated bodies which, under 
artificial stimulation, mav be ejected without ap- 
preciable change in form. In situ, they mav be 
vitally slaincd with neutral red and other dyes. Fil- 
amentous trie hoc vsts, as seen in Paramecium , Fron - 
tonia and otheis, show, upon dischaige, a pointed 
tip and a cross-striated shaft In electron micro- 
graphs, the -.haft shows transverse striations with 




Fig 5. Chromatophores, ocellus, amphosome and 
pyrenoids. (a) Chrdmatophores m Chlamydomonas 
agloeformis ( after Pascher). (b, c) Compound pyre- 
noids of Pyramidomonas, with adherent starch (after 
G eitler) (d) Stigma of Euglena. (e) Chromatophores 
in C. umbonata (aft fir Pascher ). (f) Chromatophores 
in C. inverse (after Pascher). (g) Chromatophores in 
Euglena geniculate (after Hollande). (h) Ocellus in 
Protopm (after Kofoid and Swezy). (D Chromato- 


phores in C. bicocca (after Pascher). (/) Chromato- 
phore in Peridmium umbonatum ( after Geitler). (k) 
Chromatophores in Colacium (after Johnson ). (I) Chro- 
matophore with pyrenoid and paramylum (after Hol- 
lande). (m) Ocellus in Erythropsis (after Kofoid and 
Swezy) (n) Amphosome (stained) in Cryptomonas 
(after Hollande). ( From R . P. Hall , Protozoology, 
Prentice-Hall , 1 953) 
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Fig. 6. Mitochondria, granules and osmophilic in- 
clusions. (a) Mitochondria in Polytoma {after Hoi - 
lande); ( b ) in Protoopalina ( after Richardson and 
Horning); (c) in Chilomonas {after Hollande). (d) Gran- 
ules in Chlamydomonas ( after Dangeard); (e) in Par- 
amecium {after Dunihue ); (f) in Euglena ( after Dan- 
geard). (g) Osmiophilic inclusions in Gregarina 
(gametocytes in cyst) ( after Joyet-Lavergne ); ( h ) in 
Paramecium (after Dunihue ); (i) in Protoopalina {after 
Richardson and Horning ). {From R. P. Hall, Protozool- 
ogy, Prentice-Hall, 1953) 

the same periodicity (about 55 m/i) in various hol- 
otrichous ciliates. In Oxyrrhis , supposedly a primi- 
tive dinoflagellate, discharged trichocysts show a 
similar striated shaft in which the periodicity is 
about 60 mp. So-called toxicysts. as found in Dilep- 
tus , after discharge show a nonstriated tubular por- 
tion attached to a basal capsule, and a rodlike tip. 
Toxicysts, upon contact with other microorganisms, 
produce paralysis or cytolysis in susceptible spe- 
cies. The trichocysts of Paramecium can be par- 
tially extruded to anchor the ciliate during active 
feeding. Mucoid trichocysts, especially in phyto- 
flagellates, may represent material accumulated 
for cyst walls and comparable layers. 

Inclusions. Contents of the endoplasm may in- 
clude a nucleus or nuclei, food vacuoles in holo- 
zoic species, chromatophores and stigma in many 
phytoflage Hates, mitochondria and osmiophilic in- 
clusions, stored food reserves, and such organelles 
as axostyles and parabasal apparatus in particular 
flagellates. 

Chromatophores. Many phytoflagellates have 
chromatophores (Fig. 5). These contain chloro- 
phyll, although the green color may be masked by 
other pigments (such as red, blue, brown, and yel- 
low). Specific types of pigments show some corre- 
lation with taxonomy. In electron micrographs, 
chromatophores show a membrane enclosing thin 
opaque lamellae which range from 18-32 mp, and 


alternate with slightly thicker layers of transparent 
material. In certain strains of Euglena , chromato- 
phores have been eliminated by exposing the flag- 
ellates to streptomycin, high temperature (36°C), 
and Pyribenzamine. Pyrenoids (Fig. 56,c,Z) are of- 
ten associated with chromatophores as in the Phy- 
tomonadida and certain Euglenida, but their taxo- 
nomic distribution may be erratic. In Euglenida, 
for example, pyrenoids may be present or absent 
in different species of one genus. Pyrenoids range 
from homogeneous bodies to clusters of granules 
and are embedded in or closely applied to chroma- 
tophores. Pyrenoids are usually assumed to partici- 
pate in synthesis of polysaccharides. 

Stigma. A stigma (Fig. 5 d) occurs in many 
green flagellates and some colorless strains. Studies 
on behavior, including comparisons of stigma-free 
mutants with formal Chlamydomonas , show that 
the stigma is a photoreceptor involved in re- 
sponses to light. The usual stigma contains reddish 
pigments, a plate of granules in Euglena , presum- 
ably carotenoids. The stigma often persists in 
bleached Euglena grown in light. An ocellus, a 
more complex photoreceptor showing a lenslike 
body enclosed in pigment, occurs in certain dino- 
flagellates (Fig. 5 h % m). 

Mitochondria. Mitochondria (Fig. 6 a,b,c) are 
more or less elongated inclusions, sometimes fila- 
ments, which in electron micrographs show a 
double wall, a matrix, and either folds (cristae) or 
fingerlike microvilli extending into the matrix. 
Cristae have been reported in Euglena and certain 
other phytoflagellates; microvilli, in Amoeba and 
several ciliates. In addition to mitochondria, small 
globules which can be vitally stained with neutral 
red are often present (Fig. 6 d,ej). Many species 
also show osmiophilic inclusions of comparable 
size. Some osmiophilic inclusions (Fig. 6 g,i) have 
been considered protozoan Golgi material. 

Food reserves. Food reserves are often stored 
discrete bodies in the cytoplasm. Polysaccharide 
reserves include paramylum. a glucose polymer of 
Euglenida: leucosin of Chrvsomonadida; starches 
of other phytoflagellate orders; glycogens of cili- 
ates, amebas, various flagellates, and Sporozoa. 
Under certain conditions, many species store lipids 
as small or large globules. Crystals, as seen in 
Amoeba , may represent stored food in some cases. 

Contractile vacuoles. Contractile vacuoles (Fig- 
76, /,#) occur in most fresh-water Protozoa and in 
certain parasitic and marine types. Such a vacuole 
shows a rhythmic cycle, that is, an origin, growth 
in volume, and discharge of contents. The growing 
vacuole may receive fluid from one or more con- 
tributory canals as in Paramecium , from fusion 
with small cytoplasmic vacuoles as seen in Eu- 
plotes , or perhaps by secretion through the vacuo- 
lar membrane as occurs in Eudiplodinium . Fluid 
is discharged through a pore which may be tem- 
porary as in Amoeba or may show a specific posi- 
tion as in the ciliates. Periodicity of the cycle 
varies with temperature, salinity, pH of the me- 
dium, and with activity of the organism. A presum* 
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ably analogous contractile tube, opening externally 
through several pores, occurs in the parasitic cili- 
ate Haptophrya (Fig. 7a). The major function of 
the contractile vacuole is that of eliminating ex- 
cess water which reaches the cytoplasm, through 
endosmosis, with ingested food, or by arising in 
metabolism. Waste products may be eliminated in 
the vacuolar fluid but the relative importance of 
this function is uncertain. In addition to contrac- 
tile vacuoles, so-called sensory vacuoles occur in 
certain parasitic and free-living ciliates (Fig. 
7c-e). 

Nuclei. Ciliates have two kinds of nuclei, the mi- 
cronucleus and macronucleus (Fig. 4«). and some- 
times more than one of either or both. The macro- 
nucleus may be a polyploid nucleus produced, in at 
least certain species, by repeated division of chro- 
mosomes in the macronuclear anlage arising in 
conjugation or autogamy. Piotozoa other than cili- 
ates have nuclei of one kind, although often more 
than one nucleus. In some species, structure of the 
nucleus may change during growth. It is reported 
that in certain radiolarian cycles the nucleus of 
the young organism develops into a polyploid nu- 
cleus of the adult. Protozoan nuclei, in addition 
to chromosomes, usually contain one or more non- 
chromatinic bodies such as the endosome or nu- 
cleolus. Kxrept foi the macronucleus of ciliates, 
nu< leai division involves mitosis. 

NUTRITION 

Food in solution may pass through the body wall 
in saprozoic feeding while solid particles pass 
through a temporary or permanent evtostome in 
hnlo/oic feeding. Herbivores feed mainly on bacte- 
ria or algae, carnivores on other Protozoa or small 
Metazoa, omnivorous types on a iricty of micro- 
organisms. 

Holozoic nutrition. Holozoic Protozoa take their 
food into food vacuoles formed at the ha * of a 
ullet or tentacle as in the Suctorida or, in a neboid 
ypes, the vacuole is derived from the surface of 
i the body during ingestion. After ingestion, con- 
tents of the vacuole soon become acid. Digestion 
follows and the products are absorbed. During this 
period, there is typically a rise in pH of the vac- 
uolar contents. Undigested materials are eventually 
eliminated. In ciliates, this typically occurs thiough 
a particular area (cytopyge ) in the body wall. 

Adult Suctorida typically have tentacles which 
function in feeding. The capitate tentacle shows a 
•terminal bulb (possibly a tuft of papillae em- 
bedded in amorphous material ). an outer sheath, 
ind an inner tube extending mio the endoplasm, 
n feeding, a tentacle adheres to a captured ciliate. 
'Protoplasm soon begins to flow down the iiyier tube 
into an enlargement which becomes a fotyd vacu- 
>le. The specific mechanism involved in the flow, 
hether it be suction, peristalsis or positive pres- 
ture from the punctured body of the prey, is still 
incertain. 

Nutritional requirements. Food requirements 
include minerals, sources of nitrogen and carbon, 


and usually one or more vitamins. Minimal re- 
quirements have been determined for some species 
in axenic cultuies. An ammonium salt or a nitrate 
is adequate as the nitrogen source for many phy- 
toflagellates. Other Protozoa need one or more 
amino acids. For example, Tetrahymena pyri - 
formis needs 10 or 11 amino acids, depending upon 
the strain. These are arginine, histidine, isoleucine, 
leucine, lysine, methionine, phenylalanine, threo- 
nine, tryptophan, valine, and usually serine. The 
remaining amino acids of proteins are synthesized. 
Carbon dioxide can serve as the sole carbon source 
for at least some of the photosynthetic flagellates. 
Other Protozoa need one or more additional com- 
pounds such as ethanol, acetale, butyrate, lactate, 
pyruvate, glucose and others in various species as 
a source of energy and material for synthesis. Suit- 
ability of particular compounds varies with the 
species. For example, glucose is excellent for cili- 
ates and many other Protozoa but not for Euglena . 

Trace minerals reportedly needed by one o t 
more species include calcium, cobalt, copper, iron, 
potassium, magnesium, manganese, phosphorus, 
sulfur, and zin< Also, growth of certain species 
may be stimulated by aluminum, boron, barium, io- 
dine, sodium, silicon, or vanadium. 

Vitamin requirements range from none in certain 
phytoflagellates such as some species of Hrachio - 



Fig. 7. Contractile vacuoles and tubes, (a) Contrac- 
tile tube in Haptophrya, an intestinal ciliate from a 
salamander (after MacLennan). ( b ) Contractile vacuole 
and pore in Eudiplodinium, a parasitic ciliate from 
ruminants (after MacLennan). (c, d, e) Sensory vacu- 
oles of Blepharoprosthium (after OogieD and Lojtodes 
(after Penard). (f, g) Contractile vacuole and con- 
tributory canals in Paramecium ( after King) and TiL 
lina (after Turner). (Prom R. P. Hall, Protozoology* 
Prentice^Hall, 1 9 S3) 
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monos, Chlorogonium and Chlamydomonas 9 to six 
or more in typical heterotrophs. Such differences 
in requirements indicate differences in the extent to 
which particular species can synthesize vitamins 
utilized in metabolism. Thiamin and vitamin B 12 
are most commonly required by phytoflagellates. 
In a few phytoflagellates an additional need for 
biotin or, rarely, for riboflavin (in Peranema) has 
been reported. Additional vitamins required by 
various other Protozoa include pyridoxine, panto- 
thenic acid, nicotinic acid (or nicotinamide), folic 
acid, and thioctic acid. Additional requirements oc- 
casionally include a sterol and one or more of the 
purine and pyrimidine components of nucleic 
acids. The presence of chromatophores does not 
eliminate the need for vitamins in many phyto- 
flagellates. 

Knowledge of specific vitamin requirements has 
been applied to microbiological assays involving 
Protozoa such as thioctic acid in Tetrahymena pvr- 
iformis and vitamin B 12 in Ochromonas malham cri- 
sis and Euglena gracilis. 

REPRODUCTION 

Reproduction in the less specialized Protozoa 
involves binary fission (Fig. 4c-e) or simple bud- 



Fig. 8. Reproduction, (o) Schizont of Ovivoro thalas - 
semae (after Mackinnon and Ray), (b) Schizogony in 
O. thalassemae (after Mackinnon and Ray), (c, d) 
Plasmotomy in Pelomyxa carolinensis ( after Kudo). 
(e) Coro nympha octonaria, vegetative stage showing 
nuclei and flagellar groups (after Kirby), (f) Nuclear 
groups at end of telophase/ just before plasmotomy 
In C. octonaria (after Kirby). (From R. F. Hall, Proto- 
zoology, Prentice-Hall, 1953) 


ding. Budding may be external or internal. Internal 
budding, seen in certain Suctorida, involves forma- 
tion of a bud within a brood pouch, an almost com- 
pletely closed invagination in the parental body. 
After the bud is formed, it is released through a 
“birth-pore.” In external budding, the bud is 
pinched off at the surface of the parental body. 
Multinucleate types often reproduce by schizogony 
(Fig. 8 a.b) or, in some cases, by plasmotomy. In 
schizogony a number of buds become separated 
from a residual mass of cytoplasm. In plasmotomy 
(Fig. 8c, d) a multinucleate organism divides into 
several cells, each with a number of nuclei. As a 
part of reproduction, nuclei divide either before 
or during division of the body. Other organelles 
vary in behavior. Parental flagella may be retained 
or, in certain species, resorbed at the beginning of 
reproduction. In either case, one or more new flag- 
ella must be produced to equip the daughter organ- 
isms. Blepharoplasts of flagella and basal granules 
of cilia seem to be self-reproducing. So is the ki- 
netoplast (parabasal body) of trypanosomes. Var- 
ious other parental organelles, such as the axo- 
styles and typical parabasal bodies as a rule, are 
more or less completely resorbed and new ones are 
produced in the daughter organisms. Fission of cil- 
iates may involve extensive reorganization of the 
body. There may be a resorption of locomotor or- 
ganelles in certain groups, and the formation of a 
new mouth with its associated organeUes. 

Life cycles. In simple cases life cycles mav in 
elude merely active and encysted stages. Speciali- 
zation may involve dimorphism or polymorphism in 
the <ttive phase (or sometimes in encysted stages) 
or the addition of a sexual phase, which may or 
may not be obligate. Dimorphism is represented by 
(1) larval and adult stages in Suctorida, (2) flag- 
ellate and ameboid stages in certain Mastigophora 
and Sarcodina, (3) flagellate and nonflagellated 
stages like the various phytomonad flagellates 
which form palmella stages, (4) amebic and plas- 
raodial stages as seen in the Mycetozoa. 

Encystment involves secretion of one or more 
membranes to form a cyst wall. Depending upon 
the species, the wall may or may not contain one 
or more emergence pores closed by thin mem- 
branes. Precystic activities include accumulation 
of reserve food, resorption of locomotor organelles, 
changes in form (toward the spherical in many spe- 
cies) and loss of water. Protective cysts (Fig. 
9a- d) have fairly thick walls and, in some species, 
may be resistant to desiccation. For example, dried 
evsts of Colpoda cucullus have remained viable for 
about 5 years. Within reproductive cysts (Fig. 
9e,/) fission or budding, or sometimes gametogene- 
sis and syngamy, occur in various species. 

Excystment involves absorption of water and 
rupture of cyst membranes, along with necessary 
reorganization of the body such as the regeneration 
of locomotor and feeding organelles in many spe- 
cies. 

Sexual reproduction. Sexual activities include 
syngamy, conjugation, and, in some ciliates, au- 
togamy. These processes involve meiosis followed 
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Fig. 9. Protective and reproductive cysts, (a) Protec- 
tive cyst of Ceratium (after Beers); ( b ) of Didinium 
( after Beers); (c) of Bursaria ( after Beers), (d) Encysted 
zygote of Vo/vox (after Janet), (e) Reproductive cyst 
of Gyrodinium, a dinoflagellate ( after Kofoid and 
Swezy); (f) of Colpoda, a ciliate (after Kidder and 
Claff). (From R. P. Hall, Protozoology, Prentice-Hall, 
1953) 

by the fusion of haploid gametic nuclei to pro- 
duce a diploid zygotic nucleus. In life cycles of 
the phvtoinonad flagellates, certain Coeoidia and 
gtegarines, meiosis occurs in an early division of 
the zygote and the organisms are haploid except 
in the zygote stage. In other cases, including con- 
jugation and autogamy, meiosis occurs prior to the 
formation of gametic nuclei; as a result, the or- 
ganisms are diploid except in the gamete stage. 

In sy ngam v, gametes may he similar in appear- 
ance as in Chfam ydomonas and are known a- iso- 
gametes. Gametes may show dimorphism (arusog- 
arny ) as in malarial parasite®, Vnlvox . and typi- 
cal Coeoidia. In conjugation the two conjugants 
are usually similar. In exceptional cases like V or- 
tirella and relatives, conjugation involves a miero- 
conjugant and a maeroconjugant (Fig. 10e,/) ; 
only the latter survives. 

Conjugation involves pairing of ciliates (rig. 
10) followed by divisions, usually three, of the mi- 
cronucleus. Reduction of chromosomes to the hap- 
loid number usually occurs in the first division. 
Some of the daughter nuclei ordinarily degeneiate, 
leaving two haploid gametic nuclei in each conju- 
gant. A migratory gametic nucleus is transferred 
from each conjugant to its mate, where it joins the 
stationary gametic nucleus to form a zygqtic nu- 
cleus. This diploid nucleus now divides one or more 
times, depending upon the species, and the prod- 
ucts differentiate into micronuclei and macronuclei. 
,The old macronucki degenerate during conjuga- 
tion. 

In autogamy, which occurs typically but not ex- 
1‘cluftively in unpaired ciliates, nuclear behavior is 
[similar, except that there is no exchange of ga- 
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metic nuclei. Instead, the gametic nuclei fuse to 
form a zygotic nucleus in the ciliate which pro- 
duced them. 

In order to conjugate, ciliates must belong to 
appropriate mating types. A species like Tetrahy - 
mena pyriformis or Paramecium aurelia contains a 
number of varieties, at least nine in T. pyriformis , 
and each variety contains two or more mating 
types. In general, conjugation occurs readily be- 
tween mating types belonging to a single variety, 
but much less readily or not at all between mat- 
ing types belonging to different varieties. Also, the 
viability of survivors from intervarietal conjuga- 
tions is usually low. In addition to the necessity 
for appropriate mating t pes. conjugation is fa- 
vored by starvation and, in at least certain species, 
bv the time elapsed since the last conjugation (ma- 
turity factor). Environmental conditions, such as 
temperature, must also be favorable. 

Syngamy, in isogamous phytomonad flagellates 
such as Chlamydomonas , apparently requires two 
types of gametes and is favored by nitrogen-star- 
vation. 

According to the concept of a “physiological life 
cycle,” strains of ciliates pass through a sequence 
of phases under laboratory conditions: (1) youth, 
(2) a phase of maturity in which conjugation can 
occur, (3) old age in which the ciliates undergo 
senescence and conjugation becomes impossible. 
Supposedly, the occurrence of senescence can be 
prevented by conjugation or by autogamy in cer- 
tain species. Although it is now clear that some 



Fig. 10. Conjugation, (a) Nyctotherus (offer Wichter- 
man ). (b) Pleurotricha ( after ManwelD. ( c ) Ancistro - 
coma (after Kofoid and Bush), (d) Cycloposthlurh ( after 
Dog i el), (e) Scyphidia ( after Thompson, Kirkegaard, 
and John), (f) Vorticella (after Finley ). (g) Buplotes 
(after Turner). (From R, F. Hall, Protozoology, Prentfce~ 
Hall, 1953) 
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species can be maintained indefinitely without 
conjugation, there is a possibility that autogamy 
replaces conjugation in some of these cases. How- 
ever, this cannot be true for the amicronucleate 
strains of Tetrahymena pyriformis , some of which 
have been maintained for more than 30 years. 

Parasitic species. Parasitic species are found 
in the four major divisions of Protozoa. All Sporo- 
zoa are parasitic, as are several orders of flagellates 
(Trichomonadida, Hypermastigida) and ciliate9 
(Astomatida, Apostomatida, Entodiniomorphida, 
Thigmotrichida). In addition, parasites occur in 
smaller taxonomic groups of Mastigophora, Sar- 
codina, and Ciliophora. Protozoa also serve as 
hosts for protozoan parasites like the Suctorida, 
small amebas, and Sporozoa as well as for bacteria, 
fungi, and algae. Some of the algal parasites like 
Chtorella in Paramecium bursaria are considered 
symbiotes. 

Many protozoan parasites (commensals) are 
more or less harmless. Others like certain intestinal 
flagellates of termites and cellulose-digesting fili- 
ates of ruminants are considered symbiotic, in that 
they are beneficial to their hosts. A relatively few 
species are distinctly pathogenic. Such pathogens 
include organisms causing amebiasis, kala-azar, 
African sleeping sickness, Chagas’ disease, ma- 
laria, tick fever of cattle, and other diseases. See 
Amebiasis; Chagas’ disease; Leishmaniasis; Ma- 
laria; Sleeping sickness, Airh an. 

Harmful effects mav be produced in various 
ways. Individual cells may be invaded and de- 
stroyed in malaria, leishmaniasis, and Chagas’ dis- 
ease; or tissues may be destroyed as in abscesses 
and* ulcers involving Entamoeba histolytica. The 
production of specific exotoxins by parasitic Pro- 
tozoa is doubtful, although potent toxins are pro- 
duced by certain free-living flagellates such as 
Prymnesium and Gonyaulax. 

Protozoan parasites may be transferred by such 
vectors as insects, ticks, by contamination of food 
or water, or by bodilv contact. In some cases, para- 
sites may pass through the placenta from mother 
to fetus (as in trypanosomiasis and occasionally 
malaria). Or, as in Babesia bigemma , parasites in- 
vade eggs in the ovary of a vector (in this case, 
a tick) and the next generation is infected from 
early development. Trypanosomes may be trans- 
ferred occasionally from a female to suckling 
young. [ R.p.h.] 

Bibliography : R. P. Hall, Protozoology , 1953; 
S. H. Hutner and A. Lwoff (eds. ), Biochemistry 
and Physiology of the Protozoa , vol. 2, 1955; L. H. 
Hyman, The Invertebrates , vol. 1, 1940; R. R. 
Kudo, Protozoology , 4th ed., 1954; A. Lwoff and 
S. H. Hutner (eds.). Biochemistry and Physiology 
of the Protozoa , vol. 1, 1951. 

Protozoology 

That branch of biology which deals with the Pro- 
tozoa Medical protozoology is concerned primarily 
with parasites of man; veterinary protozoology, 
with parasites of domestic animals. [r.p.h.] 


Bibliography ; C. F. Craig and E. C. Faust, Clini- 
cal Parasitology , 5th ed., 1951; B. B. Morgan and 
P. A. Hawkins, Veterinary Protozoology , rev. ed., 
1952. 

Protractor 

An instrument used to construct and measure an- 
gles formed by lines of a plane. In its simplest 
form, it consists of half of a circular disk of metal 
or transparent material, with the bounding semi 
circle graduated in degrees (from 0° to 180°). The 



midpoint of the diameter of the semicircle i* 
marked. It serves as the vertex of angles con 
structed or measured A more complicated three 
arm protractor is used in marine surveying See 
Angle; Navigaiion. [l.m.bi ] 

Protremata 

An order of specialized brachiopods of the ilass 
Articulata, with well developed articulation. The 
dorsal and ventral valves are variously convex. The 
exterior may be smooth, striate, costate or spinv 



(c) <d) 

Billingsella coloradoensis. (a) Dorsal exterior (Cam- 
brian/ Texas), (b) Ventral exterior (Cambrian, Idaho), 
(c) Replica of dorsal interior, (d) Replica of ventral in- 
terior. (From W. H . Twenhofel and R. R. Shrock, Prin- 
ciples of Invertebrate Paleontology, McGraw-Hill, 

1953) 
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Concentric growth lines may be well developed or 
obscure. The pedicle is confined to the ventral valve 
and the delthyrium is more or less closed by the 
deltidium. The cardinal area is well developed in 
this group. Brachial supports are absent or rudi- 
mentary. The shell substance is either calcareous 
[>r composed of prismatic fibers. This order de- 
scended from the Palaeotremata. through the super- 
family Kutorginacea. They appeared in the Cam- 
brian and became almost extinct by the close of the 
Paleozoic. A few lived through the Mesozoic to the 
present. Living members have been recorded from 
the West Indies, New Hebrides, Christmas Island, 
Mauritius, and Mediterranean. Their geological 
range is from the Cambrian to Recent. See Anrini- 

1 a i a (Brachiopoda). Tk.h.| 

Protura 

An order of primitive wingless insects belonging to 
the subclass Aptervgota. These insects are less than 

2 mm in length, elongate, fragile, eyeless, and trom 
pale amber to white in color. They hear several 
characters which are unique in the cldss Insecta, 
and which have led some authorities to plac e them 
m d separate class, the Mvrientonidta Their meta- 
morphosis is called anamorphosis; that is, a seg- 
ment is added to the abdomen dt eaeh of the three 
molls, d condition found in some of the lower 
Aithiopodd Further, they are the only insects in 
which antennae* die absent The prothorae ic legs 
func tionalh leplaee these strut tuie* These legs 
are long, held anteiolateially to the head, and hear 
long sensoiv bans The mouthparts are composed 
of long slender stvlets One fanuh. the Eosentomi- 
dae. possesses spiracles and tracheae, while the 



ersntulus bprberi. (From H. E . Ewing, Ann. Entomol. 
5oc. Am., 33(3) : 497, 1940) 


other, the Acerentomidae, lacks these structures. 
Protura inhabit moist and decaying vegetation or 
moss and are most easily recovered through the use 
of a Berlese funnel. Verv little is known of their 
biology. Originally described ftom Italy in 1907, 
they have since been found to be distributed 
throughout the world. Although once considered 
rare, they sometimes occur in large numbers in 
extractions from leaf mold. See Appkrycota; In- 
SE( TA. fH.B.MI.] 

Bibliography : H. E. Ewing, The Protura of North 
America, Ann. Entomol. Sor. 4m ., 33:495 551, 
1950; H. B. Mills, Catalogue of the Protura, 
Brooklyn Entomol So ( Boll , 27:125 130. 1932. 

Proustite 

A mineral having composition Ag^AsS-? and crystal- 
lizing in the hexagonal system. It occurs in pris- 
rndtic rr>stals terminated bv steep ditrigonal pyra- 
mids. but is more commonly massive or in 
disseminated grains. There is good ihombobedral 
cleavage The hardness is 2 2.5 (Mohs scale) and 
thf* spec ifu gravity is 5.55. The luster js adamantine 
and the color rub\ red It is called light ruby silver 
in contrast to pyrargyrite, dark ruby silver. Proust- 
ite is less common then pyrargyrite but the two 
minerals are found together in silver veins. Noted 
localities are at Chanarcillo, Chile; Freiberg, Ger- 
many; Guanajuato, Mexico; and Cohalt, Ontario, 
Canada Sec Pyrargyri rF ; Silver mktaiutrgy. 

[c.s.hu.1 

Pseudoalleles 

Closely linked genes with similar effects. Pseudoal- 
leles are exceptions to the general rule that genes 
which ailed related functional processes in the or- 
ganism drt* more or less randomly distributed 
throughout the chromosomes. Pseudoalleles lie close 
together in the chromosome and are more or less 
closely related to one another in then functions. As 
siuh, they provide evidence that the spatial ar- 
rangement of the genes in the chromosome plays a 
role in determining gene action. See Gfnf action. 

Pseudoalleles are thought to be closely linked 
genes, because crossing o\tr. which is the orderly 
process of recombination noimally occurring be- 
tween members of a pair of homologous chro- 
mosomes, occurs only rarely between them. For 
example, the probability of crossing over per gener- 
ation between most known cases of pseudoallelic 
genes is seldom greater than 0.001 and more often 
it is 0.0001 or less. See Rt combination, genetic. 

Cis-trans effect. In many cases the heterozygote 
between two recessive mutants at neighboring 
pseudoallelic loci has a different appearance or 
phenotype depending upon how the alleles are dis- 
tributed between the pair of homologous chromo- 
somes. Thus, if a and b symbolize the two reces- 
sive pseudoallelic mutants, then the heterozygote 
«H-/+6 often has a mutant phenotype, whereas the 
U&/+- 1- heterozygote has a nonmutant or wild-type 
phenotype. The former is known as the trims het- 
erozygote and the latter as the cis heterozygote. 
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The difference in phenotype between the two is 
sometimes called the cis-trans effect and is an im- 
portant and perhaps the simplest example of the 
phenomenon of position effect. Pseudoalleles which 
behave in this way are said to be position pseudoal- 
leles. One possible interpretation of this behavior is 
that such pseudoalleles control sequential steps in a 
chain of chemical reactions involving chemical com- 
pounds which for some reason are not readily dif- 
fusible from one chromosome to anothei. On this 
basis, the wild-tvpe alleles of a and b are expet ted 
to function more efficiently when together in the 
same chromosome, as in nh/-+-+, than when they 
are separated into opposite chromosomes as in 
a+/+b (see Allfle; Muiation) 

Cistron concept. According to another terminol- 
ogy which is in use, the genes a and b are said to 
belong to the same functional unit or cistron if the 
hetero/ygote a-\-/+b is mutant in appearance If 
that heterozvgote is wild-type in phenot\pe, a and 
b are said to belong to two different cistrons How- 
ever, a number of difficulties can arise, for exam- 
ple, there can exist mutant alleles of a third pseu 
doallelic locus, say c, such that a4-/-fc and 
b-f / are mutant even though a-\-/+b is wild- 

type Thus, the use of the cistron com ept to define a 
genetic unit leads to ambiguities in some cases A 
crossing-over analysis remains a more satisfactory 
way of clearly distinguishing between a multiple 
allelic and a pseudoallelic series The ultimate unit 
of crossing over has been termed the recon 

Possible examples in man. The pattern of in- 
heritance of the Rhesus blood groups in man is 
sometimes considered to be an example of a pseu- 
doallelh series composed of at least three loci 
which are designated 6\ /), and E y it mav also he 
considered to he a multiple allelic scries of a single 
gene which is symbolized R for Rhesus The correct 
intei pretation remains m doubt because of the 
difficulty imolved in performing rigorous crossing- 
over analyses in man See Bl ooi) groups 

Recombination between pseudoallelic genes has 
been shown to produc e reciprocal recombinant 
types simultaneously as the result of a single ex- 
change between the two loci In microorganisms, 
and perhaps m higher organisms, there is another 
process sometimes called gene conversion which 
resembles crossing over in its effect, but which is 
nonreciprocal and not necessarily associated with 
recombination of neighboring genetic loci It is not 
clear whether gene conversion occurs between mul- 
tiple alleles or between pseudoalleles When the 
relationship between gene conversion and crossing 
over is better understood, it will be possible to de- 
fine the limits of the ultimate genetic unit more 
precisely. See Gene; Genetics. [e b.l.] 

Pseudoborniales 

An order of fossil plants found in Middle and Up- 
per Devonian rocks. The group is related to Sphe- 
nophyllales and includes a single family and two 
monotypic genera. Pseudobornia ursina is known 
from Bear Island (north of Norway) , and Germany. 



Pseudobornia , node with three leaves ( Modified from 
A G Nathorsf ) 

Prossenn grandis is found in New York State 
Sphenopsid charac ters are more firmly established 
in this order than in Hyeniales 

Pseudobornia , the better known of the two, ha*' 
rhizomes and stems up to 6 cm wide and over a 
meter long Hie axes are punted Larger axes bear 
two branches at a node and smaller ones have 
whorls of four leaves The leaves are ^ S 6cm long 
short-stalked, palmately divided, and they ha\e 
lac miate margins Fertile shoots bear reduced 
leaves with sporangia on their low#pr sides S n 
HyFNIALFS, PaI 1 OBOTANY, SPIUJNOPHYI I AI F S 
Sphlnopsida I H P B ] 

Pseydocoelomata 

\ group comprising the animal phyla Entoprocta 
and Aschelminthes in whn h there is an unlined 
space between the body wall and the digestive tract 
and other internal organs The -.pace, a relic of the 
embrvomc blastocoele. is not a true coelom or bod\ 
cavity because it lacks a cellular lining or perito 
neum In members of this group, the digestive trad 
includes an anus; protonephndia are either lack 
ing or present and may or mav not have flame cells 
See Acoelomaia; Eucoflomaia [t i s 1 

Pseudomonadaceae 

A family of bacteria of the suborder Pseudomona 
dineae. The microorganisms are gram-negative and 
nonsporeforming. A few species in the genus Pseu 
domonas are pathogenic for plants, animals, and 
humans; nearly all Xanthomonas species are path 
ogenic for plants; and species in the genus Areto 
monas are used m industrial mu lobiological 
processes for the production of vinegar, gluconic 
acid, and /-sorbose. Motile species invaiiahlv po s * 
sess one or more flagella attached at the poles of 
the cells. Nonmotile types resembling motile »P e * 
cies are also included in the Pseudomonadaceae 
Photosynthetic pigments are not found, but Other 
types of pigments such as pyocyanin and fluorefr 
cein are common. Many species require free access 





to air for growth to occur, but others can also grow 
when air is excluded. 

The majority of cells are rod-shaped to ovoid 
and therefore distinguishable from the comma- and 
spiral-shaped cells of the Spirillaceae. The cells, 
unlike those of the Caulobactcriaoeae and the Sid- 
erocapsaceae, are never attached to a substrate by 
a stalk or a mucilaginous excretion, nor do they 
deposit iron or manganese in or on their cell walls, 
or capsules (thickened layer of slime surround- 
ing each cell, or aggregation of cells). The inabil- 
ity of members of the Pseudomonadaceae to con- 
vert ammonia to nitrites, nitrites to nitrates, or to 
oxidize hydrogen, carbon monoxide, methane or 
inorganic sulfur compounds differentiates them 
from the Nitrobacteriaceae, the Methanomonada- 
ceae and the Thiobacteriaecac. 

Thirteen genera comprise the family, some of 
them little more than names to the majority of bac- 
teriologists. Five of these ( Aeromonas , Photobar - 
terium , Kluyvera , Azotomonas , and Zymomonas) 
are composed of bacteria that can decompose sug- 
ars in the absence of oxygen with the formation of 
characteristic end products. The delineation of the 
other genera is at present based on characteristics 
of rather different sorts. Psri domonas , Xanthomo- 
nas, and A< etomonas in addition to the five genera 
previously mentioned are fairly well known to bac- 
teiiologists. The remaining five genera ( P rot amino - 
hart**, Alginomonas , Mycoplana , Zoogloea , and 
Malabar te-ium) are known only to specialists. .Sec 
Tl Ml A I M t T A BO I ISM. 

Well-known genera. The eight well-known gen- 
era are discussed in this section 

Pseudomonas is the type genus after which the 
family is named. It indudes a variety of species - 
several cellulose decomposers, a few human and 
animal pathogens (disease agents), main plant 
pathogens and a number which are troublesome in 
various industries. Most species are sttictly aero- 
bic, whi< h means that they must have free ar cess to 
oxygen for growth to occur, but several specie- ( an 
grow anaerohicallv. if nitrate or nitrite is present 
to serve as a hvdiogen (01 electron) acceptor. 
Some representatives may produce gluconic. 2 -ke- 
togluconic, rc-ketoglutaric, pyruvic and succinic ac- 
id in glucose media; other more or less distinctive 
products are polymers such as mannans and extra- 
cellular nucleic acids and water-soluble pigments, 
some of which have antibiotic properties. The aiot 
ity of some species to produce soluble pigments, 

, s>uch as the typical green fluorescence of cultures 
of certain Pseudomonas species, makes them famil- 
iar to most bacteriologists. Pseudomonads, as mem- 
L hers of the genus are familiarly known, are common 
[in soil and water, hence, ubiquitous in distribu- 
tion. 

Three species are widely known, although, many 
|others are recognized in books of determinative 
^bacteriology. One of these. Pseudomonas aerugi - 
osa, is the type species. It is also known as the 
blue pus organism because its presence in wounds 
peads to blue suppuration. The color is imparted 



1 - Pseudomonas 2 - Xanthomonas 3- Photobactenum 
4 - Zoogloea 5- Holobacferium 

Some genera of the Pseudomonadaceae. (V. B. D. SJcer- 
man) 

by a soluble pigment, pyocyanin, which is produced 
by typical strains. Pseudomonas aeruginosa is a 
pathogen for man. animals, and plants. A more vir- 
ulent animal pathogen is Pseudomonas pseudomal- 
lei , the causative agent of a glanderslike infection 
(see Mhuomosis). Pseudomonas fluorescens> al- 
though a well-described species in its own right, is 
sometimes a catchall for nonpathogenic isolates 
whose soluble pigments are not extractable with 
chloroform 

Xanthomonas is primarily a genus of plant path- 
ogens causing leaf, stem, and fruit spots, and occa- 
sionally blight of plants. Members produce a yellow 
carotenoid pigment which is insoluble in the cul- 
ture medium. Ti mainly by virtue of this latter 
charac teristic that xanthomonads are differentiated 
from pseudomonads Xanthomonas cells are nor- 
mally monotrichous, that is, possess a single polar 
flagellum. They can oxidize a large variety of sub- 
stances, but the products of their metabolism are 
not distinctive. Except to plant pathologists, they 
are not well known. 

Acetomonas , comprising the polarly flagellated 
vinegar or acetic acid bacteria, is differentiated 
from Pseudomonas and Xanthomonas on the basis 
of the ability of its species to produce readily de- 
tectable amounts of acetic acid bv the oxidation of 
ethanol (ethyl alcohol). Nearly every species of 
Pseudomonas also can oxidize ethanol, but special 
means are required to detect the small amounts of 
acetic acid they produce. It has been suggested 
that the virtual intolerance to acid of Pseudqpionas 
species in contrast to the tolerance of acetobarters 
might be a more definitive distinction. Although 
this suggestion has merit, a method for accomplish- 
ing the separation on this basis has not been pro- 
posed. 

The inclusion of Acetomonas instead of Aceto- 
bacter among; the Pseudomonadaceae is a devia- 
tion from the classification in the seventh edition of 
Ber gey's Manual of Determinative Bacteriology . 
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The change is based on the work of Einar Leifson 
(1954) and J. L. Shimwell (1958). The old genus 
Acetobacter encompassed both polar and peritri- 
chous species. Inasmuch as the type species, A. 
aceti , is peritrichous, a new genus name was needed 
for the polarly flagellated species. The name Aceto- 
bacter is retained for the peritrichously flagellated 
acetic acid bacteria. It is included in the family 
Achromobacteraceae. See Achromobacteraceae. 

Acetobacters are used industrially for the pro- 
duction of vinegar and acetic acid. Other common 
products of their oxidative activity are gluconic 
and 5-ketogluconic acids from glucose, dihydroxy- 
acetone from glvcerol, and sorbose from sorbitol. 

Aeromonas is composed of pseudomonads which 
physiologically resemble bacteria of the genus 
Aerobacter , family Enterobacteraceae of the Eu- 
bacteriales. As presently constituted, Aeromonas 
contains only four species, three of which are 
known pathogens of fish and amphibians. 

Photobacterium differs from Aeromonas princi- 
pally in that its species are luminescent; their cul- 
tures emit light and thus glow in the dark. Photo- 
bacteria are found in association with dead fish 
and other salt-water animals. 

Azotomonas inhabits the soil. Otherwise it is dis- 
tinguished from Aeromonas because of its ability 
to fix atmospheric nitrogen. 

Kluyvera reputedly is the polar-flagellate coun- 
terpart of the genus Escherit hia, family F.ntero- 
bacteriaceae, order Eubacteriales. Kluyvera species 
are especially notable for producing high yields of 
o-ketoglutaric acid. The authentic itv of this genus 
has been questioned by B. P. Eddy. 

Zymomonas differs from the other fermentative 
pseudomonads in that it causes a typical alcoholic 
fermentation of sugar The final alcohol concentra- 
tion in the medium may reach 10%. Hence Zymo- 
monas is used in the production of alcoholic bever- 
ages such as pulque and beer. 

Little-known genera. The remaining five genera 
in this group are little known except to specialists. 

Protaminobacter is a genus which receives sepa- 
rate recognition because its members utilize alkyl- 
amines as the sole source of carbon. Otherwise it is 
not distinctive. 

Algmomonas is set apart because members of this 
genus are able to decompose alginic acid. Most 
species are inhabitants of the seas 

Mycoplana was probably selected as the name 
for this genus to signify a resemblance to fungi 
(myces). The resemblance is faint, however, resid- 
ing in the propensity of some cells, especially when 
young, to show branching. Phenol and similar aro- 
matic compounds are utilized as the sole source 
of energy. Mycoplana is probably widely distrib- 
uted in soil. 

Zoogloea is the name of a genus of rod-shaped 
bacteria which produces zoogloeal (gelatinous) 
masses in water containing decomposing organic 
matter. Its members participate in the oxidation of 
sewage and industrial wastes. Zoogloea ramigera 
is especially common in the floes formed during 


sewage purification by the activated sludge proc- 
ess. 

Halobacterium is a genus of bacteria which re- 
quires the presence of at least 12% salt for growth. 
Carotenoid pigments of orange to red shades are 
produced by some species. Bacteria of this genus 
are found in tidal pools, salt ponds, salt seas, and 
on salted fish and salted hides. See Bacterja, tax- 
onomy of; Mf/ihanomonadaceae; Nitrobacif- 

RIACEAI ; PsF.UDOMONADINF.AF- ; S( HIZOMYCF.TES ; 
Thiobacifriaclae. f W.C.H. 1 

Bibliography : T. Asai et al., Proc . Imp. Acad 
Japan , 32:488, 1956; R. S. Breed et al. (eds. ). 
Bergey*s Manual of Determinative Bacteriology , 
7th ed., 1957; B. P. Eddy, J. Appl. Bact., 23:216 
249, 1960; E. Leifson, The flagellation and tax- 
onomy of species of Acetobacter , Antonie van Leeu- 
wenhoek , J. Microbiol. Serol. , 20:102 110. 1954; 
J. L. Shimwell. Flagellation and taxonomy of 
Acetobacter and Acetomona ^ Antonie van Leeu 
uenhoeky J . Microbiol. Serol., 24:187-192, 1958. 

Pseudomonadales 

An order of bacteria of the class Schizomvcetes 
Some of these organisms are parasitic and some 
pathogenic, causing diseases of fish, animals, and 
man (cholera). The species are commonly found in 
the soil and in both fresh and salt waters. Bacteria 
of the Pseudomonadales are often thought to he the 
most primitive among the Schizomyt eles bee dust* 
of their lack of morphologic al differentiation and 
the ability possessed by many members of the 
order to exist on relatively simple, primarily #n 
organic nutrients. 

Bactena in this order have rigid cells which ma\ 
he ovoid, rod-shaped, comma-shaped, or spiral in 
form. The cells,|6sually 1 micron (/t) m diameter 
may occur singly, in pairs, and, rarely, in short oi 
long chains. A few species are exceptional in that 
diameters of 3-14 /c and lengths of 100 /x have 
been reported. A majority of the species studied 
are gram-negative (see Gram’s stain). Endo 
spores are not found in these bacteria Representa 
tive genera of this order are shown m Fig 1. 

Most of the members of the Pseudomonadales 
are motile by means of one or more whiplike ap 
pendages (flagella) which are attached to one or 
both ends, or poles, of individual cells (Fig. 2) 
In one genus ( Selenornonas ) the crescent-shaped 
cells have tufts of flagella in their inner curvature 
Motile forms in the ordeis Chlamydohacteriales 
and Hvphomicrobiales are also characterized by 
possession of polar flagella. Chlamydohacteriales 
are distinguished from Pseudomonadales by the 
formation of trichomes, permanent associations of 
dividing cells which may show differentiation into 
holdfast and reproductive cells. The trichomes are 
often surrounded by sheaths composed of an or- 
ganic matrix which may be impregnated with 
oxides of iron or manganese. Differentiation be- 
tween Pseudomonadales and Hyphomicrobiales de 
pends upon the fact that multiplication of cells tt> 
the latter order is by budding or by budding and 
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Kay genera (family) 
1 . Nitrosomonas (Nitrobacteraceae) 

2 Nitrosococcus (Nitrobacteraceae) 

3 Nitrosospira (Nitrobacteraceae) 

4 Nitrosocystis (Nitrobacteraceae) 

5 Hydrogenomonos (Methanomonadaceae) 

6 Thiobacferium (Thiobacteriaceae) 

7 Macromonas (Thiobacteriaceae) 

8 Thiovulum (Thiobacteriaceae) 
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9. Thiospira (Thiobacteriaceae) 

10. Pseudomonas (Pseudomonadaceae) 

1 1 . Zoogloea (Pseudomonadaceae) 

1 2. Caulobacter (Caulobacteraceae) 

13 Galhonella (Caulobacteraceae) 

14. Siderophacus (Caulobacteraceae) 

1 5 Nevskia (Caulobacteraceae) 

16. Naumanmella (Siderocapsaceae) 


it 


17. Siderococcus (Siderocapsaceae) 
1 8 Vibrio (Spirillaceae) 

19. Cellfalcicula (Spirillaceae) 

20. Microcyclus (Spirillaceae) 

21 . Spirillum (Spirillaceae) 

22 Paraspmllum (Spirillaceae) 

23. Selenomonas (Spirillaceae) 


Fig 1 Representative genera of the Pseudomonadales. (V 8. D. Skerman) 


i HI division whereas in the former only cell divi- 
sion (fission) is known to occur (see Reproduc- 
iion, animal). 

Many bacteria of this order form pigments. 
Those which produce photosynthelir pigments are 
grouped together as a suborder called the Rhodo- 
hatteriineae (see Photosynthesis) ; the re- 
mainder, some of which make other types, are clas- 
sified in the suborder Pseudomonadineae. Pigments 
which are soluble in the culture medium are more 
(ornmon in certain genera of this suborder than 
elsewhere among the Schizomycetcs. The ability to 
produce pigments, especially of the sort soluble in 
the culture medium, is sometimes lost. The classi- 
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Fig- 2. Polar-flagellate bacterium ( Pseudomonas sac- 
charophila ). ( Photomicrograph by Einar Leif son, Loyola 
University) 


fication and identification of such variants is often 
troublesome. See Bacteria, taxonomy of; Bac- 
terial ENDOSPORES; BACTERIAL MOTILITY; PSEp- 
DOMON adineae ; Rhodobacteriineae ; Schizomy- 

CETES. [W.C.H.] 

Pseudomonadineae 

A suborder of bacteria of the order Pseudomona- 
dales. Some species are human, animal, or plant 
pathogens ; others are organisms used in industrial 
fermentation processes. The following families 
of the Pseudomonadales whose cells do not con- 
tain photosynthetic pigments are included in the 
suborder: Nitrobacteraceae, Methanomonadaceae, 
Thiobacteriaceae, Pseudomonadaceae, Caulobacte- 
raceae, Siderocapsaceae, and Spirillaceae. They 
have the other characteristics of the order (see 
Pseudomonadales). Many bacteria of this sub- 
order produce non photosynthetic pigments, some 
o 1 which are soluble in the culture medium. See 
Pseudomonadaceae. 

The first four families listed above are composed 
of rods which are normally straight or coccoid and 
which display few or no distinctive morphological 
features. Their differentiation, therefore, is based 
on unique physiological characteristics. The re- 
maining three families have cells which are curved, 
spirally twisted, coccoid, ellipsoidal, or rodlike. 
-Their differentiation is primarily morphological. 
The principal characteristic of the Spirillaceae is 
the presence of curved or spirally twisted cells 
which do not have stalks and are not embedded in 1 
a capsule, a thickened layer of slime which sur- 
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rounds each cell or aggregation of cells. The best- 
known members of this family are the human and 
animal pathogens, Vibrio comma (causative agent 
of Asiatic cholera), and Vibrio fetus (causative 
agent of abortion in cattle and sheep). Unlike the 
free-living cells of the Spirillaceae, those of the 
Caulobacteraceae normally are attached to a sub- 
strate by branching or unbranching stalks. Float- 
ing forms are also known. Bacteria of the family 
Siderocapsaceae do not possess stalks, but their 
cells are usually embedded in a thick mucilaginous 
capsule in which iron or manganese compounds 
may be deposited. They may be free-living or 
attached to surfaces of submerged objects. Neither 
the caulobacteria nor members of the Siderocap- 
saceae are familiar to most bacteriologists. See 
Caulobacteraceae ; Siderocapsaceae ; Spirilla- 
ceae. 

Among the free-living straight-rod forms are 
some which are able to oxidize ammonia to nitrites, 
or nitrites to nitrates; these belong to the Nitro- 
bacteraceae. Others which oxidize methane, hydro- 
gen, or carbon monoxide are assigned to the 
Methanomonadaceae. The Thiobacteriaceae em- 
brace those forms which oxidize sulfur compounds, 
frequently with a deposit of free sulfur globules or 
crystals within the cells or in the surrounding 
medium. The bacteria of these three families also 
are little known to the majority of bacteriologists. 
See Methanomonadaceae; Nitrobacteraceae; 
Thiobacteriaceae. 

Rod forms which belong to the Pseudomona- 
dineae but are not assignable to any one of the 
families described above are relegated to the Pseu- 
domonadaceae. This family is physiologically het- 
erogeneous because it encompasses both oxidative 
and fermentative bacteria. The oxidative types are 
best known, primarily because of their economic 
importance. Among them are a majority of the 
plant pathogenic bacteria and the human and ani- 
mal pathogens Pseudomonas pseudomallei and 
Pseudomonas aeruginosa . Also included are several 
species capable of carrying out industrial fermenta- 
tions (vinegar, 2-ketogluconic acid, and sorbose) 
and others which cause damage to dairy and poul- 
try products. Many species, especially in the genus 
Pseudomonas , are able to produce pigments which 
are soluble in the culture medium. See Industrial 
microbiology. [w.c.h.] 

Bibliography : R. S. Breed, E. G. D. Murray, and 
N. R. Smith (eds.), Bergcy’s Manual of Determina- 
tive Bacteriology , 7th ed., 1957. 

Pseudomonas aeruginosa 

A species of the bacterial genus Pseudomonas , 
which is also known as Pseudomonas pyocyartae or 
Bacterium pyocyaneum . It is a nonsporeforming, 
motile, gram-negative rod with 1-3 flagella. It pro- 
duces a greenish-yellow pigment called fluorescein 
and a bluish-green antibacterial pigment known 
as pyocyanin. 

Pseudomonas aeruginosa is found in the 
intestinal tract and sometimes on the skin of 


man and animals, as well as in sewage and pol- 
luted water. It may cause urinary and wound in- 
fections and, occasionally, infant diarrhea, menin- 
gitis, or septicemia. Infected wounds produce a 
peculiar blue pus because of the pigments of the 
bacterium. See Bacteriology, medical; Pseu- 
domonadaceae. [a.j.w.] 

Pseudophyllidea 

An order of tapeworms of the subclass Cestoda, 
parasitic in the intestine of all classes of verte- 
brates. Typically, the head is simple in structure 
with two groovelike attachment organs (Fig. la), 
the bothria. 

Most pseudophyllideans are segmented and poly- 
zoic with replication of the reproductive systems, 
although there are a number which do not show 
such replication and are monozoic. The genital 
openings are typically in the midline rather than 
lateral and there is usually $ uterine pore in the 
midline from which embryos are discharged 
(Fig. lb). Dibothriocephalus latus , the broad or 
fish tapeworm of man and certain piscivorous mam- 
mals, is a pseudophyllidean. In man, this worm 
sometimes precipitates a pernicious anemia by 
competing with the host for vitamin B 12 . 



Fig. 1. (a) Scolex of Dibothriocephalus . (b) A pseudo- 

phyllidean segment, diagrammatic. 


After leaving the intestine of the mammalia,n 
host, the ciliated embryo, or coracidium, of D . latus 
escapes from its shell and must be eaten by an 
arthropod, a copepod of the genus Cyclops or Di- 



Fig . 2. Dibothriocephalus. (a) Procercoid larva, (b) Pie- 
rocercoid larva. 
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aptomus . In the copepod, the embryo develops into A few species are found in barns and chicken 

a procercoid (Fig. 2a). For development to con- houses and the virtually cosmopolitan species, Che- 

tinue, the copepod must be eaten by a fish in which lifer cancroides , is frequently found in libraries 

the worm develops into a plerocercoid larva and dwellings. Tertiary fossil pseudoscorpions 

(Fig. 26) . If this plerocercoid is eaten by the mam- from Baltic amber are very similar to modern 

malian host, the worm rapidly grows to sexual ma- forms. fc.C.HO.] 

turity sometimes attaining a length of more than Bibliography : M. Beier, Pseudo scorpionidea , in 
30 ft. Larval pseudophyllideans are occasionally F. E. Schulze and W. Kiikentha! (eds.), Das Tier - 

found as parasites in the extraintestinal tissues of reich , vols. 57-58, 1932; J. C. Chamberlain, The 

man, producing a condition known as spargano- arachnid order Chelonethida, Stanford Univ, Pubis., 

sis. See Cestoda; Sparganosis. [c.p.r.] Biol. Sci. , 7(1) : 1-284, 1931; C. C. Hoff, List of the 

Bibliography : L. A. Hyman, The Invertebrates , pseudoscorpions of North America north of Mex- 

vol. 2, 1951; R. A. Wardle and J. A. McLeod, The ico, Am. Museum Novitates, 1875:1-50, 1958. 

Zoology of Tapeworms , 1952. 

. Pseudosphaeriales (lichenized) 

Pseudoscorpiom a An order of the class Ascolichenes, shared by the 

An order of terrestrial Arachnids having the gen- class Ascomycetes. The order is also called the 

eral appearance of miniature scorpions without Pleosporales. The genera now assigned to this 

the postabdomen and sting. These animals are also order were formerly classified in the Pyrenulales. 

known as the Chelonethida. The body length is They resemble the typical pyrenomycetous lichens 

seldom greater than 5.0 mm. Typically, each finger except for the structure of the ascocarp, which is 

of the anterior appendages, or chelicerae, has a not a true perithecium. It is flask-shaped and lined 

^errula composed of a row of ligulate plates. Ducts with a layer of interwoven, branched pseudo- 

of «ilk glands open near the end of the movable paraphyses. The asci, with bitunicate walls, are 

finger, often in connection with a simple or located in scattered locules. Little is known about 

branched spinneret, or galea. The second pair of the structure and development of these ascocarps. 
appendages, or palpi, are large and < onspicuous, Except for the presence of symbiotic algae, these 
usually with glands that discharge venom thiough lichens are very close to the nonlichenized Pseudo- 

a terminal tooth on one or both of the chelal fin- sphaeriales, but none are pathogenic. The usual 

gers. The four pairs of legs are ambulatory. Eggs habitat is tree bark, and the species are common 

and larval young are frequently carried on the un- in temperate and tropical regions. There are two 

derside of the abdomen of the female. Pseudo- major families. The larger one, Arthopyreniaceae, 

srorpions feed chiefly on small arthropods and, al- is a widespread family with at least 5 genera, the 

though frequently found on birds, mammals, and largest of which, Arthopyrenia , has more than 50 

insects, are considered nonparasitic. Pseudoscorpi- species. The Mycoporaceae is a small family with 

ons are common in the nests of mammals, birds, two well-known genera, Dermatina and Mycoporel - 

and social insects, in woody debris and forest litter, lum. All of the species in this order are crustose 

under stones, and in crevices in the bark of trees. and many lack a well-defined thallus. See Asco- 
lichenes. [M.E.H.] 

Pseudotuberculosis 

A disease of rodents and birds caused by a bacte- 
rium, Pasteur ella pseudotuberculosis. The disease 
i.< occasionally transmitted to man. 

Pasteurella pseudotuberculosis is a large, pleo- 
morphic, flagellated organism, occurring in chains. 
It is motile at 18~22°C and gram-negative, since it 
stains red with Gram’s stain. Occasionally the ends 
of the organism will stain more intensely than the 
c*nter (bipolar staining). 

The organism will grow on a medium containing 
bile salts, and in an amino acid solution without 
accessory growth factors. The organism hydrolyzes 
urea and does not produce gas in a carbohydrate 
medium. 

This sporadic, or epizootic, plaguelike disease in 
rodents and animals causes small abscesses in the 
liver, spleen, and intestinal wall. In humans, the 
infection has been reported as an acute fatal 
septicemia in 15 cases. The organisms may localize 
in mesenteric lymph nodes of the ileocecal region 
and cause acute appendicitis and gastrointestinal „ 
symptoms. Tetracycline drugs such as chlortetra- 
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cycKne, tetracycline, and oxy tetracycline are prob- 
ably effective. 

Diagnosis is made by bacteriological examina- 
tion, since the disease cannot be distinguished 
clinically or anatomically from typhoid, paraty- 
phoid, tularemia, or tuberculosis. Bacteriological 
differentiation must be made between Pa.steurella 
pseudotuberculosis and Pasteurella pestis. For tax- 
onomy see Brucellaceae; for motility .see Bacte- 
rial motility; see also Septk emia. [ k.f.ml.J 

Psilomelane 

A basic oxide of barium and manganese with the 
idealized chemical composition BaMnMnsOi fJ - 
(OH)t. X-ray structural studies have shown that 
psilomelane is orthorhombic in crystallization. The 
mineral itself is not well cr>stalli/ed, and t\ pic ally 
occurs as fine-grained masses and crusts with a 
botrvoidal or reniform structure. The coloi is iron- 
black to dark steel-gray. The hardness is about 
Sty on Mohs scale, and the specific gravity is 4.71. 
Psilomelane often occurs admixed with other man- 
ganese oxides, chiefly pvrolusite, and with clav and 
hydrated iron oxides. The recognition of psilome- 
lane and the proper use of the name has been 
attended by much confusion. The name formerly 
was used in part in a generic sense for ill-defined, 
hard, fine-grained manganese oxides, that often 
contained little or no barium, and the true status 
of many psilomelanelike minerals described in the 
literature or preserved in museum collections still 
remains uncertain. Psilomelane is a secondary 
mineral formed under surface or near-surface con 
ditions of temperature and pressure. [c.tR.J 

Psilophytales 

An order of fossil plants (subphylum Psilopsida ) 
found in rocks of ^ilmian and Devonian age. The 
plant bodv shows a low degree of organ differentia- 
tion and consists mainly of a rhizome bearing sim- 
ply branched rhizoids and aerial stems. The stems 
are naked or spiny, with stomata on the surface, or 
with small spiny leaves. Sporangia (spore produc - 
ing structures) are borne at the tips of branches. 
The psilophytes apparently grew near water, in 
swamps and marshes, as do the rushes of today, 
which they resemble in appearance and size. It is 
assumed that the> weie periodically covered by 
flood water causing larg** masses to become em- 
bedded m the sand. Silica dissolved in the water 
slowly penetrated the tissues so that even the cell 
walls have been remarkably preserved. 

Morphology. Some Psilophvtalcs resemble a 
fern plant; others are similar to horsetails. The 
stele is a protostele, a stele with a solid central 
core or xylem (water-conducting tissue) com- 
pletely surrounded bv a hand of phloem (food-con- 
ducting tissue) and having no pith. Although spo- 
rophytes (spore-producing generation) have been 
discovered, no gametophytes (gamete-producing 
generation) have been found. Nevertheless, it is 
thought that these plants must have had an alter- 
nation of generations. 





Sketch of psilophyte plants growing in shallow pool 
with runners in earth, (a) Rhyma, a leafless plant 
with spore cases at tips of fertile shoots, (b) Asteroxy - 
/on , covered with short scaly leaves except at tips of 
some branches which bear terminal sporangia 
( Adapted from R. C. Moore, Introduction to Historical 
Geology, 2d ed., McGraw-Hill, 1958) 

Evolutionary significance. The discovery of the 
Psilophytales has strengthened the theory that the 
vascular plants (plants with specialized water- and 
food-conducting tissues) evolved directly from the 
algae rather than from the Bryophyta. The latter 
do not appear in the fossil record until the Carbon- 
iferous period, many millions of years later. See 
Embryophyta; Paleobotany; Plant kingdom: 
Psilopsida [p.d.s. | 

Psilophytineae 

The sole class of the plant subphylum Psilopsida. 
The class is subdivided into two orders. Psilophy- 
tales and Psilotales. .See Psilophytales; Psilo- 
tales; see also Plant kingdom; Psilopsida. 

[p.d.s.] 



Psilopsida 

One of the four subphyla of the plant phylum Tra- 
cheophyta. The members of this subphylum are the 
most primitive vascular plants known. They have a 
dichotomously (forked) branching stem but no 
true roots or leaves. The plant body is structurally 
simple. The stele is mainly of the type known as a 
protostele, a stele with a solid central core of xvlem 
(water-conducting tissue) completely surrounded 
by a band of phloem (food-conducting tissue) and 
having no pith. The wood is extremely simple and 
homogeneous. None of the Psilopsida is believed to 
possess a vascular cambium. The entire body con- 
sists of primary tissues without secondary growth ; 
thus they may grow considerably in length, but in- 
crease only slightly in diameter. The spores are of 
onlv one type (homosporous) . The subphylum con- 
sists of the single class Psilophytineae (see Psilo- 
piiytini at ). This class is subdivided into two or- 
deis: Psilophvtales and Psilotales. See Psilophy- 
ialis; Psiloialfs; see also Pi ant kingdom 

Tpds.] 

Bibliography See Fmuryophyta 

Psilotales 

An order of the plant subphylum Psilopsida, con- 
sisting of two living gem ra, Psilotum with two spe- 
( ics and Tmesipteris with a single species They 



Psilotum , a primitive living vascular plant, (a) Habit 
of plant, with rootless underground stem and aerial 
dichotomously branched stem with numerous scale 
leaves and three-lobed sporangia. ( b ) Enlarged por- 
tion of branch tips, showing scale leaves and sporan- 
gia. (c) Three-lobed sporangia attached to the stalk; 
the upper figure shows the line of dehiscence in each 
lobe. 
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have tiny emergences on the stems which may be 
regarded as primitive leaves. The sporangia (spore- 
producing structures) are borne laterally in the 
axils of these leaves instead of being terminal as in 
the fossil Psilophy tales. The underground part (rhi- 
zome) has a protostele (a solid core of vascular 
tissue without a pith), but the branches have a 
central pith ; hence the stele of the aerial portion is 
a siphonostele. These plants have an alternation of 
generations. Both sporophytes ( spore- producing 
generation) and gametophvtes (sex-cell-producing 
generation) have been studied; the latter are sub- 
terranean, dichotomously (forked) branching bod- 
ies resembling pieces of rhizomes. 

Psilotum is tropical and subtropical in distribu- 
tion, being found in Florida, Bermuda, and Hawaii. 
In temperate regions, it is often grown in green- 
houses. In this genus the sporophyie is made up of 
a dichotomous, green, aerial shoot arising from an 
underground stem. The plant does not have roots, 
and the aerial branches bear paired scales rather 
than leaves. Antheridia (male sex organs) and 
archegonia (female sex organs) similar to those 
of the Bryophyta cover the gametophytes. 

Tmesipteris occurs in Australia, New Zealand. 
New Caledonia, and as far north a** the Philippine 
Islands Tmesipteris is • ommonly an epiphyte 
(perched upon another plant) and is similar to 
Psilotum in that it is ako rootless and the branches, 
if anv. are di< hotomous Two-lobed sporangia occur 
m the axils of the leaves. 

The Psilotales are regarded as the living de- 
scendants of the ancient group Psilophvtales, now 
known onlv as fossils See Psn onm m.fs; Psi- 
iopsida, see also Plant kingdom. f P d.s. | 

Bibliography : See Emrryophyia. 

Psittaciformes 

An order of birds containing the single family 
Psittaf idae. the parrots. This group, with over 300 
species, is predominantly tropical, but has extended 
as far north as the central United States (the ex- 
met Carolina parakeet. Conuropsis carohnensis ) 
md as far south as Tierra del Fuego (Chilean 
paroquet, Mirrosittace ferruginea ) . Only one spe- 
cies, the grav-breasted parakeet (Myopsitta mona - 
chus) of South America, is known to build its own 
nest of sticks. All other parrots nest in holes or 
cavities Parrots are highly popular as cagebirds; 
many have brilliantly colored plumage, and some 
h^ve exceptional powers of vocal mimicry. Fre- 
quently kept are the New World macaws ( Ara ) 
and ama/on^ (Amazona ) , the African love birds 
{Agaporni s) and gray parrot ( Psittacus ) , and most 
popular of all. the budgerigar (Melopsittacas un •* 
diilatus ) of Austialia. The order is a strongly dif- 
ferentiated one. of uncertain relationship. See 
Aves; Psittacosis. [k.c.p.] 

Psittacosis 

An infection of man derived from birds of 96 spe- 
cies of which 57 are psittacine, as well as an infec. 
tion in psittacine birds, both caused by the same 
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Epidemiology of psittacosis-ornithosis (George Hooper Foundation , University of California Medical Center ) 


agent of the psittacosis-lvmphogranulomd vene- 
reum group Ornithosis, an equivalent term, defines 
infection bv the same virus in extrapsittacine 
birds Parrots, parakeets, turkeys, ducks, and pi- 
geons are the important sources Inhalation of dust 
with infected droppings or handling of feathers, 
viscera, or waste contaminated by infected birds 
mav cause pneumonitis See Lymphogranui oma 
\FN tRH)M; Pnfumoniiis; Virus. 

The human illness, usually respiratory, mav 
range from fatal to subclinical While the clinical 
picture, results of x-ray and physical examination, 
and history of contact with birds (wild or domes- 
tic, living or dead) may justify bias for this diag- 
nosis, its validity is proved onlv by isolation of the 
virus from blood or sputum, demonstration of a 
rise in such serological tests as complement fixing, 
agglutinating, or neutralizing antibodies during 
convalescence; and finding the agent or other evi- 
dence of infection in birds in the patient’s environ- 
ment. Treatment with aureomycin (chlortetracv- 
cline) or tetracycline has been successful in man 
and parakeets. See Chlortetracycune; Serol- 
ogy: Te TRAC YC.LIN* . 

It is a fairly common occupational infection 
among bird breeders and dealers. The illnesses con- 
tracted from pigeons have usually been mild. Seri- 
ous outbreaks have been observed among persons 
processing turkeys grosslv diseased with a virulent 
strain. Cooking quickly destroys the agent. Labora- 
tory infections are fairly common, and nurses and 
physicians can contract the disease from patients. 


I atent infection in birds makes the disease verv 
difficult to control It is fanly pievalent in aviaries 
in the United States, so that restriction of miporta 
tion of exotic cage birds onlv reduces the inci- 
dence See Tnihuon; Rispiraiory sysiim dis 

ORDERS. j I K V MF ] 

Psocoptera 

An order of insects frequently referred to as the 
Corrodentia, or Copeognatha. Common names for 
members of this order are book Ik e, bark lice, and 
psocids. They are usually less than V\ in long, 
though laiely some may reach about u i in. Wings 
are present or absent. When present, they are of 
differing distinctive venational types. Tarsi are 2- 
or 3-segmented, cerci are absent, and metamorpho- 
sis is gradual. Chewing mouthparts usually have a 
much enlarged clypeus; the lacinia of the maxilla 
is usually elongate and chisellike, and the antennae 
have 13 or more segments. 

Book lire are most common among old papers 
on dusty shelves, in cereals, or other domestic sit- 
uations. They are usually pale, wingless types of 
insects. Many bark lice, the majority winged, oc- 
cur on the bark or foliage of trees, and some are 
found under dead bark or beneath stones. Nymphs 
of a few species occur on tree trunks as clusters of 
gregarious individuals, blit disperse when mature 
Food consists of microscopic molds, cereals, frag* 
ments of dead insects, and other organic debris. 
Sometimes psocids infest granaries, houses, straw 
packing, or museum collections of insects to the ex- 




Some genera of Psocoptera. (a) Psocathropos, ( b ) Do - 
rypteryx, (c) Liposcehs, id) Lepmotus, (e) Psyllipsocus 
(short-winged adult); (f) Trogium (from A B Gurney , 
Pest Control Technology , National Pest Control Assoc.), 
( 9 ) Lachesilla, nymph; (h) Lachesilla , adult ( after Som- 
merman) 

tent that injury, or a nuisance, is involved, but con- 
trol measures are seldom ncccssaiy. 

Psocoptera are worldwide, especially in warm 
countries, and some 1250 species are known. Cur- 
rent classification now lists about 26 families for 
this group. About 150 species, in 11 families, have 
been found in the United States, and new species 
are being discovered frequently. See Insfcta. 

[a.b.gu.] 

Bibliography : D. J. Borror and D. M. DeLong, 
An Introduction to the Study of Insects , 1954; 
P. J Chapman, Corrodentia of the United States 
of America: I, Suborder Isotecnomera, /, N.Y. 
EntomoL Soc., 38:219-290, 319-403, 1930; E. L. 


Psychic energizer 

Mockford and A. B, Gurney, A review of the 
pspcids or booklice and barklice, of Texas, /. 
W ash. Acad . 46:353-368, 1956. 

Psoriasis 

An inflammatory skin disease of unknown cau®e, 
usually chronic or recurrent but often acute in na- 
ture. It accounts for about 5% of all skin disorders 
and is most often encountered in young and middle- 
aged adults. 

The local lesions occur predominantly at certain 
sites, such as elbows, knees, and scalp. They consist 
of dull red, well-defined plaques or patches, usually 
covered by distinctive silvery scales which when re- 
moved disclose tiny capillary bleeding points. The 
lesions spread by peripheral extension and may 
involve huge areas of the body. The plaques are in- 
constant in sm , shape, and location during the 
course of the disease, but they have a tendency to 
recur. General health is not often impaired but mo- 
i ale may deteriorate because of the unpredictabil- 
ity of response to treatment. Tension, fatigue, and 
overtreatment often produce flareups. 

The nails may become involved independently of 
the skin changes and show either a pitting of the 
surface or the formation of a brownish, soft dis- 
coloration with irregular thickening. Psoriasis is 
occasionally accompanied by a form of arthiitis 
similar to rheumatoid. Any joints are susceptible, 
but those of the fingers, toes, knees, and elbows are 
most frequently involved. Permanent damage is not 
common, although the arthritic symptoms may re- 
cur during flareups of the skin lesions. 

Ea< h case of psoriasis requires almost individual 
evaluation and treatment, including assessment of 
psychic factors. See 5>kin. Skin disorders. 

[e.g.st.] 

Psychic energizer 

A class of drugs currently being developed for the 
treatment of psychotic depression and depressive 
response in chronic, disabling illnesses Hydrazides 
o r nicotinic acid, one of the B vitamins, were syn- 
thesized in 1951 for the treatment of tuberculosis. 
By 1953, one of these, iproniazid (Marsalid), was 
almost discarded because of its excessive stimula- 
tory effects and the occurrence of nightmares and 
depression following abrupt withdra\\'al. In 1955, 
it was noted that Marsalid, in lower dosage, in- 
duced weight gain and increased well being and 
ac iviiy; in 1957. psychiatrists reported beneficial 
effects in depressed patients previously refractory 
to other therapies Fatal liver damage occurring in 
some patients led to warranted caution in use of 
the drug. Knowledge gained concerning its inhibi- 
tion of enzymes, such as amine oxidase, has led to 
synthesis of related compounds. Amine oxidase de- 
stroys amines, such as serotonin and adrenalin, 
# that are thought to influence brain excitability. The 
compounds related to Marsalid are screened for the 
duration and potency of their amine oxidase inhibi- 
tion and for behavioral effects in animals prior to 
clinical tests in humans. See Enzyme; Serotonin. 
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and to well-known stimulants such as amphetamine 
or benzedrine. Such stimulants and their newer de- 
rivatives such as roethedrine are complex in their 
effects. They may briefly arouse a depressed patient 
from his retardation but if given intravenously to a 
tense and excited person, they may induce pleasant 
relaxation and unconcern and even addiction. They 
alleviate or help one to ignore fatigue but do not 
improve peiformance in the normal person. The 
sense of well being and improved performance, al- 
though temporarily useful to a depressed person, is 
illusory and unwarranted in the normal person. The 
capacity for euphoriants, such as coitisone, mor- 
phine, and cocaine, to lead to toxic psychoses when 
continued for excess dosage requires investigation. 
In general, the effect of stimulants and energi/ers 
is dependent upon the prior condition of the indi- 
vidual. See Psychosis. 

When given to monkeys Marsalid induces more 
activity during waking periods but more and deeper 
sleep in sleeping periods. The inference that ener- 
gizers induce or supply energy rather than *upres* 
pathological inhibitions to normal activity is not 
yet valid, nor is it clear that they remove the un- 
derlying disease process In striking at symptoms, 
which may come from various causes, Marsalid may 
permit reestablishment of normal function by pro- 
viding a period of relief from some symptoms of 
depression. The biochemical processes through 
which the drug acts provide a basis for the devel- 
opment of future drugs and for the study of the bio 
chemical aspects of depression. 

Psychiatrists will have to make a finer differentia- 
tion of the various depressed, anergic, and with- 
drawn states before it will he knovsn how such 
drugs affect disease It is known thal the expel i 
ence of normal emotions is man’s link to civilized 
relationships The capacity to experience love, 
grief, and mourning is necessary for reliable psy- 
chological strength and health. If energizers were 
used to blunt such genuine personal experience in- 
stead of pathological distortions of these feelings, 
legal control such as that used with narcotics 
could be expected. Psvchotic depression occurs 
with such sustained cruelty towards the self that 
agents ameliorating this without damaging body 
or brain are of immense value. Current trends indi- 
cate that of all therapeutic areas in psv< hophaima- 
cologv, the most rapid advances will he in anti- 
depressant agents. .See Psychopharmacoi ogic 
DRUGS. [d.X.F.1 

Psychoacoustics 

A term applied to studies of contacts between the 
mind and the world of sound. It properly includes 
the production of speech, as well as all aspects of 
hearing. 


third type of study would concern the use of vocal 
cords, tongue, lips , etc. in producing the different 
sounds. For fuller treatment of some of these lines 
of study see Phonfth s; Speech. 

Studies of hearing. Several aspects of the sensa 
tion of hearing can be connected wth the pressure 
and frequency of applied sounds. Perhaps the most 
fundamental of these aspects is the smallest sound 
pressure that can he heard, called the threshold of 
audibility. This threshold can he measured over a 
wid* range of frequencies. Pressures of sounds 
within this range can then he expressed in decibels 
above threshold. On the subjective side, judgments 
of loudness, pitch, and quality are made. Subjective 
scales of loudness and pitch have been worked out 
(units are the sone and the mel, respectively) and 
have been connected experimentally with the pres- 
sure and frequency of the external sounds. Quality, 
or timbre, depends upon the loudness and pitch oi 
the various components of a complex sound. 

Measurements of hearing have practical applica 
tions A hearing aid, for example, may he tailored 
to an individual’s use. In the design of radios 
phonographs, and other sound-reproducing system^ 
it is not always best to have every frequency re 
produced with the same pressure ratio to other fre 
quenries that it had in the original sound T^oud 
ness studies have shown that if music is to he re 
produced in the home at much lower levels than 
the original apd is to sound musically balanced 
low frequencies must he reproduced at somewhat 
higher levels than middle frequencies 

For more detailed accounts of hearing studies 
see Hearing; .see also Audiometry; Dfafniss. 
Flf.tcher-Munson contours; Hfaring aid, Loud 
nfss; Pitch. 

Articulation testing. This name has been given 
to a method widely used in psychoac oustics for 
measuring the intelligibility of speech under a 
given set of conditions. Both speech and hearing 
are involved It is a direct method, in which lists of 
syllables or words are spoken, and the sounds heard 
are recorded by groups of listeners. The percentage 
of sounds heard correctly is an indication of speech 
intelligibility. Condition* which affect the score* 
include the intensity of the speech at the listening 
location, the intensity of interfering noise, and the 
amount of distortion present in the system under 
test, which may be either acoustic or electric. Ar- 
ticulation testing was first devised for evaluating 
telephone instruments and circuits, but was later 
expanded for use in many fields. The testing can 
extend to the effectiveness of speakers and listen- 
ers, measuring defects and evaluating aids in either 


case. 


Various types of material may be used by the 
speakers. One test uses syllables formed arbitrarily 
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L. Beranek, Acoustics , McGraw-Hill , 1954 ) 


from different consonants and vowels and having 
no meaning (simh as mav, theb, etc.). This method 
gives valuable data on the treatment of the separate 
sounds of the language. A quicker over-all test of 
speech in a system is obtained from lists of mono- 
syllabic words (such as crash, fern, etc.), each list 
of SO words being phonetically balanced (PB). 
Othei tests use spondee words (words with two 
equally accented syllables, such as doorstep, rail- 
road, etc.) or complete sentences. In the latter case, 
the score may be based on the correct identification 
of certain key words in the sentence or on a re- 
sponse from the listener which shows he understood 
the sentence. 

Noise control criteria . These have been estab- 
lished for certain conditions by psychoacoustic 
tests. One important noise level is that above which 
damage to hearing may result. For daily exposure 
over long periods of time, it is believed that there 
is a chance of damage if the continuous noise level 
is more than about 85 decibels (db) above the ref- 
erence level of 0.0002 dynes/cm 5 *, or microbars 
(somewhat higher below 300 cps), as measured in 
any one critical band. Brief noises may be higher, 
perhaps 120-150 db above reference, without caus- 
ing damage, depending upon the duration, rep- 


etition, and character of the noise, and the particu- 
lar ear involved. For an explanation of the concept 
of critical bands, see Masking (sound) ; see also 
Noisf. control. 

Speech interference criteria. Below the damage 
level, there are various stages of annoyance, one of 
the most important being connected with interfer- 
ence to understanding speech. An example of the 
establishment of criteria in this respect is given in 
the figure. The abscissa in the figure represents 
levels of noise, found by measuring sound-pressure 
levels (in decibels relative to 0.0002 dynes/cm 2 ) in 
tiv.’ ihree 1-octave bands between 600 and 4800 cps 
and averaging the three together. The ordinate gives 
a subjective scale of noisiness, ranging from very 
quiet through noisy to intolerably loud. The curves 
were established by setting up different levels of 
noise in the rooms, and questioning employees to 
find the noise ratings. It is seen that a higher noise 
level is tolerated in secretarial, drafting, and busi- 
ness machine rooms than in private offices and con- 
# ference rooms. The letters A and B on the curves 
mark the upper limits of noise level which permit 
intelligible speech discussion. The range of tele- 
phone use in the rooms is shown at the top of the * 
figure. 
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Levels which permit speech communication in 
other types of rooms, such as homes, schools, thea- 
ters, etc., are not quite the same. Curves showing 
the permissible levels in octave bands, covering the 
range up to 10,000 cps, have been worked out for 
some 19 different kinds of rooms. 

Criteria for residential areas. Annoyance criteria 
also have been established for residential areas 
near factories or other noisy installations. The an- 
noyance scale ranges from “no annoyance” 
through “complaints” to “vigorous legal action.” 
The noise levels associated with the various an- 
noyance levels depend upon several facets of the 
disturbing noise: its spectrum, whether it is con- 
tinuous or impulsive, its repetitive character, and 
the time of day or night at which it occurs, as well 
as on the general background of noise in the neigh- 
borhood and the previous exposure of the neighbor- 
hood to noise. | ii.k.d.] 

Bibliography : L. L. Beranek, Acoustics , 1954; 
I. J. Hirsh. The Measurement of Hearing , 1952; 
S. S. Stevens fed.). Handbook of Experimental 
Psychology , 1951. 

Psychoanalysis 

A term that refers to (1) a theory, (2) a method, 
(3) a science dealing with observation and commu- 
nication in psychological disturbances, and (4) a 
professional movement based on such a st ienee. 

The science of psychoanalvsis is discussed under 
three points of view: dynamic, topographic, and 
economic. 

Dynamic theory. All mental processes may be 
considered as an interplay of forces. Forces are 
originally instincts and have, according to Sigmund 
Freud, an organic origin. They are inclined to recur 
(repetition-compulsion) with blind force, and their 
representative ideas are emotionally charged. 
Freud assumed that there are two large classes of 
instincts: (1) the erotic instinct striving for life, 
love, and union; and (2) the death instinct, striving 
for death, destruction, and separation. Instincts op- 
erate according to the pleasure-pain principle 
( Lust- (Inlust , in German). 

Topographic theory. Freud also spoke of ego 
instincts, which are directed to self-preservation. 
He divided the mental apparatus into functional en> 
tities, first, the id or reservoir of instincts or im- 
pulses, and second, the ego, dealing with adapta- 
tions to the external world and controlling the id 
instinct. The ego is partly conscious and partly un- 
conscious. The unconscious part refers mostly to 
the so-called defense mechanism controlling and 
counteracting the id. The most important defense 
against painful and dangerous impulses consists 
either of repressing or pushing the psychological 
content out of the consciousness or of not admitting 
them to consciousness. 

Economic theory. Psychoanalysis assumes that 
instincts have a definite energy and that an organ- 
ism attempts to regulate the flow and discharge of 
energies in order to keep excitation at the lowest 
possible level. 


Freud and his disciples arrived at these theories 
through observations by the psychoanalytic method. 
The psychoanalytic method consists of a total ob- 
servation of the patient and his relationship with 
the therapist. In this relationship transference and 
resistance are analyzed. Transference means a rep- 
etition of feelings and thoughts the patient once 
held towards parents and other key figures and that 
he now holds towards the analyst. Resistance is an 
expression of avoidance in bringing data to the 
level of the conscious. The manifestations of resist- 
ance are the attempts to disguise unconscious con- 
flicts by such behavior as dreams, slips of the 
tongue, symbolic actions, and uncooperative atti- 
tudes. The tools of psychoanalysis are the analysis 
of symptoms, parapraxias, dreams, and symbolism. 
This uses the method of free association which re- 
places the ordinary association of logical and or- 
derly speech by a looser form of sequences leading 
to an extension of awareness. The role of the ana- 
lyst is to develop a nonpuniflive relationship of con- 
fidence with his patient to help him with the inter- 
pretation of the complex processes under analytic 
investigation. 

The main application of psychoanalvtic therapy 
is the treatment of the psychoneuroses. Modified 
techniques, with various degrees of success, have 
been applied in the treatment of psychoses and psy- 
chopathic personalities. Most psychoanalytic treat- 
ments are lengthy and costly. Suitability for psy 
choanal ysis of individual patients is limited and 
has to be determined caiefuliy. See Nhjrosis; 
Psychosis. 

Many modifications of Fieud’s classic psycho- 
analysis weie introduced by C G. Jung, A. Adlet, 
K. Hornev, O. Rank, E. Fromm, II. S. Sullivan, and 
others. The ^pajority of psy t hoanalysts m the 
United States aie psychiatrists, although Freud iec- 
ommended the training of lav analysts. Analysts 
are organized into a number of societies according 
to their theoretical and therapeutic viewpoints. The 
largest and best-organized group is the Intel na- 
tional Psychoanalytic Association which Freud 
founded. The great significance of psychoanalysis 
lies not merely in its importance as a treatment, 
but also in its impact upon the behavioral and so- 
cial sciences, on education and art, and on Western 
culture in general. [ F.r.R.] 

Bibliography : C. Brenner, An Elementary Text- 
book of Psychoanalysis , 1957; S. Freud, General 
Introduction to Psychoanalysis , 1920. 

Psychogalvanic response 

An electrical change that takes place in the skin of 
an animal or person in response to a novel or 
arousing stimulus. The responses are detectable in 
those parts of the skin in which sweat glands are 
numerous. They depend upon the sympathetic 
nervous system which regulates the activity of the 
sweat glands and the muscles of the blood vessels 
in the skin, the sympathetic nervous system in turn 
being dependent upon the central nervous system 
and its main organ, the brain. However, stimulation 



of the sympathetic system alone suffices to elicit 
the electrical response. 

Measurement methods. Two methods have 
been used to measure psychogalvanic responses. 
Both require that the two electrodes placed on the 
skin as part of the measuring equipment must not 
be batteries themselves, particularly not unstable 
ones, lest electrode artifacts be mistaken for psy- 
chogalvanic responses. In one method, that of 
J. Tarchanoff, one of the measuring electrodes is 
on an eleetricallv active portion of the skin, the 
other being on an inactive portion or under the 
skin. The eleetrical potential difference between 
the two electrodes must first he reduced to zero; 
the psychogalvanic tesponse is a rapid change from 
this condition. In the second method, that of 
C. Fere, a flow of current between the two elec- 
trodes is maintained or increased, and rapid 
changes in this current are regarded as the psy- 
diogalvanic response. Such ehanges are usually 
interpreted as changes in the resistance of the 
skin, although the resistance of the skin is not a 
single value but varies with the current flowing 
through it. The jesistancr of the skin appeals to 
he due to bod\ fluids present in the relatively 
dned-oul outei layers of the skin. The ( hanges m 
resistance noted in the Fere method are probably 
doe to potential changes in the active elements, 
sw h as sweat glands, as well as to the leMstive 
change's attributable to increased amounts of bod\ 
fluids The ehanges detected by the Tarchanoff 
me rhod are due primarily to the active elements 

Stimuli. The stimuli which evoke ps\c hogalvanic 
responses in the intact organism are primarily 
stimuli which have an arousal effect, that is stimuli 
which prepare the organism to act. Such stimuli 
can he* defined in terms of the elec trical activity of 
the brain. They are stimuli which convert the clec- 
troenc cphalographic activity of the brain of the 
relaved waking individual into the pattern liar 
arteristii of arousal. In general, all stimuli when 
first presented have this property, hut only a re- 
stricted number can do so upon repeated presenta- 
tions, and even these produce no change if the 
organism is not permitted to relax. In general, the 
class of stimuli to which the oiganism adapts most 
slowly are emotional stimuli, and for this reason 
the psychogalvanic response has been primarily 
regarded as an indicator of emotions. It has also 
been used to detect lying. Its success in this con- 
nection is attributable, not to any intrinsic con- 
nection between lying and the psychogalvanic 
response, but to the fact that circumstances con- 
nected with the event under investigation are par- 
ticularly arousing to one person and not to another. 
See Electroencephalography; Lie dftfctor; 
Sympaihetic nervous system, [j.p.k] 

Psychology, physiological 
and experimental 

Psychology is the science of behavior. It studies 
all forms of behavior, both human and animal, from 
movements of one-celled animats to complex men- 
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tal, verbal, and social activities that are strictly hu- 
man. Hence it is far broader than the few topics, 
such as intelligence testing and mental health, that 
receive so much public attention. Scientific psy- 
chology, however, confines itself to the phenomena 
of behavior that can be systematically and objec- 
tively observed. 

Psychology bridges the gap between the biologi- 
cal and social sciences, and it itself is both. As a 
social science, it is concerned with man’s interplay 
with his social environment and includes such fields 
as clinical psychology, industrial psychology, edu- 
cational psychology, and social psychology. As a 
biological srienc e, it is concerned with understand- 
ing human and animal behavior as natural phenom- 
ena of living organisms; its major fields are 
experimental psychology, physiological psychol- 
ogy, and comparative psychology. ihe articles on 
psychology in this encyclopedia stress the biologi- 
cal aspec ts of psychology. 

Experimental psychology gets its name from 
the use of the experimental method, first intro- 
duced into psychology about 1880. This method, un- 
like the historical and survey methods of the social 
sciences, permits the scientist to make his observa- 
tions at will under well-controlled conditions. The 
method can be used with animals and in the, study 
of some human processes, although it cannot be 
used where it will interfere with noimal human ac- 
tivities. In general, it is best suited to the study of 
the senses, motor functions, physiological motives, 
such as hunger and thirst, learning, and memory. 
For that reason, these are the topics that are en- 
compassed bv the term experimental psychology. 
The term has c ome to mean not only a method but 
also the body of fac ts and principles obtained 
through the use of the method. 

The term physiological psychology refers to the 
study of the physiological mechanisms or corre- 
lates or behavior. It attempts to relate events in the 
brain, glands, and other organs of the bodv to the 
phenomena of behavior. It is therefore an inter- 
cl -ciplinary field in which psychologists and phys- 
ic logists both work. Comparative psychology is the 
study of phylogenetic differences and similarities 
in behavior among species along the evolutionary 
scale up to and including man. Most of it is experi- 
mental in nature and can therefore he included in 
experimental psychology, as ran rnuch of physio- 
log* -al psychology. Taken together, however, ex- 
penrnental and physiological psychology cover the 
subject matter of ps\chology included in the bio- 
logical or life sciences. See Arnormal bfhavior; 
Behavior, ontogfny of; Bfhavior and hered- 
ity; Effector systems; Extrasensory percep- 
tion (ESP); Hypnosis; Instinc iive bfhavior; 
Intelligence; Learning theories; Motivation; 
Neurophysiology; Perception ; Pf:rsonality 
.theory; Reflex, unconditioned; Sensation. 

( C..T.M.] 

Bibliography : C. T. Morgan and E. Stellar. Phys- 
iological Psychology , 2d ed., 1950; S. S. Stevens, 
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Handbook of Experimental Psychology , 1951; 
H. S. Woodworth and H. Schlosberg, Experimental 
Psychology , rev. ed., 1954. 

Psychopharmacologic drugs 

Drugs are natural and synthetic chemicals which 
affect body processes in health and disease. Psy- 
chopharmacologic drugs affect body processes but 
in addition significantly influence behavior, the way 
a person thinks, feels, and acts. Psychopharmaco- 
logic drugs were first discovered accidentally 
through incidental behavioral effects noted in drug 
treatment of physical disease. They then were de- 
veloped through chemical rearrangements of the 
parent compound and were tested on animals. 
Psychopharmacology, a science for the systematic 
stadv and synthesis of such drugs, was stimulated 
b\ the appearance of new drugs their application 
to mental disorders, new laborator> methods, and 
extensive governmental financial support. It is a 
field of wide si ope. Experts in biochemistry, phys- 
iology, psychology, and psychiatry contribute per- 
sonnel, experience*, and investigations to psycho- 
pharmacology. .See Bio< litMisTRY ; Psychology, 
PHYSIOLOGIC AL AMD I XPIKIMFNTAL. 

Use. Psvehopharmaeologic drugs are used to 
treat mental and physical disorders hy influent ing 
behavioral excesses and imbalances They are tools 
for researi h into social and biologic al processes 
which influent e the organization of behavioi In 
man. research is applied to normal or disturbed be- 
havior, its subjective aspects (feeling, thought, 
states of consciousness), objective aspects (sen- 
sonmotor and intellectual performance), and theo- 
retical aspects (distribution of psychic energies, 
personality structure, and so on). Research on 
animals deals with drug effects on learning, matura- 
tion, drive (fear, hunger, sex. punishment, reward), 
adaptation to stress and stimuli, motor activities, 
and associated neurochemistry. 

Biochemical aspects. Some new drugs resemble 
certain hodv chemicals whi< h in unexplained ways 
affect mood and behavior. The trail may lead fiom 
synthetic chemicals and knowledge of how they 
induce or improve mental dysfunction to the dis- 
covery in the mentally ill of specific aberrations in 
body chemistry and to discrete curative drugs. 
Some progress has been made. Failure of metabolic 
systems in the breakdown of phenylpyruvic acid in 
a few retarded children can be corrected by dietary 
adjustment. Thyroid deficiency produces cretins 
and thyroid excess a toxic psychosis; adjustment 
of thyroid levels aids both. See Phenylpyruvit 

OLIGOPHRENIA. 

For the overwhelming majority of psychotic 
patients, no specific chemical defect is known. It is 
possible that a number of different and intet acting 
causes and differential drug responses may lead to 
delineation of distinct subgroups of mental illness. 
For 800,000 hospitalized mental patients, good 
social-psychological and drug treatment alone may 
still be insufficient to restore or sustain function. 
Therefore, research continues on effects of seda- 


tives, brain surgery, coma, and convulsive proce- 
dures which have less specific and reversible bio. 
chemicaJ and behavioral effects than do some of 
the newer drugs. Studies proceed on the brain and 
behavioral effects of hormones, alcohol, opiates, and 
essential nutrients. Drugs influencing excesses of 
tension are studied in combination with psycho- 
somatic problems where effects of psychic stress 
muy damage tissues. 

Effects of drugs. No drug is limited to effects 
upon behavior. Every drug acts through a number 
of body cells and cell systems. Every drug acts 
essentially to replace, inhibit, facilitate, or compete 
with cell chemicals which normally regulate body 
biochemistry. Mechanism of drug action is under- 
stood in these terms. No behavior is entirely con- 
ditioned in drug action. Mechanisms of drug effect 
require consideiation of cell actions and interac- 
tions with other cell systems, their status prior to 
administration of the drug.^nd the character of the 
current environmental situation with its pattern of 
stimuli and opportunities for response. Conditions 
influencing drug effects are always analyzed, 
whether the effect be in heart muscle or in a mental 
attitude ol cheerfulness. Rather than assign a single 
effect to a single drug, the regularities and vai la- 
bilities are a< < ounted foi by describing patterns of 
diug effect. The ascription of energizer is simph 
convenient; it describes the desired but not the 
inevitable nor the only effei t. The barbiturate seda 
tive, amytal, may be sufficiently relaxing for a per 
son to recall painful memories, but it does not 
compel him to tell the truth as the sobiiquet Sitrutli 
serum” implies. 

Factors influencing the effei »s of drugs are under 
stood by analysis of peisonality, the situation, and 
the brain. Offeam/ed m agonist-antagonist suIisas 
terns, the brain contains cells which retard and cells 
whii h facilitate motor activity. A drug may inhibit 
or excite either system, thus altering the balam e 
Thus, the same behavioral effect may be achieved 
by exciting or inhibiting opposing systems. Para- 
doxical drug effects may depend on an unusual 
prioi balance of these opposing systems; for exam 
pie, eome excited patients sleep when given stimu- 
lants and some children show excitement in t re- 
sponse to sedatives. The prior state determines the 
intensity of drug effect as well as some dose effects 
An example of the former is stimulants alerting the 
fatigued rather than the normal person. An exam- 
ple of the latter is excited patients requiring seda- 
tion with amytal in a dose almost lethal to normal 
individuals. The rate and route of drug administra- 
tion influences its effect. Given intravenously and 
rapidly, one tranquilizer induces convulsions, but 
given by slower intravenous injection or by mouth, 
it calms the patient. Amytal sometimes produces in 
congenial people a cheerful intoxication instead of 
sleep. 

Study methods. The theories ascribing mental 
disease to abnormalities in brain chemistry are still 
in the unproven stage, although research on brain 
and behavior is promising. All psychopharma- 



cologic drugs are studied in animals for effects 
upon brain function through the implantation of 
electrodes for electrically stimulating and record- 
ing or for local drug injections. Electrodes con- 
tacting single cells or at the juncture of two cells, 
where body chemicals in minute quantity are ex- 
creted for an electrical impulse to pass, define the 
way a simple environmental stimulus affects the 
brain and the way a drug affects the passage and 
fate of the stimulus. Records are made of animals 
learning a task, and the effect of drugs upon both 
performance and brain activity is studied; spe- 
cially trained animals are used in screening tests 
of new compounds. Pharmacologists study drug ef- 
fet ts on the transport, formation, and destruction ot 
chemicals normally regulating the ability of cells 
to generate or inhibit impulses. A core of cells 
( retie ular system ) is known to govern the readiness 
of both coitieal and motor cells to discharge and 
hence influences behavioral sedation and alertness; 
drugs with such effects act on components of this 
tore. Drugs clearly play a pari in analysis of the 
processes that organize beha\ior. See Psychic fn- 
IRU/ER, PsYC HoTOMIMI IIC 1>HU(,; TRANQUILIZER. 

Td.x e .] 

Psychophysical methods 

\f( thods for the quantitative study of the relations 
between physical stimulus magnitudes and the cor- 
responding magnitudes of sensation for example, 
between the physical intensify of a light and its 
pc r< eived brightness or the concentration of a 
sugar solution and its observed sweetness To estab- 
lish these relations measurement scales are needed, 
not only for physical magnitudes hut also for 
siihjec tiye magnitudes Subjective scab's are. of 
course, not obtained diiectlv Irom observation 
1 he> are theoretical models whic li summarize oh- 
solved lelations between stimuli and responses 

The original three psychophysic al method’ first 
m stematically worked out and published by 
U Fee hner in 1860, weie designed to yield the data 
from which to eonstmet subjective scales Other 
techniques, more diiect than Fee liner’s, are super- 
seding his approaeh to psychophysical problems; 
his methods and variants of them are sti P m com- 
mon use, however. 

The term psychophysical methods is sometimes 
extended to include certain scaling techniques 
which are most often used with, although not 
limited to, subjective dimensions to which there 
conespond no simple physical dimensions, for ex- 
ample, food preferences. These techniques have in 
common the fact that the rationale for scaling in- 
volves the amount of dispersion of repeated or 
multiple judgments. Detailed discussion of the 
method of paired comparisons, method of succes- 
sive intervals, and other scaling techniques based 
on dispersion methods can be found in the bibliog- 
raphy at the end of this article. 

The remainder of this article surveys the prin- 
cipal methods employed in relating subjective 
magnitudes to physical stimulus magnitudes. The 
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two references may be consulted for greater detail 
regarding variants of the methods, procedural de- 
tails, and precautions necessary to minimize biases 
of various kinds. 

Classical methods. One requirement in setting 
up subjective scales is a method of determining 
subjective equality. For instance, one may need to 
equate two stimulus increments for subjective 
magnitude, or to determine what intensity of a low- 
pitched tone will match the perceived loudness of a 
given high-pitched tone. The method of average 
error described below is designed for such uses. 

Another requirement in subjective scaling is a 
means for establishing the unjt and the zero point of 
the scale. Feehner's approach to accomplishing this 
required, as a first step, the measurement of two 
sensory quantities, the absolute threshold, which is 
the minimum stimulus energy an organism can 
detect, and the differential threshold the minimum 
detectable change in a stimulus. In practice both 
quantities must be defined as statistical averages, 
since repeated measurement of thresholds under 
externally constant conditions yields moinent-to- 
moment fluctuations in the values obtained. In one 
form or another, the two methods of threshold 
measurement devised by Fechner are still fre- 
quently used. The> are the method of limits (also 
called the method of minimal changes) and the 
method of c onstant stimuli. 

Method of average error This method has its 
principal use in the equation of subjective magni- 
tudes Usually the subject himself adjusts a com- 
parison stimulus to match the standard stimulus. 
The aveiage of a number of such settings gives the 
point of suhjective equalit), and the difference be- 
tween this point and the standard stimulus is the 
average error. Two illustrative uses of the method 
are the measurement ol accurac y of distance per- 
ception, and measurement of the magnitude of so- 
called optical illusions. There are many other ap- 
plications of the te< hnique. 

Method of Limits. To measure the absolute 
k reshold by this method, the experimenter begins 
\ ith a stimulus which is too weak for the subject 
to detect. In successive presentations, the stimulus 
intensity is increased in small, equal steps, the sub- 
ject reporting after each presentation whether he 
perceived the stimulus. The end of this ascending 
series is icached when the subject reports that he 
1 a detected the stimulus. The descending series is 
th^n begun, the stimulus intensity beginning at an 
above-threshold value and decreasing in steps until 
the subject signals the disappearance of the stimu- 
lus. Many such series are given. To help the subject 
avoid basing his judgments on the number of in- 
tensive steps occurring in a series, the initial stim- 
ulus intensity of each series is varied on successive 
repetitions. Frequently, the average threshold value 
• obtained from ascending series differs from that 
obtained from descending series; the usual prac- 
tice is to average the two. 

In measuring the difference threshold, essentially 
the same procedure is involved, except that the sub* 
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jert now signals the relation of a comparison stimu- 
lus to a standard stimulus. The comparison stim- 
ulus begins at a value clearly less than that of the 
standard, and increases in steps until the subject 
reports the apparent equality of the two. This gives 
a lower difference threshold. The comparison stimu- 
lus is further increased until the subject first re- 
ports it as greater than the standard. This is the 
upper difference threshold. The comparable proce- 
dure is followed in a descending series, which 
yields a descending upper and lower threshold. 
After a large number of such trials, the average of 
each of these four threshold values is computed. 
The differences of each of these four averages from 
the value of the standard stimulus gives four values 
for the difference threshold. Usually, these four 
values are averaged. 

The most common modifications of the method 
of limits involve the omission of descending series 
in order to minimize sensory adaptation, and the 
use of continuous rather than discrete stimulus var- 
iation. Another procedural modification is the up- 
and-down method. The stimulus intensity (or inten- 
sity difference) is decreased on the following trial 
if the subject has dcte< ted it, increased on the fol- 
lowing trial if he has not. It is a more efficient 
method because it concentrates the testing in the 
region of the threshold, although there is the dis- 
advantage that the level of the next following stim- 
ulation is predictable by the subject. The method 
has proved useful, however, notably as shown by its 
use with the Bckcsy audiometer for the testing of 
human hearing, and in the study of the visual sen- 
sitivity of pigeons. See Sensation. 

The method of limits has the virtue that it pro- 
vides direct assessment of thresholds, and is effi- 
cient The fact that the sequence of stimulation is 
predictable may help the subject in concentrating, 
but requires that care be exercised to prevent this 
knowledge from influencing his responses through 
anticipation. This predictable sequence of stimula- 
tion does not occur in the next psychophysical 
method to be described. 

Method of constant stimuli. To measure the ab- 
solute threshold, the experimenter selects a small 
number of stimulus values m the neighborhood of 
the absolute threshold (previously roughly located 
bv informal use of the method of limits) and pre- 
sents them to the subject a large number of times 
each, in a prearranged order unknown to the sub- 
ject. Each time a stimulus is presented, the subject 
reports the presence or absence of sensation. 

At the end of the experiment, the data provide 
the proportion of times each stimulus was reported 
present by the subject. One now computes the ab- 
solute threshold as the stimulus value which has a 
probability of .SO of being reported present. There 
is considerable literature concerning methods of 
curve-fitting and interpolation for estimating this 
.50 point. 

The difference threshold is obtained from com- 
parative judgments. A standard stimulus is paired 
many times with each of several values of the com- 
parison stimulus. The subject reports whether the 


value of the comparison stimulus appeared greater 
or less than that of the standard. The subject 
would sometimes prefer to say equal or doubtful, 
using three categories of report instead of two. For- 
merly, there was much debate on the question of 
allowing the third category; the difficulty is that 
the values for the difference threshold are affected 
by the number of such doubtful judgments. This m 
turn is influenced by the cautiousness of the sub- 
ject. The current procedure is to use two categories 
of report, and if the subject sometimes insists on 
using the third, the trials on which he did so are 
repeated later. 

The data resulting from the experiment are the 
proportions of judgments of greater as a function 
of the stimulus increment. To obtain the difference 
threshold, the function mav he interpreted as a cu- 
mulative distribution, and the difference threshold 
taken as the standard deviation of that distribution. 
A frequent procedure is to calculate the stimulus 
increment for which the judgment of greater has a 
probability of occurrence of .75, a value halfway 
between a probability of 1.00 and the probability of 
.50 which should occur when the comparison stimu- 
lus is equal in magnitude to the standard. 

The principal variations of the method of con- 
stant stimuli have been designed to avoid the objec- 
tion that the subject is asked to report the present c 
or absence of a stimulus, or stimulus im rement, 
which he knows is physically present. He may be 
asked to report, therefore, in which one of several 
spatial locations the stimulus occurred or in which 
of several successive intervals of time the sthfiulu® 
increment orruried 

The values of absolute threshold and difference 
threshold obtained b\ those methods are in physical 
units; for example, an auditory absolute threshold 
is given in decibels, a difference threshold for hue 
is specified by wavelengths in millimirrons. It is 
clear that, quite apart from the question of sub)ec 
tive measurement, the psychophysical method® 
thus far described arc valuable for obtaining 
physical measures of sensory resolving power and 
sensitivity. 

Fechner proposed to use the results of threshold 
measurement in de\eloping a subjective metric. He 
defined the difference threshold, or just noticeable 
difference (jnd), as the subjective unit and the ab- 
solute threshold as the zero point of the subjective 
scale. Thus the subjective intensity of a particular 
brightness of light, for example, would be specified 
when it was given as 100 jnds above threshold. The 
subjective scale so defined is not a linear function 
of the physical stimulus scale since jnds, though de- 
fined as subjectively equal units, are not of physi- 
cally equal magnitude throughout the intensity 
scale. The size of the jnd is approximately propor- 
tional to physical stimulus intensity. To the extent 
that this relation holds, Fechner deduced that sub- 
jective intensity should be proportional to the log* 
arithm of the stimulus intensity. 

There has been considerable debate over the 
merits of this formulation and the assumptions in- 
volved, The chief modern objection is an empirical 



ne, that the results obtained by Fechner’s methods 
re different from those resulting from other, more 
ireot techniques. A tone 40 jnds above the thresh- 
ld does not sound twice as loud as a tone 20 jnds 
hove threshold. Furthermore, from the employ- 
1P nt of the direct ratio discrimination methods 
utlined below, evidence is accumulating that sub- 
retive magnitude is a power function of stimulus 
itensity, rather than the logarithmic function re- 
uired by Fechner’s postulates. However, these 
ame methods indicate that, on at least some non- 
itensive dimensions, jnds may be subjectively 
qual. 

Direct-ratio discrimination methods. Rather 
ban requiring of the subject merelv either yes-no 
r ordinal judgments, these methods require him to 
lake direct-ratio discriminations. For instance, he 
lav he presented with a moderately loud tone, and 
ben required, by turning a knob, to adjust the 
nidness of a comparison tone until it is half as 
nid, or twice as loud, as the first. The first case 
llustrates the method of fractionation, the second 
he method of multiplication. In the method of mag- 
itude estimation, the subject is given a stimulus, 
in h as the brightness of a light, to serve as a 
lodulus with a value assigned to it, for example, 
0. His task, as other lights of different inten- 
lties are presented to him, is to assign them num- 
ieis which shall stand in the same ratio to 10 as 
lien brightness stands to that of the modulus. One 
\m< e as bright is given the designation 20; one 
lall as bright is 5. In these and other similar meth- 
ds, whether the subieefs task is to estimate or to 
uodiue the prescribed ratio or the prescribed frac- 
ton. there are certain common characteristics. 
)ne<t-ratio assessments are obtained from the sub- 
e« t , there can Ire experimental cheeks on internal 
on-iisleiH v of the results, and since the individual 
udgments are not of high precision, repetition is 
cqmird it stable averages arc to he obtained. 

The empirical results obtained by the various 
methods are in fairlv good agreement. They agree 
n that, to at least a first approximation, subjective 
magnitudes on a variety of dimensions are found to 
ie power functions of suprathreshold stimulus in- 
pnsitv. the powers ranging from 0 3 for auditory 
audness to 3.5 for subjective intensity of alternat- 
ng current applied to the skin. 

The methods are applicable to non intensive or 
fiulitative attributes such as auditory pitch and 
ue of colors, and their application is not necessar- 
l\ limited to stimuli from simple physical dimen- 
ions. 

The direct-ratio methods have not had the long 
istory of investigation and refinement pressed 
q the classical and dispersion methods; thus it is 
oo soon to attempt a final assessment of their place 
imong the psychophysical methods. Similarly, time 
ias been relatively too short for classical tech- 
liqucs of threshold measurement to have felt much 
tnpact from signal detection theory, an application 
f statistical decision theory to the problems of 
letecting signals in noise. However, many of the 
)svchophysical problems whose investigation ante- 
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dates the founding of the first psychological labora- 
tory still provide plenty of scientific grist for mod- 
ern mills. See Hearing: Psychology, physiologi- 
cal AND EXPERIMENTAL. fj.F.H.] 

Bibliography ; J. P. Guilford. Psychometric 
Methods , 2d ed., 1954; W. S. Torgerson, Theory 
and Methods of Scaling , 1958. 

Psychosis 

A term that designates severe psychiatric disor- 
ders. Psychosis refers usually to psychiatric condi- 
tions which are characterized, among other symp- 
toms, by serious impairment of judgment and power 
of willing or determining (volition). The rigidity of 
the symptoms and the marked incapacity for cor- 
rective learning are outstanding characteristics of 
the term. The raison d'etre for the I' rm psychosis 
would he* its differentiation from the term neurosis. 
Yet, such a differentiation is difficult. Although Sig- 
mund Freud stressed that psychotic patients suffer 
from “a break with reality,” neurotic-, suffer from 
an intra psychic, unconscious conflict between in- 
stinctual and controlling forces. In practice there 
is no qualitative difference between psychosis and 
neurosis; it is rather one of degree. From a forensic 
(legal) viewpoint, the psychotic patient is not con- 
sidered responsible tor his acts or competent to 
enter legally binding agreements. 

The term psychotic is widely used, but it is not 
a precise term, as K. Bowman and others have 
pointed out. There is probably not too much need 
for the term and it could be dropped altogether, un- 
less it is letained as a designation for the class of 
disorders which includes schizophrenic, manic de- 
pressive, and toxic infectious disorders, and disor- 
ders due to acute and c hronic brain syndromes. See 
Paranoia; Paranoid stmf; Schizophrenia. 

Psychoses which are primarily caused by patho- 
logical processes of the brain are referred to as or- 
ganic psychoses, and include psychoses due to brain 
tumors, senile dementia, and general paresis. In 
schizophrenia and manic depressive psychoses, no 
pamological findings can he discovered by cur- 
rent methods* these psychoses are referred to as 
functional psychoses. See Abnormal behavior; 
Paresis, gfnfral; Senile dfmentia. [f.cr.] 

Bibliography. K. M. Bowman and M. Rose, A 
Criticism of the terms “psychosis,” “psychoneuro- 
sis,” and “neurosis,” Am. ]. of Psychiat 108:161- 
16i. '"51. 

Psychosurgery 

The name applied to a fairlv large numher of oper- 
ations on the brain, such as prefrontal lobotomy, 
leukotomy, transorbital lobotomy. and topectomy. 
These have been recommended as treatment for 
various psychoses (particularly schizophrenia and 
psychotic depression) severe neuroses, and chronic 
painful conditions. Most psychiatrists will not 
agree to the use of psychosurgery in neurosis and 
depression. See Neurosis; Schizophrenia. 

The techniques vary according to the specific 
procedure. In most cases the operation consists of 
severing bilaterally the white projection fibers to 
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the prefrontal areas (see Brain). The operation 
was introduced by E. Moniz in 1936 and propagated 
in the United States particularly by M. Freeman 
and J. W. Watts. At present it is used sparingly 
and has been largely replaced by tranquilizing 
drugs (see Tranqiiilizlr). 

There is a wide discrepancy between reports of 
favorable results, with 50% of patients becoming 
employed or engaged in household work, and un- 
favorable results, making the attainment of any 
significant advances doubtful. A number of favor- 
able results have been obtained where other meth- 
ods have failed; such good cases are balanced by 
the danger of producing menial deterioration and a 
decrease of sensitivity or awareness of others and 
oneself, which occurs in so many cases. A very con- 
servative attitude prevails toward the procedure at 
the present. [f.c.r.] 

Bibliography: 0. Diethelm, Treatment in Psy - 
chiatry, 3d ed., 1955. 

Psychotherapy 

A scientific method of treatment in which a trained 
therapist uses meaningful verbal and emotional 
communication to help persons who suffer from be- 
havior disorders of psychological origin Attempts 
to influence mental disorders bv such communi- 
cation date back to the earlv days of mankind. 
Although some of those methods are related to 
modern psychotherapeutic techniques, a truly sci- 
entific psychotherapy is of veiy recent origin. Psy- 
chotherapies may be divided into two fundamental 
types, the analytic or exploratory method and the 
directive method. 

Analytic (exploratory) method. Thi*. method 
consists of various forms of psychoanalysis and the 
dynamic psychotherapies. Interpretation of trans- 
ference plays a central role. Analysis of dreams, 
slips of the tongue, symptoms of illness, and free 
association are the main tools. The aim of analytic 
methods is the uncovering of unconscious conflicts 
in an attempt to give the patient insight into his 
problems so that he can live more realistically. In- 
terpretation alone does not cure. In order to re- 
spond to analytic treatment, the patient must not 
he too ill and must he seriously motivated for ther- 
apy It also helps if the patient has bettei than 
average intelligence. Social factors also limit the 
applications of analytic psychotherapy. 

Directive method. In this method there is a 
parental or authoiitative relationship between the 
therapist who knows, or assumes he knows, the an- 
swers to the patient’s problems and the patient 
who is influenced by his advice, suggestion, hypno- 
sis, reassurance, or environmental manipulation. 
The directive psychotherapist employs techniques 
that are relatively simple and less time-consuming 
than those of the analytic psychotherapist. They de- 
pend in large degree on the peisonality of the ther- 
apist and his relationship with the patient. He is 
more inclined to combine or supplement his psycho- 
therapy with drugs or other organic means of treat- 
ment. The directive methods seem more widely ap- 


plicable, but a less radical change of personality j B 
expected. The aim of directive psychotherapy i s 
the alleviation of guilt, fears, and insecurity by a 
friendly, supportive relationship. 

Within the analytic group there are several 
schools of thought, differing in method and theory. 
Schools were founded by C. Jung, A. Adler, and 
0. Rank, who disagreed with their teacher, 
Sigmund Freud, on important points. Others who 
disagreed and have considerable following in Amer- 
iea are K. Horney, E. Fromm, and H. S. Sullivan 
Some therapists claim independence from any 
school of thought, using any technique which helps 
their patients, but true eclectic psychotherapists are 
rare. J. Taft, a psychiatric social worker, and C 
Rogers, a clinical psychologist, have evolved im pur 
taut systems of psychological intervention in beha\ 
ior disorders. Recent experimental psychological 
views, fused with psychoanalytic views, were intro 
duccd by J. Dullard, N. Miller, and others. 

Few hard facts are known about success or fail 
ure m psychotherapy. Symptom and chara< ter neu 
roses, particularly hysterical reactions, phobias, 
and anxiety states, have responded to psychother 
apv. Obsessive-compulsive reactions and psycho 
somatic disorders are more diihcult to treat, al 
though success vaiies from one* disease categon 
to another and from one patient to another. This 
true also foi the difficult task of ti eating the fun* 
tiona 1 psychoses. See Niijrosis, Ohsissim com 
PIUS 1YF RFACIION, PHOBIC RI AC TlOV 

The shortage* of teamed psvc hotlieiapists create^ 
an acute problem. The long-standing ther#peuti< 
tradition of the medical profession and the conh 
dence of the public are instrumental m giving pres 
tige to medical psychotheiapists The training of 
nonmedicalff^ychotherapists, sue h as psyc hologisu 
social workers, and clergymen, is a relatively new 
and less organized field. Since psychotherapy is 
sentially a process of emotional reeducation, their 
are some who believe that a new profession of non 
medical psychotherapists should he created 

Practical pioblems in evaluation of treatment 
and development of better and moie applicable 
techniques are important, as well as a more rigor 
ous theoretical approach which might transform an 
old art into both a new scienc e and a sound tech- 
nique. As this gradually happens, the direct and m 
direct impact of psychotherapy on many aspects of 
human life may become great. See Psyc iiosis. 

F F.c.R ] 

Bibliography : F. Alexander and H. Ross (eds ) 
Dynamic Psychiatry , 1952; J. Dollard and N. E 
Miller, Personality and Psychotherapy , 1950. 

Psychotomimetic drug 

A class of drugs reliably inducing temporary state 4 
of altered perception, often with symptoms siniila* 
to those of psychosis. Their classification emergec 
from revived research in the biological determi 
nants of mental disorder. “Model psychoses,” in 
duced by mescaline, were studied in the nineteentl 
century. Now, with drugs which not only induce 



and maintain, but also temporarily alleviate mental 
disorder, conceptual models for the involved neuro- 
t hemical processes can be proposed and tested with 
a oowerful array of laboratory techniques. See 
PSYCHOPHARMACOLOGIC DRUGS; PSYCHOSIS. 

Mescaline and LSD-25. The two drugs of chief 
interest, mescaline and LSD-25 (lysergic acid di- 
ethylamide) , are of ancient lineage. Their struc- 
tural formulas are: 


0-=CN(C 2 H 6 )2 



Mescaline Lysergic acid 

diethylamide 
(LSD-25) 


\|esi aline, used in Amerindian tribal religious 
iifuals. is derived from pevote buttons which are 
iIip dried tops of a ( actus found in southwestern 
\meiiia A Stoll and W A Hoffman prepared 
I M) 25 in 1 ( M8 from ergot a fungus whi(h iniests 
i\< In tins unpurified foim it plagued medieval 
man with outbreaks of abortion, gangrene, and 
madness Along with then mental effects, two fea- 
tims of (liese drugs are striking: the minute quan- 
Hl\ of 1 SD 25 needed to produce its effect and t he 
similaiitv of both drugs to amines, such as indoles, 
;adnnahn. and serotonin, which occur naturally in 
i til* hodv These features indicate that but a few 
^molecules of a hypothetical body substance, hith 
juto eluding detection, would he necessary to pio- 
;dine ps\rhoti< effects, and that a disordet in amine 
j metabolism could he a source of mental disorder 
| Hus is known to oc cur in phenylpyruvic mental de- 
fine ncy. See Pheny i pyruvic oligophrmma. The 
prompt institution in infants of dietary compensa- 
tion foi the metabolic defect c an prevent mental de- 
hc lenc y. Although adrenoc hromo and “taraxein” are 
currently proposed to be body substances of in- 
terest, as yet no substance from normal or mentally 
ill persons has been isolated and shown unequivo- 

I rally to have psychotomimetic properties. Studies 
show interaction of the effects of I SD-25 with those 
of serotonin in the gut but not in the brain; there- 
' the search is for changes in brain enzymes 
vhich are common to the amines and psvc hotomi- 
netics, as well as for tranquilizers such a? reser- 
pme. Identification of the enzymes through which 
)-25 acts may be the critical step toward under- 
standing a number of processes governing neural 
function and chemical change in disordered be- 
havior. Continued discovery of psychotomimetics, 
Such as those from mushrooms, which are linked to 
brain receptors for acetylcholine, is spurred by the 


Psychotomimetic dm# 

hope that their chemical analysis will be a clue to 
different biochemical “lesions” in mental disease. 

Relation to research on psychosis. The discov- 
ery of any fundamental biochemical mechanism 
would in itself solve few problems. In the evolution 
of a psychosis, a biochemical lesion could be criti- 
cal in inhibiting the normal development of psy- 
chological assets, or inducing a break with reality, 
or in maintaining or enhancing it, or in inhibiting 
recovery of function. Whatever the role of bio- 
chemical factors, thev are not, even in model 
psychoses, sole determinants of the disorder. Most 
mental disease is a disorder in behavior, and lacks 
any known physiologic or biochemical stigmata. 
Considerable psychologic sophistication is required 
to differentiate critical phases and attributes of dis- 
ordered behavior if the role of bioch' mica! factors 
is to he propei iv understood. 

The description of psychotomimetic disorder, its 
comparison with mental disease, and the differen- 
tiation of psychopharmaeologic drug effects is a 
function of psychiatry. Hashish, opium, alcohol, 
and cocaine observably alter relationships with 
realitv but bring different psychic gains and results 
than LSD-25 LSD-25 and mescaline may change 
perception without any objective signs, and when 
taken daily thev induce tolerance to the drugs." This 
nm be considered as a mechanism of resistance 
which could provide a biochemical defense for psy- 
c hoses Addiction and habituation to these drugs 
arc not produced nor is relief from pain and 
anxietv Unlike LSD-25, drugs inducing toxic psy- 
choses due to excessive dose cause a clouded sensa- 
rium and confusion; some, like the antimalarial 
afabrine, induce delusions and are of investigative 
interest Hormones like cortisone occasionally pro- 
duce psychoses. 

The fasting of the ascetic, the exhaustion of the 
sleep-deprived soldier, the ritual trance from rhyth- 
mic dancing, the isolation from stimuli and re- 
sponse of the prisoner in confinement, and the re- 
treat to sleep of man induce psvchophyf.iologic 
st ites in which illusion, dream, and hallucination 
can occur. LSD-25 and mescaline similarlv have the 
properlv of disengaging one’s usual orientatipn to 
the everyday order of things; they then may have 
the effect of facilitating exalted visionary states or 
of faciliiating psychoticlike states. Culture, situa- 
tion, personality, and drug determine the kind of 
ex r "lienee occurring during the disengagement. 
Fundamentally one discerns a diminished mental 
control and the coexistence of primitive and logical 
thought and perception. The usual aspects of real- 
ity are of less interest and quaint aspects are se- 
lected* for attention. The subject’s feelings and 
momentary perceptions gain an independence from 
the normal corrections of logic ; the distortions and 
omissions necessary to go about one’s business are 
lacking and whatever occupies the attention be- 
comes at the moment compellingly significant. Ob- 
jects seen a moment ago persevere along with 
current perceptions — giving rise to reports of hal- 
lucination. Thinking and perceiving of this order 
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coexist with a capacity for, but not an interest in, 
normal thought and function. Reactions to such 
shifts in experience may be pleasant, as in the 
ritual situations or in individual aesthetic experi- 
ence, or they may be dysphoric, leading to fear, 
paranoid thoughts, depersonalization, and mood 
swing. 

The dependence of the symptomatology upon the 
presence and actions of the physician has led to the 
use of LSD-25 in therapy. The aims and organiza- 
tion of the subject also determine whether altered 
perceptions- are experienced with aesthetic interest 
and insight or as frightful hallucinations. The dose 
of the drug can heighten the disengagement, the oc- 
currence of hallucination, and contentless affective 
outbursts, but the fundamental psychological state 
in which these events proceed is dependent only 
upon minute quantities of drug. The reaction is 
over in 8-10 hours. |d.x.f.] 

Psychrometer 

A device for measuring the relative humidity 
(RH) or moisture content of air or gas by two 
temperature measurements, one drv bulb and one 
wet bulb. Relative humidity, nr per cent saturation, 
is usually expressed as a percentage. 

To obtain satisfactory readings on the two ther- 
mometers. the air or gas sample must circulate past 
the bulbs with a velocity of 900 ft/min or higher. 
This ensures a good dynamic response from the dry 
bulb and exposes the wet surface to a true sample 
of the gas. A fabric wick covers the wet hull) and 
its connecting structure, and the thermometer 
measures the temperature of the water (distilled) 
which is conveyed to it by the wick. At 100* Mill, 
or saturation, the readings on the wet- and drv- 
hulb thermometers will he identical, blit the de- 
pression of the wet-bulb reading will increase as 
the moisture content of the gas is lowered (RH 
decreases ) . 

At low temperatures, for example 40° F, the wet- 
bulb depression with dry air (0%RH) is 13° and 
at high temperatures, say 170° F, the depression 
with dry air is 90°F. The relationship is nonlinear, 
and a psychrometric chart or slide rule is used to 
convert the thermometer readings into humidity 
(pounds of water per pound of gas), relative hu- 
midity ( r ' ( saturation), or dew point (temperature 
at which gas becomes saturated). 

The sling psychrometer illustrated combines 
two etched-stem thermometers on a frame with a 
swivel-mounted handle at one end. The device is 


z 


wet bulb 


> ' a: i *y ~ 77^ 

/ psychrometer revolves 


dry bulb 


about this axis 



-handle 


Sling psychrometer. ( From D. M. Consicline, ed., Proc- 
ess Instruments and Controls Handbook, McGraw-Hill, 
1957 ) 


whirled rapidly to give proper air velocity, after 
which readings are taken rapidly to obtain accu. 
rate results. 

The Assman psychrometer utilizes a power- 
driven fan to circulate the air sample over the two 
thermometer bulbs. In industrial practice, this cir- 
culatiou method is used with all types of thermal 
elements to measure the moisture content of air 
and gases. In home and laboratories, periodic psy- 
chrometric readings are commonly obtained by 
manually fanning a wall psychrometer. 

The sling and Assman psychrometers, when ac- 
curately calibrated and properly used, give accu- 
racies approaching 2% between 20 and 80% RH 
and 50 to 110°F. Errors as great as 5%RH arc 
possible at temperature and humidity extremes 
With household and industrial psychrometers, a 
5% accuracy can he expected with a good installa- 
tion. See Hygrometer; Moisture-content meas- 
urement. I R.E.CL. I 

Bibliography: D. M. Considinc (ed. ), Process 
Instruments and Controls Handbook , 1957; 0. T. 
Zimmerman and I. LaVine, Psychrometric Tables 
and Charts , 1945. 

Psychrometrics 

A study of the physical and thermodynamic prop- 
erties of the atmosphere. The properties of pri- 
mary concern in air conditioning are (1 ) dry-hull) 
tern perat ure. (2) wet-bulb temperature. ( 3 > dew- 
point temperature. (4) absolute humidity. (5) per 
cent humidity, (6) sensible heat, (7) latent heat. 
(8) total heat. (9) density, and (10) pressure. 

The atmosphere in a clean pure state is a me- 
chanical mixture of dry air and water vapor. Each 
is independent of the other and follows the laws of 
physics in Accordance wkh its respective physical 
properties. Normal atmosphere contains impuri- 
ties such as carbon dioxide, ozone, dust, and dirt 
in varying quantities. 

Graphic representation. Even though dry air 
and water vapor are independent entities, there arc 
certain relationships, which permit the inclusion 
of these factors on a common chart. This is known 
as a psychrometric chart as shown. 

The psychrometric chart is a valuable tool for 
understanding the relationship of the many vari- 
ables encountered in the atmosphere and for solv- 
ing problems in air conditioning. 

Dry-bulb temperature. The dry-bulb temperature 
is the ambient temperature of the air and water 
vapor as measured by a thermometer or other tem- 
perature-measuring device in which the thermal 
element is dry and shielded from radiation. Tem- 
perature scales are usually in degrees Fahrenheit 
or degrees Centigrade. The vertical lines on the 
chart are dry-bulb temperature lines. 

Wet-bulb temperature. If the bulb of a dry-bulb 
thermometer is covered with a silk or cotton wick 
saturated with distilled water and the air is drawn 
over it at a velocity not less than 1000 ft/min, the 
resultant temperature will be the wet-bulb temper* 
ature. 
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Psychrometric chart for 
air at a pressure of 
29.92 inches of mer- 
cury. 



It the atmosphere is saturated with water vapor, 
the water on tin* wick eunnnt evaporate and the wet 
bulb will lead the same as the dry hull). If the at- 
mosphere is not saturated, water will cv. porale 
Irorn the wick at a rate dependent upon the per- 
centage of saturation of the atmosphere The cool- 
ing produced by the evaporation will result in a 
lowering of the temperature of the bulb and the 
consequent reading is the wet-bulb temperature. 

The lines on the psychrometric chart extending 
from upper left to lower right are wet-bulb tem- 
perature lines. Where the dry-bulb and wet-bulb 
temperatures are the same, the atmosphere is satu- 
rated and a line drawn through these points is 
called the saturation or 100% relative humidity 
curve. 

Dew-point temperature. The dew-point tempera- 
ture is the temperature at which the water vapor in 
the atmosphere begins to condense. This is also the 
temperature of saturation at which the dry bulb, 
wet-bulb, and dew-point temperatures are all the 
same. 

The dew-point temperature is a measure of the 
actual water vapor content in the atmosphere. The 
water vapor content is constant for any dew-point 
temperature regardless of the dry-bulb or wet-bulb 
temperature. The dew-point temperatures are 


shown as the horizontal lines on the psychrometric 

chart. 

Absolute humidity. The actual quantity of water 
vapor in the atmosphere is designated as the abso- 
lute humidity. It is measured as pounds of water 
vapor per pound of dry air, grains of water vapor 
per pound of dry air. or grains of water vapor per 
cubic foot of dry air. One pound of water vapor is 
equal to 7000 grains. Because the absolute water 
vapor content is directly related to dew-point tern 
perature. the vapor content in grains per pound of 
dry air is shown on the vertical scale on the right- 
hand side of the psychrometric chart for different 
- point tern peratures. 

Percentage or relative humidity. Percentage or 
relative humidity is the ratio of the actual water 
vapor in the atmosphere to the quantity of water 
vapor the atmosphere could hold if it were satu- # 
rated at the same temperature. For example, if the 
atmosphere at 50° F is saturated with water vapor, 
there would be S3 grains of water vapor per pound 
of dry air. If the dry-bulb temperature of this at- 
mosphere were then raised to 69°F, it could hold 
106 grains of water vapor (corresponding to a satu- 
ration temperature of 69°F). Because no moisture 
was added in changing the temperature from 53°F 
to 69°F, the actual vapor content is still 53 grains. 
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Table 1. Properties of water 

Knthalpy of 


Temperatures, 

°F 

Pressure, 

psia 

evaporation, 

Btu/lb 

40 

0 122 

1070 64 

45 

0 147 

1067 81 

50 

0 178 

1064 99 

55 

0 214 

1062 16 

60 

0 256 

1059 34 

65 

0 306 

1056 52 

70 

0 363 

1053 71 

75 

0 130 

1050 89 

80 

0 507 

1048 07 

85 

0 596 

1045 23 

90 

0 698 

1042 40 

95 

0 816 

1039 56 

100 

0 950 

1036 72 


The percentage humidity would then he r,5 Ho« or 
50% at 69° F. 

Sensible heat. Sensible heat, or enthalpy of diy 
ail. is heat which manifests itself as a change in 
temperature. It is expiesscd in British thermal units 
(Btu). One Btu will raise the temperature of 1 lb of 
water l°F One Btu will also raise the temperature 
of 1 lb of dry air approximately 4.25 °F at atmos- 
pheric temperatures and sea-level pressure. 

Latent heat. Latent heat, or enthalpy of vaporiza- 
tion. is the heat required to change a liquid into a 
vapor without change in temperature. For example, 
it would require 1054 Btu to change 1 lb of water 
at 70° F from a liquid to a dry saturated vapor at 
70 °F. 

Latent heat is sometimes leferred to as the la- 
tent heat of vaporization and varies inversely as the 
piessure. The higher the pressure (or saturation 
temperature) the lower the Btu required to evapo- 
rate water from a liquid to a vapor. Table 1 shows 
the thermodynamic properties of water for vari- 
ous tem pei a til res 

Total heat . The total heat, or enthalpy, of the 
atmosphere is the sum of the sensible heat, latent 
heat, and superheat of the vapor above the saturation 
or dew-point temperature. At saturation, the total 
heat measured in Btu lb dry air is measured at the 
wet-bulb temperature and includes both the sensible 
heat of the dry air and the latent heat of the water 
vapor at the temperature measured. For example, 
at 60°F on the saturation curve the total heat is 


Table 2. Temperature-volume-enthalpy relation 
of saturated air 


Temperature, 

°F 

Volume, 
ft 3 /lb of dry air 

Knthalpy, 

Btu /lh of dry air 

40 

12 70 

15 23 

45 

12 85 

17 65 

50 

13 00 

20 30 

55 

13 16 

23 22 

60 

13 33 

27 15 

65 

13 50 

30 06 

70 

13 72 

34 09 

75 

13 88 

38 61 

80 

14 09 

43 69 

85 

14 31 

49 43 

90 

14 55 

55 93 

95 

14 80 

63 32 

100 

15 08 

71.73 


26.46 Btu/lb of dry air with water vapor to saturate 
the air at that temperature. 

Total heat is relatively constant for a constant 
wet-bulb temperature, deviating only about 1.5-2% 
low at relative humidities below 30%. Table 2 
shows enthalpy values for saturated air. 

Density. The density of the atmosphere varies 
with both altitude and percentage humidity. The 
higher the altitude the lower the density, and the 
higher the moisture content the lower the density. 

At sea level (29.92 in. Hg absolute pressure) and 
59°F the density is 0.0765 lb/ft*. At 5000 ft eleva- 
tion and 59° F, the density would be .0637 lb/ft \ 

At sea level and 65°F saturated, the density is 
0.074 lb/ft 1 . At 65° dry bulb and 30% saturation, 
the density is .0752 lb/ft \ The ret iproral of density 
(cubic feet per pound of dry air) is usually used 
rather than the density. Table 2 shows tempera- 
ture-volume relations for saturated air. 

Pressure. Atmospheric pressure, usually referred 
to as barometric pressure, is measured either in 
inches of mercury (29.92 in. Hg at sea level) or in 
pounds per square inch absolute (14.7 psia at sea 
level ) . 

Pressure varies inversely as elevation, as tem 
perature, and as percentage saturation Pressure 
decreases with elevation as is shown in Table 3 

Table 3. Altitude and pressure (standard atmosphere) 


Altitude, 

ri 

Pressuie, 
in Hg 

-1,000 

31 02 

-500 

30 17 

0 (Son level | 

29 92 

500 

29 38 

1,000 

28 86 

5,000 

2189 

lWOO 

20 58 


See Comfort control. | j f\ J 

Bibliography : American Society of Heating 
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mg Air-Conditioning Guide , 37th ed., 1959: W H 
Carrier, Rational psychromctric formulae, Trans 
Am. Sor. Mech. Engrs.. 33:1005 1053, 1911 ; W H 
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Psychromctric Data m Relation to Practical En 
gineering Problems y Am. Soc . Mech. Engrs, Ad 
vance Paper, 1936; J. A. Goff, Thermodynamic 
properties of moist air, Heating , Piping and 4ir 
Conditioning , 6(3) : 1 1 7 132, 1934; W. K. Lewis 
The evaporation of a liquid into a gas a corre* 
lion, Mech. Eng. y 55(9) :567 568. 1935; D. D. Wile 
Psvchrometric charts, Am. Soc. Heating Air Con- 
ditioning Engrs. Journal , vol. 1, no. 8, 1959. 

Ptarmigan 

Any of four species of small grouse of the genu* 
LagopuSy family Tetraonidae. The ptarmigans are 
brown and more or less typical grouse in the sum- 
mer, but they undergo a seasonal plumage change 
in the fall, gradually changing to white for the 
winter season, and then turning brown again m 
the spring. Two species are found in the United 




The white-tailed ptarmigan. ( Patricia Witherspoon , 
National Audubon Society ) 


States. The willow ptarmigan, /,. lagopus , is a bird 
of the Arctic tundra which occasionally wanders 
into the northern border states in winter. The 
white tailed ptarmigan, L. leucurus , nests in the 
mountains above the tree line from Alaska south 
into New Mexico. See Gallhormes; Grouse. 

[ J.D B.] 

Pteraspidomorphi 

A subclass of the class Agnatha. The Pteraspidomor- 
phi include the extinct orders Heterostraci and Coe- 
lolepida and may be distinguished from the subclass 
Cephalaspidomorphi in having paired nostrils, a sin- 
gle exhalant pore, and absence of paired append- 
ages The lateral eyes are widely separated on the 
broad depressed head. Exoskeletal plates cover the 
head and the unpaired rostral is quite prolonged. 
Pttraspis is a well-known example. See Agnatha; 
Cephalaspidomorphi ; Coelolepida ; Hf.teros- 

TRA<I [C.B.C.] 

Pteridospermae 

Seed ferns, extinct plants characterized by naked 
seeds borne on large fernlike fronds. Fossil evi- 
dence indicates that these plants reached their 
greatest abundance during the Pennsylvanian Pe- 
riod of geological time, approximately 260,000,000 
years ago. Subsequently they declined, becoming 
extinct sometime during the Jurassic Period, or 
about 175,000,000 years ago. 

Because some seed ferns had rather long slender 
stems with relatively small amounts of supporting 
tissue, it has been surmised that they were vine- 
like and required the support of more sturdy neigh- 
boring plants. Others grew erect without the aid of 
other plants and in their general appearance they 
superficially resembled modern tree ferns. Stems of 
pteridosperms were mostly unbranched, with diam- 
eters up to 8 in, and heights of 10-20 ft. Near the 
apex of their stems they produced a crown of large 
| spirally arranged fronds (Fig. 1). Both the fronds 
| of tree ferns and the pteridosperm leaves were 
compound, and they both attained an estimated 
length of 3-5 ft. Slender adventitious roots were 
^ borne on the lower parts of the stem 
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Classification. The study of pteridosperms has 
added to botanists’ knowledge of relationships 
among vascular plants. Before their discovery ami 
elucidation botanists generally agreed that there 
was little or no relationship between ferns, which 
have no seeds, and seed-bearing plants. When it 
was proved that pteridosperms, with their fern- 
like features, formed seeds similar in structure to 
modern cycads it was concluded that ferns and cer- 
tain seed plants (Cycadophytes) evolved from a 
common ancestor and thus were more closely re- 
lated than was previously suspected. Because of 
the paleobotanical evidence and evidence from 
comparative anatomy of extant vascular plants, a 
taxon — the Pteropsida — was proposed by the late 
E. C. Jeffery of Harvard University to include the 
classes Filicineae (true ferns), oymnospermae 
(cycapophytcs, conifers, ginkgoes), and Angiosper- 
mae (flowering plants). In this classification the 
Pteridospermae (see Cygadofilicales) is an order 
of the class Gymnospermae. In another classifica- 
tion which recognizes three unrelated groups of 
naked-seeded plants, Pteridospermae is an order of 
the division Cycadophyta. This division also in- 
cludes Cycadeoidales, Caytonialcs, and Cycadales. 

Pteridospermae are generally divided into three 
families: Medullosaceae, Lyginopteridaceae, and 
Calamopityaceae. Of these, the medullosan and 
lyginopterid pteridosperms are the best known. 

Medullosaceae. Three stem genera, Medullosa y 
Sutcliffia , and Colpoxylon , are assigned to this fam- 
ily. Medullosa and Sutcliffia are consistently poly- 



Fig. 1. Reconstruction of a seed fern. 
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stelic; Colpoxylon may have a single, large, irregu- 
lar stele All have large spirally arianged petioles 
with numerous vascular bundles 

Stem anatomy. Depending upon the position m 
the stem the number of steles in a species of Me 
dullosa may vary from 2 to 23 In some species the 
number is moie consistently 2 1 Each stele is com- 
posed of a centrally located, mixed protostele ton 
sisting of mesanh primaiy xylem in a parenchyrn 
atous ground tissue \ similar airangement of 
stelar tissues is found in stems of many true ferns 
Around each protostele there developed an active 
vascular cambium that produced conspicuous sec- 
ondary wood composed primal ilv of large tra- 
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Fig 2 Cross section of Medullosa stem 

cheids with multiseriate bordered pits on their ra 
dial walls F \c eptionallv well preserved secondaiy 
phloem is usually found to the outside of the vas 
cular cambium r fhe parenchymatous fundamental 
tissue m which the steles are embedded is delim 
ited externally bv a layer of perideim 'stem speci 
mens near the apex have spirally arranged leaf 
bases containing many vascular bundles and verti 
cally extended, peripherally disposed strands of 
thn k walled supporting cells These leaf bases 
(petioles) are sloughed off from older more basal 
parts of the stem (Fig 2) .See Sth f 
Leaves Isolated petioles of leaves are placed in 
the genus Myeloxylon . These may branch di 
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Fig 3 Neuropteris pinna with attached seed 

chotomously 2 3 tunes Ultimate divisions of this 
branching system be ai alternately disposed pinna 
Certain pinna assigned to the genera Alethopti ns 
and Ni uropti n s (Fig \ ) arc now known to have 
been attached to Myt loxylon 

Roots Only adventitious roots are known for 
Medullosaceae Ihtse ate home on the stem he 
tween the leaf bas<_s Structurally matme loots usu 
ally consist of a tctrarch and cxaich p*>tostrlc 
with foui segments of secondaiv wlem alternating 
with aims ot pi unary \ylem A peridtrm formed 
the outei covering of older loots 

S <.((Is IJfese reproductive organs are laige 4 6 
cm long and 1 2 cm in then greatest diameter 
Compression fossils show that in ceitain specie^ 
seeds replaced the pinnule at the lip of a pinna 
idchis Orheis appaiently leplaced lateral pin 
nules In eitliei case the rest of the frond lemamed 
unmodified A thick vascularized testa (seed c oat I 
formed the outer covering I his prompted the g< 
neiu name Parhyttsta (thick skin) for isolated 
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Fig 4 Dolerotheca sp. 
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seeds of this type. The apex of the testa was di- 
vided into three valves along three commissured 
ribs. Within the testa was a single, large-stalked 
megasporangium apically differentiated into a pol- 
len chamber. Pollen grains of the Monoletes type 
have been found in these pollen chambers and in 
at least one instance a microgametophvte was 
found. Megagametophytes are usually lacking, but 
several instances of their occurrence have been re- 
ported. Archegonia are occasionally preserved with 
egg protoplasts. In their structures these seeds and 
their included megagametophytes are similar to 
seeds of modern cycads and ginkgo. 

Pollen-forming organ. Dolerothera , the pollen- 
foirning organ, has the shape of a bell (campanu- 
him) consisting of a stalk and a vascularized cover 
from which arise double rows of pendant, fused 
sporangia. The sporangia are linear and form pol- 
len of the Monoletes type. They have never been 
found attached, but anatomical studies show that 
thev replaced pinna on the medullosan frond 
( Fig. 4) . 

The monolete pollen grains are relativelv large, 
sonic measuring over 250 microns in their greatest 
dimension. They are bilaterallv symmetrical with 
a pair of grooves on the distal surface and a 
slighllv angled proximal suture In many ways they 
lesemble pollen of some ranalian angiosperms. See 
Poi ynoiogy 

Lyginopteridaceae. Member* of this familv in- 
dude monosfelh pteridosperms having one or two 
vascular traces enteiing the base of the petiole. 
Common representatives are the stem genera Het- 
trangium and Lyginopteris. Foliage may be typi- 
lied b> some species of Sphenopteris and Pecopte - 
ns Seeds are small, 4 8 mm in length, and some 
were borne in cupules. The best-known British 
and Furopean member of this familv is Calymmato 
them Hnrrunghausi . which has been reconstructed 
in all parts except tbe pollen-forming organs. 

Numerous other organ genera exhibiting some 
ptendosperm feature or featutes are known. These 
in< lode seeds, pollen-producing organs, foliage, 
stems, and the like, some of which are placed in 
the third family Calamopityaceae. Although the 
pteridosperms were recognized in 1903. the under- 
standing of this group did not begin until the 
1950s. Evidence indicates that cycadeoids and 
modern cycads evolved from pteridosperms. Mem- 
bers of this great extinct complex of plants may 
provide the answer to the perplexing question of 
oiigin of the angiosperms. See Paleobotany. 

f W.N.S. ] 

Bibliography : C. A. Arnold, An Introduction to 
Paleobotany , 1947; W N. Stewart and T Pelevor- 
vas. The medullosan pteridosperms, Botan Rev., 
22:45-80, 1956. 

Pterobranchia 

A group of animals regarded as a class of the Hemi- 
chordata. Thev are all marine, widely distributed 
but not common, benthonic (chiefly deep-sea) in- 
habitants. These organisms are small or micro- 
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Cephalodiscus , diagrammatic view. (After W. Patten, 
from H. V. Neal and H. W. Rand, Comparative Anat- 
omy, B/akiston Division, McGraw-Hill, 1936) 


scopic, sessile, and tube dwelling (tubicolous) . 
They may be colonial or pseudocolonial with a cu- 
ticular skeleton. A li-shaped gut is present. One 
pair of gilt slits or none are present. A lophophore 
of one or several pairs of arms arises from the col- 
lar or middle of the three body segments. The pro- 
boscis is flattened into a preoral disc and the trunk 
is short, but has a long contractile stalk. These 
animals are probably ciliary, mucous filter feeders. 
Two genera, Rhabdopleura and Cephalodiscus , are 
known. See Hemic hordata. [t.H.B.] 

Pteropsida 

A subphylum of plants distinguished by their com- 
plex water- and food-conducting systems, large 
showy leaves, and other advanced features which 
set them apart from the lower forms. A subdivision 
of the phvlum Tracheophyta, the Pteropsida con- 
sists of thiee elasse. • Filicineae (ferns), Gvmno- 
spermae (conifers and their allies), and Angio- 
spermae (flowering plants). .See Angiosperm ae; 
FiLiMNtAi; Gymnospermaf; see also Plant 
KINGDOM. [p.D.S.] 

Bibliography : .See Embryophyta. 

Pterosauria 

Vn extinct order of flying reptiles of the Mesozoic 
Lra. A thin membrane of skin extending from the 
side of the body to the enormously elongated fourth 
finger of each hand formed a wing analogous to 
that of a bat. The first three fingers w*re short and 
clawed. The small rear limbs bore pentadactyl 
feet. All bones were extremely light and pneumatic. 

sternum was large. The Jurassic suborder 
Rhamphorhynchoidea had Jong slender taik with 



Fig. 1 . Restoration of Rhamphorhyncbus phyllurus * 
from the Late Jurassic of Germany. ( After O. C. Marsh ) 
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Fig. 2. Restoration of the skeleton of the giant Greta- 
ceous flying reptile, Pteranodon. {After Eaton) 


an expanded tip used to control flight (Fig. 1). The 
Pterodactyloidea of the Late Jurassic and Creta- 
ceous lacked tails. Their dentition was varied: 
.some had stout, sharp, forwardly directed teeth 
presumably adapted for catching fish or small ter- 
restrial animals; others with numerous thin needle- 
like teeth must have been insectivorous. Pteranodon 
(Fig. 2), the giant pterosaur of the Cretaceous, 
with a wing span of nearly 7 m and crested skull 
84 cm long, was toothless and presumably a fish 
eater as its remains are abundant in deposits formed 
far out at sea. See Archosauria; Reptii.ia. 

[j.t.g.I 

Bibliography : H. G. Seeley, Dragons of the Air , 
an Account of Extinct Flying Reptiles , 1901. 

Pterygota 

A subclass of the Insecta. The majority of these 
insects are characterized by having wings present 
in the adult stage. Some are wingless, as in the lice 
or fleas, while others have rudimentary or reduced 
wings. Abdominal appendages, such as styli, which 
are fingerlike structures found commonly among 
the primitive, wingless insects, are lacking. Ex- 
ternal genital structures and cerci may be present 
on the posterior abdominal segment. This subclass 
is divided into two divisions, the Exopterygota, or 
Hemimetabola, and the Endopterygota, or Holome- 
tabola. The division of this subclass into these two 
groups is based on the type of metamorphosis or 
change during development to the adult stage. See 
Aptf.rygota ; Endopterygota ; Exopterygota ; 
Insecta. |e.o.e.] 

Bibliography : E. 0. Essig, College Entomology , 
1942. 

Ptychodactiaria 

An order of the zoantharian anthozoans of the 
phylum Coelenterata. This group of solitary sea 
anemones is known only from two genera, Plycho - 
dactis and Dactylanthus from the Arctic and Ant- 
arctic. The specialized mesenterial filaments of 
the actinians are absent and the mesenteries are 
not arranged in good cycles. See Anthozoa; Co- 
elenterata. [C.H.] 

Public address system 

A specialized form of Bound reproduction system 
in which sound, primarily from a live sound source, 
is presented to a large audience by means of loud- 


speakers, often called simply a PA system. A pul 
lie address system is necessary when thg area to b< 
covered with sound is so large or the noise leve 
so high that the original human speaker or musica 
group cannot generate enough sound energy to b< 
heard throughout the area. Provision is often in 
eluded in public address systems for reproducing 
recorded or broadcast musical programs in additior 
to the live source of sound. There are also special 
ized forms of PA systems; for example, in school 
and hospitals intercommunication provisions are in 
eluded to permit the teacher or patient in an indi 
vidual room to communicate with a central point 
such as the principal’s office or the nurse’s station. 

PA systems vary from the simplest form shown 
in Fig. 1 to more elaborate PA systems, containing 
most or all of the elements of the block diagram 
shown in Fig. 2. When no operator is present to 
control the gain or volume and several people may 
be speaking over the system, the compressor am- 
plifier in Fig. 2 may be used to prevent overload of 
the output power amplifier and loudspeakers. 

The acoustical power necessary to produce the 
specified sound levels in auditoriums of different 
sizes can be calculated from Fig. 3. For example, 
in an auditorium 50 by 100 by 20 ft (volume of 
100,000 ft 3 ) slightly more than 10 acoustic watt* 
would be required to reproduce a 100-db level, 
corresponding to the extreme peak sound levels of 
a symphony orchestra. To obtain this level with 
single-cone direct-radiator loudspeakers of moder 
ately high efficiency, say 5%, 200 watts of amplifier 
power would he required, but with relativity high- 
efficiency horn speakers having an efficiency on the 
order of 30%, an electrical power of only 33 watts 
would be required. See Loudspeaker. 

PA systdfn loudspeakers. Speakers used in PA 
systems vary from the elaborate multicell high-fre- 
quency horn speakers with large bass speakers 
(Fig. 4 a) used in high-quality sound-reinforcing 
systems to smaller horns (Fig. 4/;) , handling onlv 
the speech range that may be used in noisy hall 



Fig. 1. Simple form of public address system. ( Strom * 
berg-Carlson Co., Division of General Dynamics CorpJ 
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| Fig. 2. Block diagram of an elaborate institutional public address system. 
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; parks or factory areas. The type of speaker used 
\ inosi frequently in small systems or in systems hav- 
■ ing a large number of distributed speakers is a 
| high-quality single-cone speaker about 8 in. in 
[ diameter such as that shown in Fig. 4c. 

Speaker location. In a long room with a low 
[ceiling many speakers distributed throughout the 
' room are required. For a sound-reinforcing system 
1 in an orchestra hall, however, loudspeakers are 
1 usually located over the center of the proscenium 
; arch, or on each side of the stage. When a human 
speaker is addressing the audience, the best posi- 
j tion for the loudspeaker is over the center of the 
[stage; otherwise the sound from a loudspeaker on 
^ one side of the stage might arrive at the listener’s 
jear from a direction different from the direction 
i from which the listener’s eyes tell him the sound 
| should come. The directional characteristics of the 
1 speakers must be chosen to distribute the sound 
! uniformly to all angular directions where people 
;are seated and yet direct very little energy against 
! the walls. Sufficient level must also be provided in 
[the distant parts of the auditorium without blast- 
ling the people near the speakers. Sound directed 
[toward the walls does no good and may do harm 
| by increasing the danger of the unpleasant reso- 
|nance effect known as singing. 

Oscillation or singing, Oscillation is a perpetual 
ource of difficulty in sound-rejinforcing systems 



Fig. 3. The acoustical power required to produce 
sound intensity levels of 70, 80, 90, and 100' decibels 
(db) in an auditorium plotted as a function of the vol- 
ume of the auditorium. (From H. F. Olson r Acoustical 
Engineering, 3d ed.. Van Nostrand # 19$7) 
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Fig. 4. Loudspeakers used in PA systems, (a) Multicell 
high-frequency speaker with bass horn speaker for 
high-quality sound-reinforcing systems, (b) Horn speaker 
used for the speech range in large and noisy locations, 
(c) Small 8-in. cone speaker used in distributed speaker 
systems. ( Stromberg-Carlson Co , Division of General 
Dynamics Corp.) 

where the original sound source is in the same room 
as the loudspeakers. When the amplification is set 
so that the sound from the loudspeakers arrives at 
the microphones at a pressure level equal to or 
higher than the sound pressure from the original 
sound source, the system breaks into oscillation. 
The frequency of oscillation, or singing, will be 
close to any frequency or frequencies of exagger- 
ated response in either the microphones or the loud- 
speakers. Sound-reinforcing systems that have 
exceptionally smooth frequency-response character- 
istics are much less likely to have singing difficulties 
than those with irregular response. Singing is eas- 
ily prevented in a system by bringing the micro- 
phones as close to the original soufcd source and 
as far away from the loudspeakers as possible. Di- 
rectional loudspeakers placed so that they are 
pointed away from the microphones, and directional 


microphones with their directive beams pointed 
away from the loudspeakers, permit the relative 
distance from the microphone to original sound 
source to be increased. 

When widely spaced speakers are used, the finite 
velocity of sound and the successive time delays in 
the sound from the different speakers can cause 
severe garbling of speech when the delays are on 
the order of the time between syllables. This type 
of intersyllable interference is often erroneously 
blamed on the speaker phasing. Reveising the 
phase of the speakers does little to cope with the 
situation. Rather the speakers must be oriented so 
the listeners cannot hear the sound from wide]) 
separated speakers. In particularly critical sound 
systems a time delay is added to the electrical cir- 
cuits feeding the speakers distant from the stage 
so the sound from the stage and that from the loud- 
speakers farthest from the stage arrive at the ears 
of the listeners together and not in sequence. See 
Sound reproduction systems, electrical. 

[f.h.sl.] 

Public health 

Organized social action for the maintenance and 
promotion of health. This broad concept has evolved 
from much more restricted definitions which lim 
ited public health to the actions of governmental 
health agent ies directed at the prevention of in- 
fectious diseases. The advances of medical science 
and the growing complexity of society have made 
more imperative the need for extensions of or- 
ganized social action for the preservation of the 
individual's health. 

In the early days of public health, efforts were 
directed, often not too successfully, at controlling 
the epid^fnc spread of communicable diseases 
With the increase of bacteriological and epidemio 
logical knowledge, the public health control of 
many communicable diseases has been placed on a 
firm scientific footing. 

The early emphasis of public health was on pri- 
mary prevention of infectious disease by such meas- 
ures as isolation of the sick and protective immu- 
nization, insect and rodent conti ol, water purifica- 
tion, and food and milk sanitation. Today public 
health has grown to embrace activities directed to- 
ward primary prevention of nonin factious disease, 
secondary prevention of both infectious and nonin- 
fectious disease, and care of the sick. Possibilities of 
promoting positive health have also engaged the 
attention of public health workers. 

Epidemiological discoveries of the roles of en- 
vironmental and cultural influences, of genetic 
determinants, and of somatic precursors have made 
it possible to prevent some of the noninfectiou*> 
diseases. Similarly, it has been shown that early 
diagnosis and proper treatment of the incipient 
stages of certain diseases will prevent or minimize 
their progress. The sick individual’s need for medi- 
cal care is obvious. In such care there has been a 
growing emphasis on rehabilitation — the physical* 
mental, and psychosocial reeducation of the patient 


which enables him to achieve his maximal potential 
of usefulness to himself and society. Prevention 
of disease and medical care, made possible or im- 
plemented by organized social action, are the sub- 
stflncc of public health. 

The promotion of positive health is concerned 
with helping people achieve optimal well-being, 
and not merely absence of disease. However, al- 
most nothing is known about the epidemiology of 
health. Therefore, public health programs for the 
promotion of positive health must await the fruits 
of epidemiological research. 

In broad terms then, public health is concerned 
with determining the health status of the popula- 
tion (vital statistics), the genetic and bionomic 
factors in health and disease (epidemiology), and 
with building upon this knowledge the structure 
and function of organized health programs and 
services (public health administration). See Bac- 
ihuology, medical; Epidemiolocy ; Human ge- 
netics; Mycology, medical; Virus. [e.m.c.] 

Bibliography: K. F. Maxey Od ), Rosenau’s 
Preventive Medicine and Public Health , 8th cd„ 
1956; H S. Mustard, An Introduction to Public 
Health , 3d ed., 1955. 

Puffin 

\ bird, Fratercula arctica , a member of the family 
Altidae, along with the auks, murres, and auklets. 
This short-tailed, short billed, and rather chunky 
black and-white diving bird breeds only in the 
extreme northern Atlantic and the adjacent Arctic 
0< can area. It walks well on its toes on land, a trait 
not possessed bv most of the family. 

Puffins nest in holes in the ground. Thev are 

uchly decimated on the advent of rats, cats, and 



The Atlantic puffin, Fratercula arctica ; length to 13^ 
(Courtesy Prentice K . Stout, National Audubon 
c iety) 
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dogs which accompany man. The puffin swims un- 
derwater with the use of its wings, and easily 
catches fishes, crustaceans, and other food. 

The horned puffin, F. corniculata, and tufted 
puffin, Lunda cirrhata , are birds of the North 
Pacific with similar habits. See Auk; Charadrii 

FORMES. [j.D.B.] 

Pulley 

A wheel with a flat, crowned, or grooved rim used 
in conjunction with a rope, belt, or chain to trans- 
mit motion. Pulleys for use with V-belt and rope 
drives have grooved surfaces and are usually called 
sheaves. A combination of ropes, pulleys, and 
pulley blocks arranged to gain a mechanical ad- 
vantage, as for hoisting, is often referred to as 
block and tackle (see Belt drive, Hope drive). 

Pulley construction. Pulleys are made of cast 
iron, steel, wood, or brass (Fig. 11. Cast-iron pul- 
leys formed of one solid casting may have a solid 
or a split hub Those with solid bubs are held on 
the shaft with ke\s, set-screws, or a combination of 
the two. Those with split hubs are provided with 
clamping bolts which, when tightened, pull the hub 
tight on the shaft. While such pulleys usually have 
six arms or spokes, smaller ones may have only 
four arms; those larger than 5 ft in diameter may 
have eight arms. Split pulleys, formed of two sec- 
tions bolted together at the hub and the rim, are 
also used Either split pulleys or those with a split 
hub aie preferred when the pulley face width is 
greater than 10 in. When the pullev face width ex- 
ceeds 20 24 in., two sets of arms may be used to 
give better support of the rim. Wood-faced pulleys 
are lighter than cast iron and, for flat belt drives, 
have somewhat better power transmission charac- 
teristics. Pulleys formed from sheet steel are light 
and free of the residual stresses that may be pres- 
ent in cast ones. They are economical and have 
lower slippage than an equivalent cast iron pulley. 
Brass may be used for small pulleys, particularly 
for round belts and cords. 

The maximum safe rim speed for solid cast-iron 
pulleys is in the order of 5000 feet per minute; Split 
pulleys should be limited to 50-60% of this speed. 
Built-up steel pulleys, while subject to some varia- 
tion due to differences in design and construction, 
should generally be limited to rim speeds of 6000 
feet per minute. 

Pulley application. When a belt drive must be 
capable of producing several different speeds of 
the driven shaft with a single speed of the driving 
shaft, stepped or cone pulleys can be used (Fig. 
2). Diameters of such pulleys must produce the 
desired velocity ratio and maintain the necessary* 
belt tension for anv step. Such drives are fre- 
quently made so that, for a given driving pulley 
speed, the speed of the driven pulley increases in a 
« geometric ratio for each step. When stepped pul- 
leys are used in a crossed-belt drive the sum of the 
diameters for any one step must be the same as 
for any other step. In practice a pair of stepped 
pulleys is often designed to have the same dimen- 
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Fig. 1. Typical pulleys, (a) Multigroove V-belt sheave ( Boston Gear Works). ( c ) Brass pulley for round belt 

( Atlis-Chalmers ). (b) Solid hub crown face pulley ( Boston Gear Works). 


sions. When such pulleys (Fig. 2) are used the re- 
lation of the driving shaft speed N and the speed 
of the driven pulleys on each side of the middle 
step is /V = 

Speed variations of a belt drive can be obtained 
using speed cones rather than stepped pulleys. 
These are similar to stepped cones except they are 
tapered smoothly rather than by steps. The work- 
ing diameter of the cone for any position of the 
belt is that at the middle of the belt. The cones 
are laid out by calculating several diameters in the 
9ame manner as for step pulleys, plotting these 
equal distances apart along the pulley axis, and 
then fairing a smooth line through them. When 
speed cones are used the belt must be guided as it 
approaches the cone to prevent it from climbing to- 
ward the large end of the pulley. 

With flat pulleys- -those having the same diame- 
ter across the entire face -there is a tendency for 
the belt to run off the pulley if the shafts are 
slightly misaligned. While guides at each edge of 
the belt as it enters the pulley can be used, a 
crowned pulley will correct this problem with less 
belt wear. A crowned pulley may be of either 
spherical or conical cross-section (Fig. 3). On such 
a pulley the belt tends to climb to the point of 
maximum diameter, the center. Thus it centers it- 
self on the pulley. The amount of crowning is usu- 
ally small, frequently being of the pulley face 
width, but values ranging from %n for leather belts 
to Vino for cotton belts have been used. Less crown 
is needed with higher belt speeds than with low 
speeds. To prevent excessive travel of the belt back 
and forth across the pulley faces only one pulley 
in a pair should be crowned. 

Tight and loose pulleys (Fig. 3) are used when 
a drive shaft is to remain in motion when the 
driven shaft is brought to rest. The tight pulley is 
fastened to the driven shaft with a key or set 


screws. The loose pulley, of a slightly smaller di- 
ameter, turns freely on the driven shaft but is kept 
in place by the hub of the tight pulley and a col- 
lar on the shaft. The belt can be shifted, while in 
motion, by a shipper that guides the advancing 
side of the belt onto the desired pulley. 

Sheaves for rope drives (Fig. 4) such as those 
for hemp rope drives are similar to V-belt pulleys; 
the rope wedges into the grooves and makes con- 
tact on the sides (Fig. 4a) rather than at the bot- 
tom of the groove. A curved groove is also used 
with a multiple rope system (Fig. 4b). The rope 



Fig. 2. Equal stepped pulleys. 



Fig. 3. Tight and loose pulleys. (/. H. Prageman , 
Mechanism , International Textbook, 1943) 



c) (d) 


Fig 4 Pulleys for rope drives. r a) Rope sheave, 
(b Multiple rope sheave (c) Idler sheave (d) Wire 
rope sheave. (/ H Prageman, Mechanism, Interna- 
tional Textbook, 1943 ) 

rests at the bottom of an idler sheave fFig. 4r) 

A sheave for wire rope may have the bottom of the 
groove lined with rubber or a similar in renal 
(Fig 4 (h 

Pulmonata 

A subclass of the gastropod mollusks containing 
the “lung”-bearing land and fresh-water snails. 
Onlv a very few spec ies live in salt water, and these 
are intertidal These snails have lost their gills 
and m their place the mantle cavity has become a 
pulmonary sac which functions as a lung. This 
organ consists of an invagination of the mantle 
which is lined with numerous blood vessels 

Life cycle. So far as known, all pulmonates are 
hermaphroditic. Mating usually occurs but self- 
fertilization is also possible. Land pulmonates have 
large eggs and lay 15 -20 or as many as 400 at one 
time. The eggs are usually buried in the Boil or 
under leaves. Fresh-water pulmonates produce their 
CRgs in a gelatinous mass which is attached to 
objects in the water, such as leaves, stones, or 
even another egg mass. All larval stages develop 
within the egg capsule and the youhg emerge as 
crawling snails. 

Habitat. Land pulmonates occur in a great va- 
riety of habitats. In tropical and subtropical areas 
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many genera in several families live in trees, feed- 
ing mainly on bark lichens. Such tree snails usually 
become highly colored with characteristic color 
patterns for each genus. Others are strictly calci- 
philes, living only on limestone rocks and feeding 
on lichens. Most of the land pulmonates remain 
on the ground, usually hiding by day and feeding 
on decaying vegetation at night when the air is 
moist and cool. In desert areas there are many 
types of land snail which have become adapted to 
living under very harsh conditions. During long 
and protracted dry spells they bury themselves in 
the soil. Having no operculum they produce an 
epiphragm, a thin film of mucus which hardens, 
leaving a small slit to admit the very little oxygen 
needed during a long period of inactivity. The 
moment of rain in a desert area immediately 
brings them to the surface where they start feed- 
ing voraciously upon plant debris. In less rigorous 
areas where there are seasonal wet and dry periods 
they may not enter the ground but cement them- 
selves to trees and shrubs by means of the limy 
mucus and thus remain until they are again acti- 
vated bv rain. 

Terrestrial pulmonates. Most of the land pul- 
monates possess shells; a few, such as Liniax , are 
without shells or the shell exists only as a small 
internal plate. These shell-less groups are usually 
referred to as slugs. 

Manv land pulmonates are used as food for man, 
particularly in Europe and North Africa. The spe- 
cies eaten are mainly in the genera Helix and 
Otala , and quantities are shipped to the United 
States and Canada, particularly from North Africa, 
to be sold mainly m the French and Italian sections 
of the larger cities. 

Fresh-water pulmonates. Fresh- water pulmo- 
nates are found on all continents and most islands. 
They are most abundant in regions of lakes and 
clear streams They aie far less abundant in rivers 
and streams whit h carry any amount of silt. Most 

the fresh water pulmonates usually come to the 
surface periodically to breathe, but many can re- 
main below the surface, obtaining their oxygen 
from plants or even directly from the water b\ the 
mantle, the surface of which can act as a lung The 
genera Phvsa , Lymnaea , and Helisoma are among 
several of wide distribution. See Gasirof»oda. 

[w.j.c.] 

Pulse generator 

An electronic circuit capable of producing a wave- 
form that rises abruptly, maintains a relatively flat 
top for an extremely short interval, and then rap- 
idly falls to zero. A relaxation oscillator, such as a 
multivibrator (see Multivibrator), may be ad- 
justed to generate a rectangular waveform having 
* an extremely short duration, and as such it is a 
pulse generator. However, there is a class of cir- 
cuits whose exclusive function is generating short- 
duration, rectangular waveforms. These circuits are* 
usually specifically identified as pulse generators. 
An example of such a pulse generator is the trig- 
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gcred blocking oscillator (see Blocking oscilla- 
tor), which is a single vacuum-tube or transistor 
relaxation oscillator having transformer-coupled 
feedback from output to input. 

Pulse generators sometimes include, but are usu- 
ally distinguished from, trigger circuits (see Trig- 
ger (ircutt). Trigger circuits, by means of RC 
differentiating, gated RLC peaking circuits, or 
blocking os< illators generate a short-duration, fast- 
rising waveform for initiating or triggering an 
event or a series of events in other circuits, suth 
as monostable oi bistable multivibrators. In the 
pulse generator, the pulse duration and shape are 
of equal importance to the rise and fall times. In 
this sense the blocking oscillator is a circuit which 
can be made to perfotm well in both respects. 

Thyratron pulse generator. An example of a 
pulse generator having a controllable pulsewidth 
is the thyratron pulse generator, shown in Fig. 1. 
Tube T-l fires when the positive triggering pulse is 
applied, charging capacitor Cu to some positive po- 
tential. If the resistances in the plate and cathode 
circuits are made sufficiently large, the current is 
not sufficient to maintain the discharge, and the po- 
tential r k will slowlv decrease as Ck discharges 
through Rh. At the time the trigger is applied and 
for some time thereafter, the grid of T-2 is at a 
sufficiently negative value to prevent it from firing. 
However, as the plate of T-2 rises after the trigger 
is applied, the grid rises more slowly, because of 
its RC time constants. The grid ultimately becomes 
sufficiently positive to fire T-2, which then acts as 
a low impedance across (, h discharging it to near 
ground potential. 

Pulse-forming networks. A network, formed in 
such a way as to simulate the delay characteristics 
of a lossless transmission line (see Dei ay line), 
and appropriate switching elements to control the 
duration of a pulse form the basis for a variety of 
pulse generators. 
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Fig. 2. Principle of line-controlled pulse generator. 


A lossless transmission line has a characteristic 
impedance of 



where L is the series inductance and C the shunt 
capacitance per unit length. Such a line may he 
approximated by a network consisting of a num- 
ber n of cascaded LC elements. A pulse applied to 
the input of such a line reaching the output offers 
a time delay of 

Td = nVIC (2) 

An idealized circuit showing how such a net- 
work is used in a pulse generator is shown in Fig. 2. 
A source is connected bv a switch to a simulated, 
unterminated transmission line in series with a re- 
sistance R n equal to the characteristic impedance 
of the line. At the time voltage is applied, and until 
all the capacitors in the line become fully charged, 
the input impedance of the line is equal to R (u and 
the current is equal to 


Vi 

2 R 


The step function progresses along the line, rharg 
ing each C in succession. When it readies the end 
it is reflected back with no < hange in phase and le 
turns to the souice in a time 

T = 2nVLC *( 1 ) 

At this time the line is fully charged, the un 
pedance becomes infinite, and current ceases to 
flow. The pulscvappearing across R () is suddenlv 
teiminated as shown. For discussion of switching 
circuits suitable for supplying the line-charging 
current, see Clamping circ un ; Gatf fine un. 

Similar lesults can be obtained from the use of a 
current geneiator as a source and a short-circuited 
line as the controlling circuit element. 

Various forms of delay-line-controlled pulse gen 
erators can be found, and some are capable of gen- 
erating pulses containing considerable amounts of 
power for such applications as modulators in radar 
transmitters. For an example of this type pulse 
generator, .see Blocking oscillator; see also 
Wavl-shaping circuits. [g.m.g.] 

Bibliography : B. Chance et al. (eds.), Wave- 
forms , 1949; G. N. Glasoe and J. V. Lebacqz, 
Pulse Generators , 1948; L. N. Ridenour, Radar 
System Engineering , 1947. 

Pulse jet 

A type of engine widely known for its use during 
World War II on the German V-l missile (Fig. !)• 
The basic engine cycle was invented in 1908. The 
inlet end of the engine is provided with a grid to 
which are attached flap valves. These valves are 
normally held by spring tension against the grid 
face and block the flow of air back out of the 
front of the engine. They can be sucked inward 
by a negative differential pressure to allow air to 
flow into the engine. Downstream from the flap 




Fig 2 Effect of flight Mach number on thrust of a 
typical pulse jet (German pulse |et, length 137.2 in., 
diameter 21 .6 in.). 


yjIxcs is the combustion clumber. \ IneJ in|e<tion 
sxslem is located at the enhance to the coinhns 
lion (hamher. The chambei is also fitted with a 
spdi k plug. Following the combustion chambei 
a long exhaust du< t which pi oxides an inertial gas 
column. 

When the combustion chambei is filled with a 
in’.Mme ol fresh air and fuel, a spark is disi barged; 
it ignites the fuel-air mixture, producing a pres- 
ume surge that advances upstream to slam shut 
the inlet xalves and to block off the entrance. Si- 
multaneously. a pressure pulse goes downstream to 
prodin e a surge of combustion product-* out the 
exhaust duct. Thiust results from the rearward 
discharge of this gas at high velocity. With the 
discharge of gas from the combustion chamber, its 
pressure tends to drop. Inertia causes the column 
"I gas in the exhaust duct to continue to flow 
rearward even after the explosion pressure in *he 
< oinhustion chamber has been dissipated, and this 
drops the combustion chamber pressure below at- 
mospheric. As a result, the flap valves open and 
a Ifcsh charge of air enters the combustion cham- 
.ber. As this air flows past the fuel nozzles, it re- 
ceives an injection of fuel and the mixture is then 
f tgnited by contact with the hot gas residue from 
the previous cycle. This causes the mixture to ex- 
plode and the cycle repeats. Thrust increases with 
[engine speed up to a maximum dependent on de- 
(Fie. 2^ 
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Unlike the ramjet, the pulse jet has an apprecia- 
ble thrust at zero flight speed. However, as the 
flight speed is increased, the resistance to the flow 
of air imposed by the flap valves eventually causes 
substantial loss in performance and the pulse jet 
becomes less efficient than the raimet. 

Failure of flap valves and xab. e seats by latigue 
was found to be a problem. Research has been con- 
ducted on valve systems other than that shown in 
Fig. 1 and on valvcles* pulse jets. 

In addition to their use on the Unman V-J buzz- 
bomb, pulse jets have been u*-cd to propel radio 
controlled target diones and experimental helio- 
copters. In (he latter case, tbev were mounted on 
the blade tips for direc 1 1\ drixing th rotor. The 
high fuel consumption, noise, and vibrations gen- 
erated hv the pulse p*t limit its scone of applica- 
tion. .See Propulsion. | b.pi. | 

Pulse modulation 

\ system of modulation in which the amplitude, 
duration, position, or mere presence of discrete 
pulses mav be so controlled as to represent the 
message to be communicated. These several forms 
of pulse modulation are commoniv called pulse- 
amplitude modulation ( PAM ), pulse-duration mod- 
ulation (POM). puUe-position modulation (PPM), 
and pulse-code modulation iPCM). respectively. 
For basi< i oncepts. technical terms, and supple- 
mental \ information see \MPLiruor modulation; 
Friqifmy modi l m ion : Modulation; Phase 

MODI f I \ ] ION. 

Ot all the different f u ms of pulse modulation, 
PCM is the mosi outstanding. This radically new r 
form of pulse modulation o-uresents a major con- 
tribution to the (ommmiK 'lions ait. With PCM, 

magnitude modulating wave, 



1000 microseconds 


pulse carrier 

MJJUULTuTJL 



PDM 

JUUlflJJJUUL 

PPM 

JUUUUUUUUL 

Fig. 1. Examples of pulse modulation. (From H. S 
Black , Modulation Theory, Van Nostrand, 1953) 
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(g) spectrum analysis of V and UV 
Fig. 2 (a-g) Properties of ordinary samples. (From H S Black, Modulation Theory , Van Nostrand, 1953) 


transmission < ircuils are simplified, overall trans 
mission losses aie avoided; crosstalk, interfcienc c\ 
and distoition are virtually eliminated , signals rnuv 
be repeatercd again and again without at < iimulat 
ing significant distortion; patterns of on-or-off 
pulses constitute the only type of signals that are 
propagated, regardless of the type of message to 
be communicated; in the inteiest of reliability, no 
on-or-off pulse can be lost (wrongly identified) ; 
and in the interests of efficiency and economy, lit- 
tle time is wasted. 

All forms of pulse modulation transmit message 
information intermittently rather than continu- 
ously. Therefore, unless the message information to 
be tiansmitted happens to be a time sequence of 
discrete values, it must be reduced to this form be- 
fore transmission. Sampling (a process for obtain- 
ing a sequence of instantaneous values of a wave) 
arc omplishes this by unambiguously representing a 
continuously varying wave by a series of distinct 
values (samples). Each message is momentarily 
sampled at regular intervals at a rate that is in 
excess of twice the highest message frequency to 
be communicated. As will be explained presently, 


in a P\M, PD\T, or PPM system (Fig 1) a single 
pulse is used to specify the value of each sample 

Ease* of multiplexing channels bv time division 
is one of the important economic advantages of all 
foims of pulse modulation. Circuits for accom 
plishing this are simple and low in cost, and be 
cause this low cost is shared by a number of chan 
riels, the cost per channel is even lower. When pulse 
modulation is applied to long-distance communica 
tions, these time-division techniques also permit 
substantial simplification at so-called way station 1 ' 
and branching points Because each information- 
hearing pulse keeps its individuality in journeying 
from the first transmitter to the last receiver, it 
comparatively easv to drop and add message chan 
nels at various intermediate points along the wav 
See Transmission theory and methods. 

Basic concepts. With the preceding description 
as background, the fundamental aspects of pulse 
modulation which underlie so much of present-dav 
communication may now be presented in more de- 
tail. All forms of pulse modulation may be defined 
in terms of pulse carrier, and all involve sampling 5 
in addition, PCM implies quantization and coding- 
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Pulse carrier. This is a carrier (Fig. 1) consist- 
ing of a series of regularly recurrent pulses. In 
general, the power associated with each pulse dif- 
fers essentially from zero only during a limited in- 
teival of time which is the pulse width. 

Sampling. Sampling is a process of extracting 
successive portions of predetermined duration 
taken at regular intervals from a continuously vary- 
ing, magnitude-time wave. By sampling at a fast 
enough rate, namelv, in excess of twice the highest 
significant frequency composing the sampled wave, 
the samples will unambiguously define the wave. 
And, conversely, given the samples, the wave can 
he icconstructed in all its detail. 

For example, suppose the highest significant fre- 
quency in a voice wave is less than 4000 cycles per 
se< ond. Then all the information necessary for its 
distortionless reconstruction is given hy short sam- 
ple^ of the voice wave taken at regular intervals at 
the rate of 8000 samples per second, that is, by 
samples taken *\eiv 128 microseconds (/<sec) This 
complete process including recovery of the voice 
wave is illustrated step bv step in Fig. 2. 

A voice wave passes through a low-pass filter 
(Fig 2a) which cuts out all frequencies above less 
than one-half the sampling frequency. After filter* 
•rig the wave is designated V and depicted in 
1 ig 2b 

The unit sampling function, designated l\ is 
shown in Fig. 2r This will he used picsentlv to 
-ample the voice Mathematically (Fig 2/) V is 
equal to a dc. component A plus components at the 
sampling frequent v / and its haimonic s. The inter- 
val between pulses is 1//, and k is the ratio of 
pulse duration t to the interval between pulses T. 

Next (Fig. 2/7) V is multiplied b> V. Because V 
is t it her unit> or /ern, the product XJV is a mathe- 
matical process for sampling the voice. The result 
i" a sei ips of positive, and negative pulses When 
V is unity, the pioduet is V. At all other times, 
the pioduc t is zero. 

Physically. VV is an anav of amplitude-modu- 
lated pulses. Consequently, an attenuated replica 
of \ is obtained merely by passing VV through a 
low-pass filter. This may be demonstrated bv per- 
founing the indicated multiplication VV. Amplifi- 
cation restores the reconstruc ted wave to its origi- 
nal vuluc. 

A spectrum analysis of V and also VV is de- 
picted by Fig. 2g. The top diagram is the spectrum 
of V. The spectium of VV is the spectium of V % 
small hut exact, plus upper and lowei sidebands 
about /, and about harmonies of f,. This illustrates, 
hi terms of the familiar concepts of amplitude mod- 
ulation, that passing VV through a low-pass filter 
produces an attenuated replica of the sampled 
wave 

Pulse-amplitude modulation (PAM). Pulse-am- 
plitude modulation is amplitude modulation of a 
pulse carrier. The modulated wave (Fig. 1) is lin- 
early proportional to equally spaced samples of the 
modulating wave. Another illustration is given in 

Fig. 2d. 
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(c) both edges modulated 


time 


Fig 3 (a-c) Types of pulse-duration modulation 

(PDM). Solid lines indicate the duration of unmodu- 
lated pulses. Shaded areas indicate the limits of maxi- 
mum modulation (From H S. Blark, Modulation 
Theory , Van Nostrand, 1953) 


Chief interest in PAM lies in its application to 
time-division multiplexing. Ordinarily, the hand- 
width occupancy of PAM appreciably exceeds the 
theoretical minimum; that is, it appreciably ex- 
c eeds the sum of the individual message bands. Yet, 
like other forms of amplitude modulation, PAM is 
not helped hy wider bands; unlike FM and unlike 
other forms of pulse modulation, PAM cannot 
ttade extra bandwidth for noise reduction. 

Pulse-duration modulation (PDM). Pulse-dura- 
tion modulation is modulation of a pulse carrier 
wherein the value of each instantaneous sample of 
a modulating wave produces a pulse of propor- 
tional duration (Fig. 3) bv varying the leading, 
trailing, or both edge- of the pulse. PDM is also 
erined pulse-length modulation or pulse-width 
modulation 

In contrast to PAM, PDM, which was invented 
hy R. A Heising in 1924. is able to tiadfe extra 
bandwidth lor noise reduction. This noee advan- 
tage of PDM over PAM makes multiplexing by 
PDM even easier than multiplexing by PAM in- 
emueh as certain tolerances for controlling inter- 
r fiannel interference may be eased by an amount 
c ouesponding to the noise advantage. However, in 
order to achieve this important advantage, the in- 
stantaneous values of interference must not he per- 
mitted to exceed the so-called improvement thresh- 4 
old often enough to he disturbing. 

Only the position of the modulated edge or edges 
conveys information and the part of each PDM 
pulse that conveys no information represents 
wasted pulse power. When this wasted power is 
subtracted from PDM the result is PPM, which was 
invented by R. D. Kell in 1934. This power savings 
constitutes the theoretical advantage of PPM over 
PDM. 

Pulse-position modulation (PPM). Pulse-posi- 
tion modulation is modulation of a pulse carrier 
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Fig. 4. Pulse-position modulation, 

channel 2 by a sine wave. (From H. 
ulation Theory, Van Nostrand, 1953 ) 

modulation of 
S. Black, Mod - 



Fig. 5. Relation between input and quantized output. 
Quantization (a) uniform, (b) tapered. (From H S. 
Black, Modulation Theory , Van Nostrand, 1953) 


wherein the value of each instantaneous sample of 
a modulating wave varies the position in time of 
a pulse re1ati\e to its unmodulated time of occur, 
renee. 

Figure 4 illustrates the sinusoidal modulation of 
the channel 2 pulse. Successive diagrams indicate 
the change in the relative position in time of the 
channel 2 pulses from sample to sample for nine 
successive samples. When a particular channel is 
idle, that channel pulse recurs every 125 ^sec. 
When a channel is busy, its pulse comes earlier or 
later depending upon the polarity of the sample. 
The exact displacement of the pulse from its un- 
modulated position is proportional to the rnagni. 
tude of the sample to he communicated. All chan- 
nel pulses are of constant magnitude and constant 
duration. 

Channel pulses, one for each channel, are trans 
mitted in turn and are preceded by a synchroni/ 
ing pulse ealled a marker. This array of market 
plus-channel pulses repeats itself every 125 //sec 
and is called a frame. In Fig. 4 the synchronizing 
pulse is identified b> its longer lime duration. In 
function is to control the timing of the receiver 
with high ucnuac y. 

In practical applications, e\en though PPM U 
more efficient than PDM, both are highly inefficient 
when used tor certain purposes, im example 
when used foi multiplexing ordinal \ telephone 
channels. Consequently, communication engineers 
have shown considerable interest in PC \T, •which 
not onl> is more efficient hut also possesses mam 
other \er> important advantages. 

Pulse-code modulation (PCM). Pulse-code mod- 
ulation (in\ ^hted bv H. A. Reeves in 1939) is j 
method of transmitting continuously varying mes 
sage w T aves in which, first, the message wave is sam- 
pled; second, the \alue of each sample is replaced 
h\ the closest one of a finite set of permitted 
values; and third, these permitted values are then 



(a) (b) code 


Fig. 6. Pulse-code modulation, (a) Quantizing of am- 
plitude level and level designation by a code of pulses; 
three-pulse code in this example permits 2 1 « 8 levels. 


(b) Representation of a wave by a succession of coded 
pulse groups. (From F. E. Terman, Electronic and Fa- 
dio Engineering , McGraw-Hill , 4th ed., 1955 ) 
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each unambiguously represented by some one of 
the possible patterns of N on or off pulses These 
three operations are known as sampling, quantiz 
mg and coding, respectively 

Sampling Modern PCM is based upon the ret 
ogmtion that quantized samples may approximate 
dj\ exact spec lfication of a continuously van mg 
wave as closely as desiied Assume foi purposes of 
illustiation that a 7 pulse code is to be used This 
is a binarv system whose capacity is 2 peirnittcd 
or quantized values Each simple afttr being 
coded would be represented by some one of the 
128 possible patterns of seven on or off pulses 
Quantization Quantization changes a continu 
ously varying Hgnal to a stepped signal Graphi 
c ill v quantization means that the straight line 
u presenting the relationship between input and 
output has been replaced by a stall step function 
Clearly by using small enough steps enors may 
he cut to an ai Julian minimum (fig 5) 

When speech samples arc quantized the steps 
ue tapeicd as shown m fig 5/> Bv tapenng most 
n( tin steps logarithmic ally nearly uniform pc r 
c c ntage pre< ision is obtained oyer moq of the range 
md f it ftwtr sleps arc r eqim<d One bundled and 
twtnlv eight logarithmic steps suflut to lepiodme 
telephonic speech to a high degree of fidelity 
( oiling and multiph ung In PCM these 128 
wines ire ic presented hy a 7 pulse code 1 u h 
voice s mi pit is ic ])ic sc ntc d with adc cju ite ucuuuv 
l»\ some one of tin possible patterns of seven on 
<t off pulses (] ig 6) Channe Is die multiplexed liv 
tune division 

Similarly otln i foims of < ommuniration may 
ilso he represented bv on oi off pulses Tn practice 
i single PCM system may process many kinds of 
e onununu ations and may provide many < haimc Is of 
i k h kind 

Ordinarily PCM systems aic called upon to 
ti msmit large numbeis of on or off pulses pet sec 
ond For example for cac li It It pbeuit conversation 
PCM transmits 56 000 on or off pulses p^r second 
in c nh dnec lion of tiansmission Hus me ms that 
• nli oneway speech channel piovided by PCM 
m ikes available a phenomenally fast one w iv data 
channel fast enough to operate simultaneously 
uroie than 1000 conventional teletypewriters Ta 
general the number of on or off pulses pei s< < ond 
tier message* will depend upon the kind oi message 
A one wav television signal might foi example be 
leprcsented by 70 000,000 on or off pulses per 
see ond 

Repeatering By having to make only on or e»ff 
distinctions, PCM is able to deliver a high quality 
s ignal even when noise and mterferenc e are so bad 
that it is barely possible to recognize the pulses 
At each regenerative repeater, jiibt so long as in 
coming pulses aic conectly identified, a new pulse 
generator may be caused to generate new pulses of 
correct magnitude, waveform and timing 

[H S BLA(k| 

Bibliography: I, Marton (ed). Advances in 
Electronics (and Electron Physics), 2d ed , vol. 3, 
1957. 


Pulse modulator 

A device for the pulse modulation of a radio-fre- 
quency carriei signal Tn pulse modulation, infor- 
mation is transmitted by generating a train of 
discrete pulses whose amplitude, duration, posi- 
tion, or meie presence is controlled m accordance 
with the signal There are several forms of pulse 
modulation pulse amplitude modulation (PAM), 
pulse dui ation modulation (PDM) pulse position 
modulation (PPM) and pulse code modulation 
(P( M) In e«u h case, modulation is achieved by 
converting the continuous signal wave into a senes 
of pulses which arc transmitted to a point of recep 
tion where a d modul itoi is emph \ed to reproduce 
the analog waveform Foi a discussion of this form 
of modulation, see Puisf modui ation 

In the following discussion most of the circuits 
shown are idealized and simplified to illustiate the 
hasn print lples In a practical system such circuits 
are usually more complex 

Pulse-amplitude modulation (PAM). This re 

quires least comph xity oi any of the pulse niodula 
tion schemes and is usually used in the^ initial 
stages of othci pulse modulation methods The 
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Fig 1 Time-division multiplex transmitter employing 
pulse-amplitude modulation (a) Block diagram show- 
mg the essential components in a four-channel system 
(b) Waveforms associated with channel A. 
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Fig 2. Electronic distributor for a four-channel time- put A to be connected to the output line The switches 
division multiplex transmitter, (a) Transistor amplifier are operated by square waves of frequency f and 
Q t together with switches Qj and Q , which permit in- f H /2. ( b ) Waveforms needed to operate the switches 


amplitude of the input «ignal is sampled periodi- 
cal at a fixed frequent), producing a sequent e of 
puNes whose amplitude varies in aieoidame with 
the modulating signal. In a common practical 
system the trains of pulses representing several 
input signals A ire interlaced to form a time-division 
multiplex svstem 

Figure 1« is a block diagram of the essential 
paits of a four-channel time-division multiplex 
transmitter that uses PAM, Figure lb depots some 
of the repiesentative wavefoims. The piimipal 
elements of this svstem are the distributor, or com- 
mutator. which can be either electromechanical or 
electronic : a souue of squaie waves at the sam- 
pling frequent y /*; and a souic e of square waves of 
one-half the sampling frequence / s /2 obtained from 
a bistable circuit arranged to provide both phases 
of the square wave. The function of ea(h is de- 
s< ribed below. 

Figure 2 shows a simplified schematic diagram 
of an electronic distributor which can he employed 
in a four-channel time-division mutiplex PAM sys- 
tern. For the purpose of explanation, only the 
switching operation, which occurs to connect the 
input channel A to the output line, will he dis- 
cussed. When a positive voltage is applied to its 
emitter, p-n-p transistor Qi becomes a normal 
amplifier and the signals appearing at its base are 
amplified and appear at the output. However, the 
positive voltage is applied to the emitter of Qi only 
during the periods when tandem switches O 2 and 
Qa are both made conducting. The sampling-fre- 
quency square wave f„ of phase one alternately 
applies negative and positive voltages to the base 


of the tunsistor switch O 2 . causing it to open 
(conduct) and close, lespec tivel) . The / '2 square 
wa\e of phase one conliols the transistor switch of 
Qj in a similar mannei. An examination of the 
waveforms in Fig. 2b shows that there is only one 
interval during a disti ibutor cycle when phases one 
of both square waves aie negative. At any other 
interval, phase one of either one or the other of 
the two square-wave frequencies is positive, and 
the input A becomes isolated from the distributor 
output Inputs B, C, and D are connected to the 
output line in a similar manner. Their associated 
switches are connected to the proper phases of the 
square-wave sources as indicated schematically in 
Fig. 2a. 

In a practical PAM system, it is necessary to 
provide guard time between pulses to reduce inter- 
channel crosstalk. Figure 1 a shows the distributor 
output pulses passing through a synchronous pate 
operating at twice the sampling frequency. Ihb 
gate, operating on the same principle as those used 
in the distributor proper, selects the center portion 
of each pulse in the train. The resultant output i& a 
series of amplitude-modulated pulses having only 
one-half of their original width with blank time 
between each pulse. The waveform in the output 
line with signals due to channel A alone is shown 


in h ig. lb. 

Pulse-duration modulation (PDM). Pulse-dura- 


tion modulation can he produced by converting * 
train of pulses from a PAM system by means 0 
a circuit such as that indicated in the block dia- 
gram in Fig. 3a. Parts a and b show that if tn e 
signals generated in a PAM system are added t° 
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Fig 3. Conversion of PAM signals to PDM. (a) Block 
diagram, (b) Representative waveforms. 


< nnstant-aniplitude sampling-frequency pulses, a 
1 1 jin oJ pulses of varying amplitude, but with a 
finite minimum \alue, is produced at the out iff of 
tin* adder. The resulting pulses can be differenti- 
ated and clipped, resulting in a series of reverse 
vjw-tooth shapes in which the width oi each &aw 
tooth becomes propoitional to the amplitude of the 
paiticular pulse. When passed through a limiter, 
the desired sequence of pulses, having constant 
amplitude and varying in width in accordance 
with the signal, is generated. By properly adjust- 
ing the differentiating and clipping circuits, the 
pulse corresponding to zero amplitude produces a 
pulse ot minimum width, used foi jeference. 

Guard time between pulses is required in a prac- 
tical PDM system, just as in the PAM. Such cir- 
cuits should be designed so that maxiinum-ampli 
tude samples, when converted to pulse width, do 
not occupy 100% of the available time slot. Tn 
addition, the differentiating circuit must be com- 
pletely discharged during the guard time to prevent 
interaction between adjacent pulses. 

Pulse-position modulation (PPM). PPM, some- 
times called pulse-time modulation, can be derived 
from PDM. Referring to waveform E in Fig. 3, the 
Position of the trailing edge cf each pulse varies 
^ith the amplitude of the input signal. Figure 4 
shows one method of converting PDM to PPM, to- 
gether with representative waveforms. The variable- 
width pulses are first differentiated and then recti- 


fied to permit only the negative peaks to trigger a 
monostable multivibrator. In the latter, each nega- 
tive trigger pulse causes a pulse of constant 
amplitude and width to be generated, whose time 
position is proportional to the amplitude of the 
modulating signal (input). 

Pulse code modulation (PCM). PCM is a form 
of pulse communication in which the signal is first 
sampled, as in PAM; the magnitude of the sample 
is then replaced by the nearest value selected from 
a finite set; finally, the permitted values are repre- 
sented by a simple code pattern of ON or OFF 
pulses. The three operations mentioned are re- 
ferred to as sampling, quantizing, and coding, 
respectively. For the advantages of this method 
and tor further discussion, see Pulse modulation. 

The sampling techniques needed for PCM can be 
similar to those employed in PAM. Although elec- 
tronic quantizing and coding often can become 
highly complex, for the purpose of explanation a 
relatively simple scheme using eight linear quan- 
tizing steps and a beam coder tube will be de- 
scribed. 
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Fig. 4. Conversion of PAM to PPM. (a) Components 
required, (b) Representative waveform*. 
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The quantizing of the pulses generated by PAM 
can be explained with the aid of the diagrams 
shown in Fig. 5. The voltage wave to be sampled 
and quantized is shown in Fig. Sr/, where the magni- 
tude of the voltage levels is divided into eight 
increments. The actual amplitudes A and B in Fig. 
5 a are transmitted as standard amplitudes 2 and 3. 
respectively. This quantizing process introduces a 
certain amount of error which can he shown to he 
insignificant if a significantly large number of 
standard amplitudes or more complicated quantiz- 
ing procedures are employed. 

To quantize a signal, the amplitude sample is 
first matched with a series of amplitude standards 
and then converted to the one with the nearest 
standard value. One method of achieving this is to 
utilize a multiplicity of regenerative devices, each 
one of which change between their oft and on 
state within a very small input voltage range. By 
proper hiasing. these devices can be set to operate 
at any given input voltage level. When the inputs 
and outputs of eight of these level selectors work 
in parallel, it is possible to convert input signals of 
varying amplitudes to outputs of eight discrete 
amplitudes. 

The quantized levels can he represented, in this 
case, by the on or on values of three pulses, as 
shown in Fig. 56. Thu* the magnitude A is repre- 
sented by two pulses of zero amplitude and the 
third pulse of unit amplitude. As indicated in the 



, possiW« 3-vnit possible 3- unit 

. , binary code level binary cade 



Fig. 5. Representation of signals by an eight-level 
code, (a) A signal wave with subdivision of its ampli- 
tude into eight levels. ( b ) A possible three-pulse binary 
code to represent the eight levels. 
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Fig. 6. Elementary pulse code modulation system. 

(a) Block diagram of a system that permits conversion 
of PAM to PCM with the aid of a beam code tube 

(b) Arrangement of holes in an aperture plate of the 
beam code tube. 


diagram, the three code pulses can merge into a 
continuous waveshape. 

Figure 6 shows a diagram of a system that per- 
mits PAM signals to be converted to PCM. Tn the 
case illustrated, this is accomplished with the aid 
of the parallel quantizing circuits mentioned above 
and a special beam code tube. The latter consists 
of a cathode-ray tube with conventional gun and 
electrostatic deflection plates, a special aperture 
plate placed perpendicularly to the electron beam, 
and an anode. The aperture plate, shown in Fig* 6k 
has horizontal slots in eight vertical rows in ac- 
cordance with the three-unit pulse code shown m 
Fig. 56. 

The quantized pulses are applied to the vertical 
deflection plates of the beam coder tube and the 
saw-tooth sweep derived from the sampling h* 





quency is applied to the horizontal plates. The 
electron beam is swept at a fixed vertical height 
once during each sampling period, causing the 
anode current to appear in the form of a pulse 
who*e shape is determined hy the opening in the 
apcrtuie plate. In this manner, the quantized signal 
j* converted directly into the PCM signal. 

Te. l. cin/ion] 

Pulse transformers 

Pulse transformers for low-pov er pulses aie iron- 
(ored devices which are used in the transmission 
and shaping of pulses whose widths range from a 
fraction of a rnicioseeond to about 25 /iscc. Among 
the extensive applic ations of pulse transformers 
die the following: (1) to couple between the stages 
of pulse amplifiers; (2) to invert the polaiily of a 
pulse* (5) to change the amplitude and impedance 
jt\el of a pulse; (4) to differ entiate a pulse; (5) to 
effect “dc isolation*’ between a source and a load; 
(6) to act as coupling clement in certain pulse- 
gene idling c iic nils 

Tn many cases tlie functions listed above can be 
accomplished as well or better with vacuum-tube 
oi transistoi ciieuils. However, the pulse tians- 
foiimt, being a passive element, has none of the 
instability asso< iated with active ciu nits. 

I ho schematic diagram of a pulse tiansfoimei is 
unliialed jn the hguie. '1 he pimurv inductance is 
I , the seeondatv induetance is L , and the mutual 
indue lane e is ]\f. In a more* a< curate des< nption of tlie 
f>uls(* transformei il is necessary to tike into account 
the primary and stcondaiv icsistanees, all eapaci- 
linces, the* con* loss, and the* nonhne irily of the 
magnetic circuit The* coefficient ot coupling K be- 
tween primal \ and secondary is defined bv A = 
M \ L, L \n ich al transformer is one for whic li 
A 1 and Ij V is infinite. In this ( d se. the output r 0 u 
iri exact icplu i o( the input e lienee Ini an kicmI 
pulse ti anslormer 
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currents is very small, and an effective permea- 
bility of the order of 1000 is attained. The wind- 
ings of the pulse transformer are placed on a cir- 
cular nylon or paper bobbin, which is then inserted 
in the core. 

|"C. C. HALKIAS] 

Bibliography: J. Millman and H. Taub, Pulse , 
Digital and Switching W ave forms, 1965. 

Pumice 

A rock froth, formed by the extreme puffing up 
( vesic ulation) of liquid lava bv expanding gases 
liberated from solution in the lava, prior to and 
during solidification. Some varieties will float in 
water for meny weeks before becoming water- 
logged Typical pumice is siliceous (rhvolite or 
dacite) in composition, but the lightest and most 
vesuulai purnice (known also as reticulite and 
thiead-Jace scoria! is of basaltic composition. See 
I a\ a: \ (>L( anu ct Ass [e. mac donald] 

Pump 

A mac lime that draws a fluid into itself through an 
entrance port and forces the fluid out through an 
exhaust port A pump may serve to move liquid, 
as in a eross-t ountiy pipe line; to lift liquid, 
as from a well oi to the top of a tall building; or 
to put fluid under pressure as in a hydiaulic brake. 


t 




Common types of pump, (a) Reciprocating, (b) Ro- 
tary. (c) Centrifugal. 



where N t is tlie primary number of turns and N „ 
is the sec ondarv number of turns. 

A pulse transformer behaves as a reasonable 
approximation to a perfect transformer when used 
m connec tion with the fast waveforms it is intended 
to handle. The core of a pulse transformer is usu- 
allv molded from a magnetic* ceramic such us 
sintered manganese-zinc ferrite. The maximum 
permeability of this material is not very great, 
hut its resistivity is at least 10 million times 
that of Hipersil or Permalloy. This high resis- 
tivity means that the skin effect due to eddy 



Schematic diagram of a pulse transformer. 


These jpplii ations depend predominantly upon the 
discharge c harac teristic of the pump. A pump mav 
also serve to empty a container as in a vacuum 
pump or a sump pump, in which case the applica- 
tion depends primaiilv on its intake characteristic. 
See CtNIRIHH.Al PUMP ; COMPRESSOR; DlSPLACE- 

\ \T pump; Fan, Fuel pump; Pumping machin- 
ery; Vacuum pump. fn. t. wrigh i ] 

Pumping machinery 

Devices which convey fluids, chiefly liquids, from a . 
lower to a higher elevation or from a region of 
lower pressure to one of higher pressure. Pumping 
machinery may be bjoadly classified us mechanical 
or as electromagnetic. 

Mechanical pumps. In mechanical pumps the 
fluid is conveyed by direct contact with a moving 
part of the pumping machinery. The two basic^ 
types are (1) velocity machines, centrifugal or 
turbine pumps, which impart energy to the fluid 
primarily by increasing its velocity, then converting 
part of this energy into pressure or head, and 
(2) displacement machines with plungers, pistons, 
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cams or other confining forms which act directly 
on the flu id, forcing it to flow against a higher pres- 
sure. 

A pump located deep in a well may raise water or 
oil to the surface. At a ground level location a 
pump may deliver fluid to a nearby elevated reser- 
voir or, through long pipe lines, to a location at 
similar or different elevation. In a power plant, 
pumps circulate cooling water or oil at low pres- 
sure and transfer water from heaters at moderate 
pressure to steam generators at pressures of sev- 
eral thousand pounds per square inch. In chemical 
plants and refineries pumps transfer a great variety 
of fluids or charge them into reactors at higher 
pressure. In hydraulic systems, pumps supply en- 
ergy to a moving stream of oil or water, which is 
readily controlled, to move a piston or press platen 
or to rotate a shaft as required by the specific proc- 
ess. See Centrifugal pump; Displaceml nt pump. 

Electromagnetic pumps. Where direct contact 
between the fluid and the pumping machinery is 
undesirable, as in atomic energy power plants for 
circulating liquid metals used as reactor coolants 
or as solvents for reactor fuels, electromagnetic 
pumps are used. There are no moving parts in these 
pumps; no shaft seals are required. The liquid 
metal passing through the pump becomes, in effect, 
the rotor circuit of an electric motor. The two basic 
types are (1) conduction and (2) induction. 

The conduction tv pe of pump, whic h can be used 
with either direct or alternating current, confines 
the liquid metal in a narrow passage between the 
field magnets. Electrodes on each side of this chan- 
nel apply current through the liquid metal at right 
angles to the magnetic field and the direction of 
flow. This current path is like the flow of current 
in the armature winding of a motor. 

The induction or traveling field type of pump 
operates only on polyphase alternating current. 
The liquid metal is confined in a thin rectangular 
or annular passage thermally insulated from the 
slotted stator. This statoi with its windings is simi- 
lar to the stator of a squirrel rage motor cut 
through on one side and rolled out flat. The travel- 
ing field induces currents in the liquid metal simi- 
lar to the currents in a motor armature. See Elec- 
tromagnetic pumps. [e. r. wright] 

Pumpkin 

Two distinct definitions for pumpkin are recog- 
nized. The first is restricted to varieties of the spe- 
cies Cucurbita pepo and C . moschata; the second 
includes the edible fruit of any species of Cucurbita 
utilized when ripe as forage, as a table vegetable, 
or in pies. All species belong to the plant order 
Campanulales. 

The second definition is more widely accepted. 
Accordingly, the following popular varieties are 
classed as pumpkins; C, pepo, Connecticut Field, 
Small Sugar, and Winter Luxury; C. mixta , Cu- 
shaw; and C. moschata , Kentucky Field and Dick- 
inson. Canned pumpkin, however, is usually made 
from a blend of pumpkins and winter squashes. 
Cultural practices are similar to those used for 


squash. Harvesting generally begins when the 
fruits are mature, usually four months after plant- 
ing. New Jersey, Illinois, and California are im. 
portant producing states. See Campanulales- 
Squash; Vegetable growing. [h. j. carlw] 

Push-pull amplifier 

A two-tube amplifier circuit often used as the 
power-output stage of a multistage amplifier. The 
power-output stage in an audio amplifier is noi- 
mally expected to furnish from 5 to 50 watts or 
more. The use of one tube in this stage is not feasi- 
hie, because the tube would have to operate Class A 
with a low plate-i iiruit efficiency, on the order of 
10%. The use of two or more tubes in parallel does 
not improve the efficient y. However, with two tuhcs 
operating in push-pull, it is possible to supply the 
requixed amount of pow$r with plate-circuit effi 
c iencv on the order of 509? • This higher efficient \ 
means that the amplifier does not require as muth 
power from the power supply, because less power 
is dissipated as heat by the power amplifier tubes 
.See Fowl k amplifier. 

Operation. A simplified circuit fox a push-pull 
amplifier is shown in the illustration The input 
signals must be of equal magnitude but 180° out of 
phase. The plate t urrent in the tube with the posi 
tive signal is increasing while the plate cunent in 
the other tube is decreasing. This relation between 
the plate currents gave rise to the name push-pull 
Because of their phase relationship, the twrf plate 
currents flowing in the two halves of the priman 
winding of the transformer produce an output smu 
lar to that of a single source connected to the 
transformer./ 

A push-pull amplifier may be operated Class A 
Class AB, or Class B {see Amt»t u hr) . The greatest 
plate-cin uit efficiency occurs when the operation 
is Class B Therefore, if large amounts of power 
are required, the amplifier is designed for Class B 
operation An additional merit of Class B operation 
is that the average current in the primary winding 
ot the transformer is zero over one cycle of the 
input signal. This feature makes it possible to 
design a smaller core for the transformer because 
there is no average flux level in the core. 

If the two tubes have identical characteristic 
and the transformer is considered ideal, the even 
harmonic components of distortion are absent it* 
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the output signal. A high-power Class B push-pull 
amplifier can be designed with little harmonic 
distortion. See Distortion (electronic circuits). 

The circuit shown in the illustration indicates 
the basic push-pull amplifier. The interest in high- 
fidelity audio amplifiers has lead to the develop- 
ment of more complicated circuits. In general, 
pentodes are used, and one circuit has taps on the 
primary windings to which the screen grids are 
connected. The screen grids are not by passed to 
ground with capacitors, and therefore the variation 
m stieen voltage with signal voltage introduces 
degeneration, which tends to make the operation 
more linear. Furthermore, the basic cin nit is un- 
satisfactory in that irregularities will appear in the 
output waveform at the time that the plate currents 
in both tubes are simultaneously zero. This is cor- 
re< ted by more advanced circuitry. 

Driver stages. The input circuit shown in the 
illustration employs a transformer to pioducc the 
ne< essary phas“ inversion. Because of the limited 
frequency response of the transformer and also the 
-i/e ol tiansfoimor required, a tiansformci is 
rarely used. Instead, a vacuum-tube phase invert ei 
is employed. Since some phase-inverter circuits 
nave a gain t onsidcrably greater than unity, the 
<>v< ? -all gain of the ainplifiei can he i n< leased inoie 
limn it could he if a transformer with a step-up 
turn - ratio were used .SeePn\st inviiulr. 

[H. b . KHX Tv] 

Pycnogonida 

A subphylum of maiine arthiopods, consisting of 
about 600 Recent and perhaps 1 Devonian species. 
1 lie Pycnogonida, or Pantopoda, are commonly 
( ailed sea spiders. Thev are chaiactcri/.ed by i educ- 
tion of the body to a series ol cylindrical trunk 
sonnies supporting the appendages, a large spe< ial 
i/ed feeding apparatus called the probost is. gono- 
poies opening on the second joint*- of the legs, and 
a reduced abdomen In many genera such as Nym- 
phon (Fig. 1), theie are seven pails nl append- 
ages. of which the first foul, namely I lie chelifores. 


tibia 1 (patella) 



Pig. 1. Diagram of a Nymphon, showing principal 
external features. 



Fig. 2. Pycnogonum stearnsi, approximately 16 mm, 
a common littoral pycnogonid of the Pacific Coast. 

palpi, ovigers, and first walking legs, are on the 
first or cephalic segment. This segment also bears 
a dorsal tuber< le containing four simple eyes. Each 
of the remaining three trunk segments bears a 
single pair of legs. In some genera the chelifores, 
palpi, or both are absent in the adult, and the 
ovigers are lacking in the females. Ovigers are al- 
ways present in males and hold the ball-like egg 
masses. The extreme of reduction, in which the 
adults lack antciior appendages, except for ovigers 
in the male, is represented by Pycnogonum 
(Fig. 2), the common intertidal genus from which 
the group is named. In some species there is an ad- 
ditional trunk somite and pair of legs, and one spe- 
cies has 2 extra somites and 12 walking legs. These 
polymerous forms occur in paucigeneric families 
with a large number of species to a genus, and are 
not known in families with a large number of pau- 
cispecific genera. 

Reduction of the body is accompanied by in- 
creased length of the legs, so that a typical pycnog- 
onid appeals to he a bundle of long legs. These 
contain diverticula of the digestive tract and 
gonads, and the sexual products ripen in the fem- 
ora. The proboscis is a rigid tripartite structure, 
often longer than the combined trunk segments, 
with a three-cornered mouth at the apex, and con- 
I lining a straining apparatus which enables the 
animal to feed on the juices of soft-bodied animals. 
The nervous system follows the usual arthropod 
pattern of supraesophageal ganglion, or brain, 
circumesophageal ring, paired ventral ganglia, and 
ventral neive cords. The open circulatory system 
consists ol a dorsal tubular heart with 2--3 pairs of 
lateral ostia. Respiratory and excretory systems are 
la kmg. The femoia of the males contain special- 
ized cement glands which produce an adhesive sub- 
stance for forming the egg ball. 

Affinities. The chelieeratc condition of the first 
pair of appendages and the patellar joint of the 
legs are characters suggesting affinity with the 
Chelicerata, but the multiple genital openings on 
the legs and the occurrence of polymerous forms 
are unique among arthropods (see Chelicerata). 
The terminal joints of the oviger have ihtratarsal 
muscles, another unique feature, while the pre- 
tarsus, or propodus. of the legs has both retractor 
and extensor muscles, in common with both Cheli- 
cerata and Crustacea. The protonymphon larva 
(Fig. 3) of the pycnogonida invites comparison 
with the crustacean nauplius larva, but the three 
pairs of legs are not biramous, and the resem- 
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Recent families of Pycnogonida 


Family 

Chehfores 

Palpi 

Ovigers 


Nymphomdae 

Present 

5-jointed 

10-jointed in both 
sexes 

Includes the largest genus 
Nymphon , with over 150 
species, and the polymerous 
Pentanymphon 

CaUipalleuidae 

Present 

Lacking oi reduced 

10-jomted iii both 
sexes 


Phoxichilidudae 

Pieseut 

1 ackmg 

5 9-jointed in male 
only 


Endeidue 

Absent 

Absent 

7-|ointed in male 
only 

Monogenei i< , pau< ispec Ok 
Endeis 

Ammotheidae 

Present, usually 
small and ac helate 

Well-de\ eloped, 

1 10-jointed 

0 10- join ted in 
both sevens 

Many genera 

Austrodec idae 

Ahseiil 

Present 

5 6 jointed 

In both sexes re- 
duced 1 7-jointed 

Monogenei ic , A ustrodet us 

Colossendeidae 

Lac king eve ept in 
polymerous forms 

Long 9 10 jointed 

10 jointed in both 
sexes 

Mostly deep watei foims 
with large prohosc ides 
Genera are (.olossendns and 
jHilymeious Pentacoloh- 
sendeis Dicolopoda and 
Dodecolopodu 

Pycnogoindao 

La king 

Lac king 

6 9-jomted in male 
only 

Shallow water to shore 
foims Inc hides Pycnng- 
onwn and polymerous 
Penfapyt non 


blances are superficial The piotonymphon has a 
number of specialized glands producing materials 
for attaching to. or invading, the host and the 
stiucture of the proboscis is well advanced The 
common name, sea spider, refers to the appearance 
of the adults and does not indicate aflimtv with 
terrestrial spiders 

Mode of life- Pycnogonids are found in all seas 
except the inner Baltic and Caspian, from intei 
tidal legions to depths of 6500 m. and one species 
is bathy pelagic at about 1000 m They are espe- 
cially common in polar seas Most of the intertidal 


retractor 



Fig 3 Schematic diagram of Protonymphon larva, 
showing muscles on left, digestive and nervous sys- 
tems in center and glands on right ( Modified from 
H Heifer and £. Schlotike) 


species spend their lives in association with some 
coelenterate as enevsted parasitic larval and jw\e 
nile stages, or aie ec topaiasitic as adults be mg 
attached to anemones and h>droids by their claws 
and proboscides A lew have been found rising in 
hvdiomcdusae and some oc c ur in the mantle cavit\ 
of bivalves or on nudibranebs and holothurians 
Most of the deep sea species aie known only ^ 
adults, taken in deep water dredge hauls, and thru 
mode of life is a mysterv 

Classification. The Pycnogonida are classified 
pnmarilv on the presence or absence of various 
anterior appendages, about 60 gentra are mog 
mzed grouped in 8 families No ordinal distmi 
tions can be recognized foi Recent families and 
many genera art somewhat artificially defined In 
order to include the Devonian Palaeopantopus m 
the Pycnogonida, the Recent foims are assigned to 
an order, Pantopoda, and the fossil to the Palaeo 
pantopoda See Ahthropoda , Pajafoisopis 

[ t w h I 

Bibliography J W Hedgpeth, On the phylogem 
of the Pycnogonida, Acta Zool ( Stockholm I 
35 193-213, 1954, H Heifer and E Schlottke 
Pantopoda in H. G Bronn (ed ), Klassen und Ord 
nungen de s Tierreichs , vol 5, pt 4, 1935; 0 W 
Tiegfe and S M Manton, The evolution of the Ai 
thropods, Biol Revs ,33(3) : 255-337, 1958 

Pygasteroida 

An order of Diadematacea which exhibits various 
stages in the backward migration of the anus out of 
the apical system. They have four genital pores (in 
stead of five), noncrenulate tubercles, and simple 
ainbulacral plates. All members are referred to a 
single family, the Pygasteridae They apparently 
arose from Triassic Pedinidae and occur in the 





Jurassic and Cretaceous of the Northern Hemi- 
sphere. They were formerly classified with other 
bilaterally symmetrical echinoids in the artificial 
assemblage Irregularia. See Diadf.matacea ; Echi- 
nothitrioida; Irregularia. [h.b.f.] 

Pyorrhea 

An inflammation of the tissues surrounding the 
teeth, principally the gums and dental periosteum. 
It is marked by loosening of the teeth, resorption 
o! the surrounding bone, and shrinking of the 
fjiims. Pyorrhea accounts for most tooth loss in peo- 
ple over .15 years of age. See Tooth disordfrs. 

local causes include teeth irregularity, or mal- 
o< elusion, poor oral hygiene, and mechanical irri- 
tation by dental plates or incorieet brushing. 
Among the generalized disorders that may predis- 
pose to pyouhea are certain blood diseases, faulty 
diet (especially vitamin A and C deficiency), preg- 
nane diabete 1 and hyperthyroidism. See Preg- 
-nano; Thyroid u and disordirs; Vitamin. 

In pyorrhea a pocket forms between the tooth 
and the gum border, thus forming a receptacle for 
debris Progressive infection causes invasion of the 
periodontal tissue around the tooth, with develop- 
ment of chronic inflammation. Although bacteria 
aic almost always present, they mav not be funda- 
merldllv involved in originating the pyorrhea, blit 
will pioduce complications. Earlv signs of pyor- 
i liea are bleeding of the gums, tooth mobility, en- 
tmigemenl of local blood vessels, and gum changes. 
Advanced or chronic pyorihea is accompanied 
h\ severe bone resorption, deep pus pockets around 
teeth, and ahe ess formation. 

Eaily diagnosis and treatment of the condition, 
a-« well as removal of the inciting cause, if possible, 
will generally produce a favorable outeoii Ad- 
vanced cases, or those with extensive tissue altera- 
tion, mav require extensive treatment. | f.g st. | 

Pyramid and frustum 

A pyramid is a polyhedron of which one face is 
tailed the* base, and the other faces (called lateial 
faces) are triangle’- having a common vertex which 
is called the vertex of the pyramid The distance 
Irom the vertex to the base is called the altitude. 
The volume of a pyramid is one third the product of 
its base times its altitude (V = v a Bh ) . Sections of 
a pyramid formed by planes parallel to the base 



A regular pyramid. 
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are similar to the base, and their areas are propor- 
tional to the squares of their distances from the 
vertex. A pyramid with a triangular base is a tri- 
angular pyramid, or tetrahedron. If the base of a 
pyramid is a square (or any regular polygon) and 
the lateral edges are equal, the pyramid is called a 
square pyramid (or regular pyramid). The great 
pyramids of Egypt arc square pyramids. 

A frustum of a pyramid is a segment of a pyra- 
mid included between two parallel planes. Its vol- 
ume is given by the formula 

V = V<h'(B + Vtt+b) 

where h' is the altitude of the frustum and where 
B and b are the areas ot the two bases, and also by 
the prismoid volume formula. See Polyhedron ; 
Prismatoiu and prismoid. Ij.s.f.] 

Pyramid of numbers 

An expression of the idea that successive members 
of a given food chain, within a community, become 
progressively fewer. This concept was introduced 
by C. S. Elton who showed that the relative de- 
crease in numbers at each stage of the food chain 
^ due to the facts that (1) smaller animals are 
preyed upon, usually by larger animals and (2) 
smaller animals can increase faster than the larger 
and so are able to support the latter. 

Because the number of individuals of a given spe- 
cies is not strictly related to that species’ impor- 
tanc e as a transfoimer of food the concept of the 
pyramid of numbers has been supplemented in 
quantitative* ecology by those of the pyramids of 
biomass and of energy. ^ e Biomass, Food chain. 

[ A. ML. 1 

Pyran 

One of a group of organic* compounds containing a 
' eterocyclic six-membered ring made up of one 
oxvgen and five carbon atoms. See Hfterocyclic 
compounds. Formulas (I) to (V) show pyrans of 
various kinds. 


0 



A 2,3 -Dihydropyran Tctrahydropyran 


All pyranosidic carbohydrates are tetrahydro- 
pyran derivatives Glycals, for example, glucal 
(VI), are A 2 * 3 -dihydropyrans, The a-pyrone system 
is present in cardiac-active steroid derivatives, such 
as scillaren A (VII), isolated from squill and from 
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HO 


OH 

t) 


(VI) 


H0CH 4 O' 



(VII) 


a variety of toad. Meconic add (VIII) from opium, 
chelidonic acid (IX) from Chelidonium majus, and 



kojic acid (X) from dspergillus molds are y-py- 
rones. Maltol (XI) is a degradation product from 
carbohydrate materials. 

cr-Pyrones as lactones can be saponified, and as 
dienes can react with Diels-Alder dienophiles. Both 
or- and y-pyrones react with ammonia to give the 
corresponding pyndones. y-Pyrones can be cleaved 
with alkali. Other properties suggest that y-pyrones 



are resonance hybrids ( XII ) . 


mone (XIV), the fragrant body in clover, was 
formerly used in flavors and perfumes. Dicoumarol 
(XVIII), originally encountered as the causative 
agent in hemorrhagic sweet clover disease of cattle, 
now finds clinical use as a blood anticoagulant 
2-Phenyl-y-chromone derivatives are leaf pigments 
Fluorescein (XIX), used as a sea marker because 
of its intense greenish fluorescence, eosin, used as 
the dye in red ink, and mercurochrome (XX), used 




as a household antiseptic,, are all highly colored 
derivatives of xanthene (XVI). Rotenone (XXI), 



an insecticide from Derris elliptua (Malaya 
Dutch East Indies), has three oxygen heterocyclic 
rings, two of which are pyranoid The active ingre 
dient in hashish as well as in marijuana — both 
from hemp ^Cannabis sativa) — is tetrahydro< an 


0 0 “ 



+ 


Formulas (XIII ) to (XVI ) show some benzopyran 
types. Vitamin E, or o-tocopherol (XVII), is a 
chroman (XIII) derivative. Coumarin, or o-chro- 




nabinol (XXII), a tricyclic pyran derivative. 

[W.J.GF ] 

Bibliography : R. C. Elderfield, Hetprocydu 
Compounds , vol. 1, 1950. 

Pyrargyrite 

A mineral having composition Ag^SbS^ and crys- 
tallizing in the hexagonal system. Pyrargyrite cry* 
tals are prismatic with hemimorphic development 
and usually are distorted. The mineral also occurs 
in massive form and in disseminated grains. There 
is good rhombohedral cleavage; the hardness is 
2.5 (Mohs scale) and specific gravity is 5.85. The 
luster is adamantine and the color a deep ruby 
red to black, giving it the name dark ruby silver 
Pyrargyrite is in places an important silver ore 
where it is found in veins associated with proustite 
and other silver minerals. It has been mined as a 
silver ore at Chanarcillo, Chile; Freiberg, ^ er * 
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many; Guanajuato, Mexico; and Cobalt, Ontario, 
Canada. See Proustite; Silver metallurgy. 

[C.S.HU.] 

Pyrazole 

One of a group of organic heterocyclic compounds 
with two nitrogen atoms occupying adjacent posi- 
tions in a doubly unsaturated five-membered ring. 
A typical member of the group is pyrazole (I). See 



H i 


\/ole : Hiterck yclic compounds. The pyrazole 
svstem is resonance-stabilized and aromatic in 
< haracter. Substitution occurs preferentially at the 
\ position. The nucleus is resistant to disruption by 
oxidation. Certain drugs and dyes are pyrazole 
derivatives. 

The parent compound (I) is a water-soluble, 
i oloi less solid, nip 70°C, bp 187°C, with an odoi 
resembling that of pyridine. Pyra/ole is both a 
weak base ( pK„ 2.53 at 25°) and a weak a< id. The 
hydrogen at position 1 < an be replaced by potas- 
sium or by broniomagnesium. 

One general synthesis combines 1,3-dicarbonyl 
compounds with hydia/ines; foi example, the reac- 
ijon of d( etvl.o etone with hydrazine gives 3 5-di 

0 o c.n t 

1 h 

UU.Cll-CUI, »- NH.INH, * J[ jj 

Clli II 
(II) 

mclhv Ipvia/ole (ID A more common synthetic 
method (ondense*. «,/?-unsaturatcd aldehydes o kc- 


0 



(HI) 


tones with hydrazines to give, not fully aromatic 
compounds, hut instead dihydropvrazoles, or pyraz- 
olines (111 ). Pyrazolines are also obtained when di- 
azoalkanes lead with olefinic compounds, as in the 

ROOCCH — CHCOOR + CH 2 N 2 -> 

ROOC COOR 

II 

(IV) 

reaction of diazomethane with an ester of maleic 
acid to give a pvrazoline (IV). These pyrazolines 
tan lie dehydrogenated to pvra/oles Pyrazoles can 
he obtained directly when, in the last two reactions 
acetyleiiK unsaturation replaces the olefinic linsat- 
uration. Pyt azolines are prepared by ling syntheses 
(111) and (IV), or by reduction ol pyrazoles. Py- 
razolines are susceptible to oxidation. When there 
is no substituent on eithei nitrogen, pyrolysis of 
pyrazolines gives rise to t yclopropanes or substi- 
tuted olefins, such as (V) and (VI). 


CH <()OC COOCH, 

/ 

I II CH.OOC CH CH — COOCHi f CIIjOOC (W:HC0 ()CH s 

II CII 2 ch 3 

(V) (VI) 
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Antipyrine (VIII) and aminopyrine (IX) are 
pyrazole derivatives of considerable value as an 
analgesic and an antipyretic, respectively. The 
large-scale synthesis of these two materials starts 
with the condensation of phenylhydrazine with ace- 
toacetic ester to give l-phenyl-3-methyl-5-pyrazo- 
lone (VII), also known as methylphenylpyrazolone 
or as Developer Z. Methylation of (VII) gives anti- 
pyrine (VIII). Subsequent nitrosation, reduction 
(with zinc), and dimethylation leads to amino- 
pyrine (IX). 

Azo coupling of pyrazolone (VII) or of related 
compounds gives 4-azopyrazolone derivatives, which 
aie of interest as wool, food, and photographic 
dyes. The synthesis of one such dye (XI) starts 
with oxaloacetic ester (X) and proceeds as indi- 
cated. [w.j.ge.] 

Bibliography : R. C. Elderfield (ed.), Heterocy- 
clic Compounds , vol. 5, 1957. 


Pyrenulales 

An order of the class Ascolichenes also known as 
the Pyrenolichenes. As now circumscribed, the 
Pyrenulales includes only those lichens with peri- 
thecia that contain true paraphyses and unitunicate 
asci. Other pyrenolichens with pseudoparaphyses 
and bitunicate asci have been transferred to the 
Pseudosphaeriales. The flask-shaped perithecia are 
uniformly immersed in the medulla of the thalli 
with a small ostiole opening at the surface. The 
asci and paraphyses arise from a blackened hypo- 
thecium and line the walls of the perithecium. The 
spores eventually burst the ascal walls and ooze 
out through the ostiole in a jelly matrix. Details 
of ascal development have been described rather 
fully for Dermatocarpon aquaticum. The Pyrenu- 
lales are almost all crustose in growth form, with 
very simple internal structure. The one exception 
is the Dermatocarpaceae, which are large umbili- 
cate species often confused with the typical rock 
tripe, IJ mbilicaria, in the Lecanorales. 

There are about 10 families, 50 genera, and more 
than 1500 species in the Pyrenulales. The major 
taxonomic criteria for separating genera and spe- 
cies are the septation and color of spores, since 
vegetative characters are so poorly developed. The 
larger families are listed as follows. 

The Dermatocarpaceae contain four genera with 
umbilicate or squamulose growth form. Most of 
the species grow on limestone or calcareous soils. 

In the Pyrenulaceae are about 10 genera, all 
crustose species and most common on tree bark in 


the tropics. They are closely related to the non- 
lichenized Sphaeriales, but the perithecia are 
never produced in true stoma. 

The Strigulaceae comprise about six genera of 
crustose species confined chiefly to leaves of ever- 
green trees in the tropics. These peculiar lichens 
form extensive crusts on or under the cuticle of 
leaves without seeming to damage the host plant. 

The Verrucariaceae comprise about 8 genera of 
crustose species typically found on rocks, espe 
cially in intertidal or salt-spray zones along rocky 
coastlines. These are the only truly amphibious 
lichens. See Ascolichenes. Tm.e.h.] 

Pyridine 

An organic heterocyclic compound containing a 
triunsaturated six-membered ring of five carbon 
atoms and one nitrogen totom. See Heterocyuh 
(om pounds. Pyridine (I) and pyridine homology 
are obtained by extraction of coal tar or by syn 
thesis. The following are available in commercial 
quantities: pyridine, 2«, 3-, and 4-methylpyridine 
(also known respectivelv as a- 9 /?-, and y-picoline} 
2,4-dimethyl-, 2,6-dimethyl-, and 3,5-dimethylp>ri 
dine (also known respectively as 2,4-, 2,6-, and 3,S 


4 or 7 


r > or p 
6 or (x 



(i) 


lutidine), 2-methyl-5-ethylpyndine (also called al 
dehydecollidine), and 2,4,6-trimethyl pyridine (als< 
called 2,4, (^collidine) . Other pyridine derivatives 
produced on a large scale include nicotinic and 
( pyridine-3-carboxylic acid ) for preparation oi 
nicotinamide, nicotine (II) for its insecticidal 



< H,OH 




(0M 


(IV) 




properties, 2-aminopyridine for synthesis of me 
dicinals, piperidine (hexahydropyridine) as a sol 
vent, and 2-vinylpyridine as a polymerizable mon 
omer. The pyridine system is found in natural piod 
ucts, for example, in nicotine (II) from tobacco 
in ricinine (III) from castor bean, in pyridoxine 
(IV), in nicotinamide or niacinamide (V), and in 
several gioups of alkaloids. 

Properties. Pyridine (I) is a colorless, hvgro 
scopic liquid with a pungent, unpleasant odor. It 
boils at 1 15.2-1 15.3°C, its density (20/4) 
0.98272, and n§° is 1.50920. Pyridine is miscible 
with organic solvents as well as with water. A con 
stant-boiling mixture, bp 92°C, forms with three 
molecules of water. Dry pyridine is obtained b' 
treatment with barium oxide followed by calcium 
hydride or phosphorus pentoxide. Pyridine is a ter 
tiary amine (pK„ 5.17 at 25°) that combines lead 



i]y with Bronsted and Lewis acids. The pyridine 
system is aromatic. It is stable to heat, to acid, 
and to alkali. It undergoes substitution, with the 
3-position favored in sulfonation and nitration. It 
shows resonance energies of 21 31 kcal/mole. Pyri- 
dine is used as a solvent for organic and inorganic 
compounds, as an acid binder, as a basic catalyst, 
and as a reaction intermediate. 

Oxidation of pyridine homologs by nitric acid or 
bv permanganate converts the substituent group in 
a preparative manner to a carboxylic acid. Reac- 
tion at the methyl group of 2- and 4-methvlpyridine 
tends to occur more readilv than at the methyl 
group of 3-methvlpyridine. Thus, 2- and 4-methvl- 
p\ndine condense with benzaldehyde to give styrvl 
derivatives (VI), whereas 3-methylpyridine does 



CJUCHO 
ZnClj > 



not react With butyllithiurn oi sodium amide, 2- 
and 1 rnethvlpM idmes metalate to give puidyl- 
methvl metals (VII), whi< h react normally with 


RCHO 



<Uii 


(VH) 
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stituent. Bromopyridines form Grignard and lith- 
ium derivatives that react normally. 

3-Nitropyridine, from nitration of pyridine, can 
be converted to 3-aminopyrimidine. 4-Nitro pyri- 
dine- /V-oxide (IX) with iron and acetic acid gives 
4-aininopyridine. 2-Aminopyridine, prepared on an 
industrial scale by direct amination of pyridine 
with sodamide. is utilized in the manufacture of the 
antihistaminic, Pyrihenzamine (XI), and the bac- 
teriostatic agent, sulfapyridine (XII). 


(XI) 



NHSOj 


Ml, 


(XII) 


In most ot its reactions, 3-hydioxy pyridine be- 
haves as a normal phenol, just as 3-aminopyri- 
dine behaves as a normal aromatic amine. How- 
ever, hydroxy oi amino groups at the pyridine 2 or 
4 positions show some reactions that are not char- 
a< teristic of phenols or aromatic amines. Hydroxyl 
or amino groups on any pyiidine position make 
electrophilic substitution easier and, as ortho-para 
directing gioujis, take control of the orientation. 
2-Pvridone is prepared from 2 arninopyridin'e by a 
diazotization procedure. 3-Hydroxypyridine is pro- 
duced either by sulfonation of pyridine followed by 
alkali fusion of the pyridine- 3-sulfonic acid, or by 
hydrolysis of 3-bromopyridine. 

Preparation. Laboratory synthetic methods lead 
to pyridines with no oxygen at positions 2 or 6, to 
2-hy droxyj>yridines, or to 2.6-dibydroxypvridines. 
The last two pyridii.e derivatives exist almost en- 
tirely in their tautomeric forms, that is, as 2-pyri- 
done (XIII) and 6-hv droxy-2-pyridone, respec- 


< irhonyl ( ompounds and with alk\ 1 halides 

Maiiv halogenated derivatives of pyndn an 
known. Hired bromination at WO 400 °C places 
liiomine at the 3 and S positions. 2 Bromopvridinc 

1 an he pre|)aied from ?-|)\ridone and phosphorus 
owhronude. 3 Biomopviidine is prepared by appli- 

< alion of the Sandinever process to .3 aimnopyri- 
dine or h\ mercurating and then brorninaling pyri- 
dine 2-Chloropyridine is formed when /V-methyl- 

2 pvridone is treated with phosphorus penfachlo- 
ude 4-Ghloropytidine (X) is prepared by nitra- 
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(VIII) (IX) (X) 


ting pyridine-N-oxide (VIII), exposing the 4- 
nitropvridine-/V-oxide (IX) to the action of concen- 
trated hydrochloric acid, and removing the oxide 
oxygen by iron- acetic acid reduction. The 2- and 
4-halo substituents are more readily replaced by 
hydroxy, alkoxy, and amino than the 3-halo sub- 



H 


tivelv Glutdconk acids cyclize with ammonia to 
give 6-hydroxv 2-pyridones. The oxvgen at the 2 
and 6 positions ran he removed bv standard '*on 
versions with phosphorus oxvchloride to the 2.6- 
diohloro derivative, followed by reductive dechlori- 
nation. In this way. for example. /?-methylgluta- 
co** acid (XIV ) can be converted to 4-methylpyri- 



<\i\) (XV) 

dine (XV). 2-Pyridones (XVII) are formed when 
*1, 3-dicarbonyl compounds (XVI), or their equiva- 
lents, react with cyanoacetamide. Subsequent steps 
remove the cyano groups as well as the oxygen 
from (XVII) to furnish substituted pyridines 
(XVIII). 

1,5-Dicarbony! compounds or their equivalents 
cyclize with ammonia to give pyridines. Thus, the 
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R« CHjCN 

R s — CH + HjN ^0 
R„-C=0 

(XVI) 



(1) HjO 

(2) heat 


K 

Ro 



(1) P0C1 3 

(2) [H] 


(XVIII) 



diketone (XIX) from acetoacetir ester and ethyl 
orthoformate gives the pyridine (XX). In a closely 
related process, the reaction of ethyl /?-aminocro- 
tonate (XXI) with ethox\meth\ leneac etoac etic es- 
ter (XXII) gives the same pioduct. The Hant/si h 
synthesis combines four molecules to form an in- 
termediate dihydropyridine derivative (XXIII). 
which < an he readily oxidized to the correspond- 
ing completely aromatic deiivative (XXIV) The 
Chic hibabin aldehv de-ammonia synthesis involves 
the condensation of ammonia with aldehydes and 
ketones Generally, mixtuies of pyiidines are ob- 
tained, with the course of the reaction depending 
on such factois as nature and proportion of re 
actants, reaction time, temperature, and eatalvst 
In a commercial process, 2-methyl-. f i-ethylpyridine 
(XXV) is obtained in unusually high yields (60- 
70 ( ( ) from acetaldehyde and ammonia. Presuma- 
bly, synthetic industrial pyridine and its homologs 
arc prepared by the Chichibabin oi some related 
proc ess 


Derivatives. Pyridine compounds containing 
positively charged nitrogen include simple and 
quaternary pyridinium salts, acylpyridinium salts. 


CHO 

CHjCHO X CH a 

CHj CHO— CH 3 
CHO 

NH 3 

and pyridine-V-oxides. The reaction of pyridine 
with alkylating agents gives quaternary salts, cr\s 
talline solids whose aqueous solutions condm t elei 
tricity. The quaternaiy salts are readily oxidized b\ 
alkaline ferricyanide to the A'-substituted- 2-pvn 
dunes. With acyl halides, pyridine forms A'-acy^n 
ridiniutn salts, which are powerful acylating agents 
for OH, NH, and SH groupings. Pyridine-W-oxidc 
(XXVI), prepared by oxidation of pyridine with 

+ RCOOOII — ► 


() 

(XXVI) 

oigamc peracids, reacts with phosphorus pen 
tachloride to give 2-c hloropyridine, and with acctn 
anhvdride to give 2-ac etowpv ndme Pyridine'S 
oxides nitrate at the 4 position and by so doin', 
provide a route to 4-suhstituted deriyatives 

Pyndine aldehydes are prepared by oxidation oi 
groups already on the ring Aeety lpy mimes can l>e 
synthesized from pyridine carboxylic esters and 
ethvl acetate by the Claisen condensation Tin n 
actions of pvridine aldehydes and ketones aie not 
mal. 
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Many pyridine carboxylic acids are known. Their 
reactions as dipolar materials are not exceptional. 
Thermal decarboxylation is a standard process, 
with loss of carboxyl from position 2 easier than 
from 3 or 4, and loss of carboxyl from position 4 
easier than from 3. Nicotinic acid (XXVII) is man- 




( OOH 
GOOH 



nfa< Hired by oxidation of 3-meth\l-pyri<line (/?- 
pnolinc) or nicotine: it i*> also obtained by oxida- 
tion of eithei 2-melh\ l-5-elhylpvi idine ot quino- 
line. followed bv deeai boxv Iation ot the resulting 
p\r idine diearboxv lie acids P\ridine-2-earbox\ lie 
and (opicolinic acid) can be prepaied bv oxida- 
tion ot 2-mel li\ 1 p v r idine, or bv tarhonalion of 
2 pv ndvllilhimn. Pvridine-4 c arboxvlii acid (iso- 
mkoMiik arid ) is obtained by oxidation of 4- 
mctliv Ipv ridine or bv synthesis from c it ri< acid 
Sc ( XXV1I1 ) to (XXIX) The aeid hvdra/ide of 
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tsonic otinic aeid (Isoniazid) is a tuberculostatic 
agent. 

Uthough dihydro- and tetrahydropyridines are 
known, the hexahydropvridines, or piperidines, are 
the most common reduced forms of pyridine. The 
piperidines may he prepared bv reduction of pvri- 
dines or by eyclization of bifunctional compounds, 
for example the conversion of 5-bromo-l-aminopen- 
tanc (XXX) to piperidine. 



Hr NH 2 H 


(XXX) (XXXI) 


Piperidine (XXXI). the parent compound, is a 
| colorless, unpleasant smelling liquid (bp 105.6°C), 
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completely miscible with water. The general prop- 
erties of piperidine are those of a normal secondary 
aliphatic amine, and as such, piperidine (pK rt ll.l) 
is a much stronger base than pyridine (pK,,5.17). 
Piperidine carboxylic acids have been investi- 
gated in connection with naturally occurring amino 
acids (for example, pipecolinic acid is piperidine- 
2-carboxylic acid), as well as with the degradative 
and synthetic chemistry of quinine. The reaction 
product (XXXII) from piperidine and carbon bi- 




+ 



Pipt luimtum ponlumclhvlritttlitliUM .ulumate 

(WXll) 


sulfide is a lubber accelerator. 4,4-Disubstituted 
pipeiidines such as Demerol (XXX I ID are anal- 



(XXXllI) 


gesics. 

Srr Sum a dhuc s. [w.j.gf..] 

Bibliography'. K C. Elderfield fed.). Heterocy- 
(h< Compounds , vol. 1, 1950; E. II. Rodd fed.), 
Chrmisln of Carbon Compounds, vol. 4A, 1957. 

Pyrimidine 

An organic heterocyclic compound in which a six- 
membeied ring contains nitrogen atoms at the I 
and 3 positions (I). -Sec Diazinks; Ili.rp roc ycijc 
compounds. Pyrimidine compounds include vita- 

\ 

3 

(I) 

1 

min Bi as wed I as several of the heterocyclic bases 
in nucleopi oteins. Pyrimidines accordingly are in- 
volved in fundamental biochemical processes. Other 
i** rtant pvrimidines are found in synthetic me- 
dicinals such as sulfadiazine and the barbiturates. 

Properties. Unsubstituted pyrimidine (I) is a 
basic, water-soluble, colorless liquid, bp 121 123°C, 
mp 21.7°C, with an unpleasant odor. The parent 
compound has been synthesized by combining chlo- 
romalonaldehyde (II) with guanidine (III) to ob- 
tain 2-amino-5-chloropyrimidine (IV), and convert- 
ing the amino group by a diazotization procedure 
*to hydroxyl. Treatment of 2-hydroxy-5-chloropyrim- 
idine with phosphorus oxychloride gives 2.5-di- 
chloropyrimidine (V), which furnishes pyrimidine 
on catalytic hydrogenolysis. Most pyrimidine syn- 
theses follow this same general pattern. A 1,3- 
dicarbonyl compound (such as malonic ester, a 
/3-keto ester, /?• diketone, /?-dialdebyde, or their 
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equivalent) or a /3-cyano carbonvl compound is 
condensed with guanidine or a related compound, 
such as urea, thiourea, and amidines. Accordingly, 
most pyrimidine-ring syntheses furnish products 
with one or more hydroxyl, amino, or sulfhydryl 
groups at positions 2, 4, oi 6. The accompanying 
diagram shows how these groups may be manipu- 
lated in useful conversions. 


NH, RNH 

* \ / 

OH ^ Cl 

T / 1\ 

SH — » H OR 

Interconversions of groups 
at pyrimidine 2, 4, or 6 positions 

Pyrimidines are more stable to acids than to 
strong alkali The compounds resist disruption by 
oxidation They can be reduced to hvdropvrimi- 
dines. Pyrimidine is a lesonance-stabili/ed mole- 
cule, structurally related to benzene However, car- 
bon atoms 2. 4, and 6 are adjacent to nitrogen, so 
that they are more susceptible to attack by nucleo- 
philic agents than by electrophilic* agents. Thus, 

4- methylpyrimidine with sodium amide gives 2- 
amino-4-methylpvriinidine. Othei related conse- 
quences of this disposition of the heteronitrogens 
are found in the facile interconversions of groups 
at the 2, 4, and 6 positions, in the enhanced reac- 
tivity of methvl groups at these positions, and m 
the relative ease of decarboxylation of pvrimidine- 
2, -4, or -6-carboxy lie acids. Actually, only position 
5 reacts with the familiar benzene-substituting 
(electrophilic) reagents. 

Important derivatives. Three synthetic' pyrimi- 
dines (VII), sulfadiazine (R* - R* - H). sulfa- 
merazine f R t = CH { , R». = H), and sulfamethazine 
(R 4 = Rfl = CHj), are important members of the 
sulfa family. These compounds are prepared from 
the appropriate 2-aminopyrimidine (VI). Certain 
2,4-diaminopyrimidines have antifolic acid activity. 

5- ( p-Ch loro phenyl ) -2,4-diamino-6-ethvlpyrimidine 
has shown promise as an antimalarial drug. Alloxan 
(VIII ), administered either orally or intravenously, 
produces diabetic symptoms. The effect is counter- 
acted with 2-thiouracil fIX). 6-Propylthiouracil is 
a clinically useful antithyroid agent. See Folic 
acid; Sulfa drugs. 



The barbiturates, the 5,S-disubstituled barbituric 
acids (XI), acting chieflv as central nervotft, ^ V4 . 
tern depressants, are hypnotics and sedatnes r [ hr\ 
are prepaied by dialky laticm of barbituric acid 
(X), which is obtained from malonic estei and 
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urea, or by condensation of a disubstituted malonic 
ester (XI!) with urea. Some familiar and useful 
barbiturates (XI) are barbital or Veronal (5.5 
diethyl), phenobarbital or Luminol (5-ethyl*5* 
phenyl), arnytal (5-ethyl«5-isoamyl), and Nembutal 
( S-ethyl-S-o-methylbutyl ) . 

Thiamine or vitamin Bi (XIII), the specific agent 
against beriberi, is a pyrimidine. One preparation 
starts by condensation of acetamidine and ethoxy* 
methylenemalononitrile and proceeds as shown to 
give the synthetic vitamin (XIII). 
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(XIX) 
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(X\) 


called nucleosides The phosphor) Idled sugar pyri 
nudine combinations are called nucleotides Ac- 
cordingly nucleu acids are polynucleotides Nu* 
deoprotein, composed of nucleic acid plus protein, 
ls the building material of chromosomes and as 
' s «ich, is of paramount importance in mitosis and in 
[genetics Viruses are nuc leoprotein in nature See 
^Mt'c i foprotfin 


Punnes oi which adenine (MX) and guanine 
(XX) aie examples contain fused pyiimidme and 
inuda/oh rings I he punnes are important, not 
only as constituc nts of nuc Itic a* id hut also as the 
h(tcroc\clu svslim in at leist the three following 
<n/vim cofactors the oxidation re durtion coen- 
zyint diphosphopvridinc nudeolide ( DPN ) , the 
phnsphorv lating com/) me, adenosine ti iphosphate 
(ATP) and the ac clvl transfer nng coenzyme, e o- 
en/vnie A CafTenu (XXI) a cential nervous sys- 
tem stimulant is a substituted purine Uric acid, 
oi 1 () 8 InhvdioxvpuriiH ( XXII ), is obtained from 


CH, || (II, 

— N 7 



( II, 
(VM) 


OH 

I 

Nil 

HO OH 

(XXII) 


guano the evrement of turds and reptiles Deposi- 
tion of uric acid m the joints of man gives use to 
the abnormal condition known as gout See Pxri 
[)INt l w j c.l ] 

HtbliOtintphy h C Flderfield (ed ), Hrterocy- 
dir ( ompounds , vol 6, 1957 

Pynte 

A mineral having composition feS fc and crystalliz- 
ing m the isometric system Pvrite, oi iron pyrites, 
is more commonly well crystallized than any other 
sulfide mineral, the cube is the dominant form 
Striae are usually present on the cube faces lun- 
ning at right angles to the edges The pyritohedron 
and octahedron are frequently present. A penetra- 
tion twin of two pyritohedrons is known as the iron 
ci oss Pynte is also massive, granular, and stalac- 
titie 

Pynte has a hardness of 6 6 5 (Mohs scale) and 
a specific gravity of 5 02 The luster is metallic and 
the color brass yellow; in very fine grained com- 
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Pyrite crystals, (a) Cube, (b) Pyritohedron. (c) Com- 
bination of cube and pyritohedron. (d) Penetration 
twin, or iron cross. (From C. S. Hurfbut, Jr., Dana's 
Manual of Mineralogy , 16th ed., Wiley, 1952) 

pact aggregates the color may be greenish. Pyrite 
is the most common “fool's gold'’ but is bard and 
brittle, whereas gold is soft and sectile. Its high 
hardness also distinguishes it from softer chalcopy- 
rite. In the pure mineral, iron makes up 46.6% and 
sulfur 53.4%. When ignited, the high percentage of 
sulfur permits pyrite to support its own combus- 
tion. Small amounts of nickel and cobalt may be 
present and some analyses show considerable 
nickel, indicating the possibility of a complete 
solid-solution series between pyrite and bravoite, 
(Ni.Fe)S 2 . Gold, copper, nickel, and arsenic re- 
ported in some analyses are probably the result of 
mechanical mixtures of other minerals, and the ele- 
ments present are not substituting for iron or sulfur 
in the structure. FeSy is dimorphous and crystal- 
lizes in an orthorhombic modification as marcasite. 
Marcasite is distinguished from pyrite by its 
lighter color, lower specific gravity, and crystal 
form. See Marcasite. 

Pyrite is the most common as well as the most 
widespread of the sulfide minerals. It occurs under 
almost all conditions of mineral deposition, from 
the high temperatures of an igneous magma to the 
temperatures of the ocean bottom, near 0°C. It is 
present as an accessory mineral in many igneous 
rocks and in some has formed large deposits as a 
magmatic segregation. Large masses are found in 
contact metamorphic ore deposits and are mined for 
the associated copper minerals, chiefly chalcopy- 
rite and chalcoeite. Pyrite is a common mineral in 
most sulfide veins whether formed at great depths 
and high temperature or shallow depths and low 
temperature. In veins it is associated with many 
minerals hut most frequently with chalcopyrite, 
sphalerite, and galena. Pyrite of both primary and 
secondary origin is common in sedimentary rocks 
and forms nodular and banded masses in coal 
known as brasses. It is also found in metamor- 
phosed sedimentary rocks, in places in well-formed 


crystals. See Chalcopyrite; Galena; Sphaler- 
ite. 

Pyrite is so universal in its occurrence that only 
a few major localities will be noted here. Fine crys- 
tals have been found at Waldenstein, Austria; St. 
Gotthard, Switzerland; on the island of Elba; at 
Saint-Pierre-de-Mesage, France; and in Cornwall, 
England. Large deposits occur at Rio Tinto and 
elsewhere in Spain where the pyrite and associated 
chalcopyrite are mined on a large scale. Tn the 
United States fine crystals have been reported from 
many localities, notably Rossie. New York; Lead- 
ville, Colorado: Clifton, Arizona; and Bingham 
Canyon, Utah. Well-formed cubes are found in a 
chlorite schist at Chester, Vermont. Large massive 
deposits are found at Louisa, Virginia; Ducktown, 
Tennessee; and Rico, Colorado. 

Under oxidizing conditions pyrite readily alters 
to various iron sulfates and eventually to goethite 
and limonite. These iron oxides form the chief min- 
erals of the gossan which is the surface expression 
of pvrite-rich mineral deposits. See Ore and min- 
eral deposits. 

Because of the high percentage of sulfui 
(53.4% ) in pyrite. this mineral is one of the 
sources of sulfur used in the manufacture of sul- 
furic acid. In places it is mined for sulfur alone; 
elsewhere sulfur is recovered as a by-product in 
smelting of ores rich in pyrite. In the United States, 
native sulfur supplies most of the demand for the 
element. Elsewhere, however, pyrite assume* a 
more important role as a source of sulfur. See 
Goethite; Limonite; Sulfur. fc.s.iir.l 

Pyroclastic p>cks 

Rocks of extrusive (volcanic) origin, composed of 
rock fragments produced directlv bv explosive 
eruptions. Pyroclastic fragments may represent 


Classification of pyroclastic materials 


Grain size, mm 

Unconsolidated rock 

Consolidated rock 

< 4 

Ash 

Tuff 

> 4 < 32 

La pi Ili 

Lapilli tuff 

> 32 

Blocks (angular) 

Breccia 


Bombs (rounded)* 

Agglomerutet 


* Masses erupted as large blobs of li(piid lava 
t Essentially a breccia with uhundanl bombs and huge 
blocks, found within or near the volcanic vent. 


shattered and comminuted older rocks (volcanic, 
plutonie, sedimentary, or metamorphic) or solidi- 
fied lava droplets formed by violent explosion. See 
Tuff ; see also Volcano. f c.a.la. | 

Pyroelectricity 

A state of electric polarity produced in certain 
crystals by change of temperature. Certain dielec- 
tric (electrically nonconducting) crystals develop 
an electric polarization (dipole moment per cubic 
centimeter) AP when they are subjected to a (uni- 
form) temperature change AT. For a small change 
AT , the components AP, of the polarization veotoi 
are given by 



A Pi - p, AT x , y, 2 

This effect is called the pyroelectric effect, and the 
(oefficients p„ the pyroelectric coefficients. The 
nec essary and sufficient condition for the effect is 
the existence of a unique polar axis. It is fulfilled 
fox 10 of the 32 crystal classes. Crystals exhibiting 
the phenomenon include tourmaline, tartaric acid, 
lithium sodium sulfate, and cane sugar. 

The magnitude of the pyroelectric effect depends 
upon whether the thermal expansion of the crystal 
is prevented by clamping or whether the crystal is 
mechanically unconstrained. In the clamped crys- 
tal, one observes the primary pyroelectric effect, 
whereas in the free crystal, a secondary pyroelec- 
tric effect is superposed upon the primary effect. 
The secondary effect may be regarded as the piezo- 
electric polarization arising from thermal expan- 
sion (see Pit 70LLFCTRIC i ty ) . Hence, the coeffi- 
c lent'' p, for the secondary pyroelectric effect have 
thp same temperature dependence as the coefficient 
of thermal expansion. 7'he secondary effec t is gen- 
erally much larger than the primary effec t. An ex- 
ception to this rule may occ ur at low temperatures 
where the coefficients of the secondary effect are 
proportional to T 4 (T in degrees absolute), whereas 
the < oefficients of the primary effect appeal to be 
proportional to T~. 

From the standpoint of molecular theorv, the pri- 
mary effect arises from a change of the electron 
distribution in the crystal, wheieas the secondary 
effect is mainly the result of the relative displace- 
ments of positive and negatiye ions. Pyroelectric 
crystals can he regarded as having a built-in or 
nermanent electric polarization. When the crystal 
is held at constant temperature, this polarization 
does not manifest itself because it is compensated 
h\ free charge earners that have reached the -ur- 
fate of the crystal by conduction through the crys- 
tal and from outside. However, when the tem- 
perature of the crystal is raised or lowered, the 
permanent polarization changes, and this change 
manifests itself as pyroelectricity. There is no way 
to determine the magnitude of the total permanent 
polarization, except for those special pyroelectric 
mstals, called ferroelectrics, in which the polari- 
zation can be reversed by an electric field. See 

1 1 RHOFI l-CTRICS. 

In a typical pyroelectric crystal such as tourma- 
line, a temperature change of 1C° produces at 
room temperature a polarization of about 10 9 cou- 
lomb 'c ni“\ 

It is a consequence of thermodynamics that the 
PMoelec trie effect has an inverse, the linear elec- 
trocalorie effect. A temperature change A T results 
''hen the permanent polarization is altered by an 
externally applied electric field A E m 

AT T- £ p t E t i - x, y, z 

PCp t 

lu this expression, p is the density. c v the specific 
heat at constant pressure, Pi are the pyroelectric 
efficients, and T is the absolute temperature. 
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The temperature changes that can be realized in 
typical pyroelectrics are of the order of magnitude 

o.orc. [w.k.i 

Bibliography : M. Born, On the quantum theory 
of pyroelectricity. Revs . Mod . Phys .. 17(2 3) :245- 
251, 1945; J. F. Nye, Physical Properties of Crys - 
tals , Their Representation by Tensors and Ma- 
trices, 1957. 

Pyrolusite 

A mineral having composition MnO-j. Pyrolusite is 
the most important ore of manganese. It crystal- 
lizes in the tetragonal system but well-developed 
crystals (polianite) are rare. It is usually in radiat- 
ing fibers or reniform coatings. The hardness is 1-2 
on the Mohs scale (often soiling the fingers) and 
the specific gravity is 4.75. Crystals of polianite 
show a perfect prismatic cleavage and have a hard- 
ness of 6 and a specific gravity of 5.1. The luster 
is metallic and the color iron-black. It frequently 
forms pseudomorphs after other manganese min- 
erals, notably manganite. 

Pyrolusite is a secondary mineral formed bv the 
alteration of other manganese minerals much as 
manganite, psilomelane, ihodochrosite, and fhodo- 
nite. Manganese dissolved from rocks bv surface 
solutions may be redeposited as pyrolusite as den- 
dritic coatings on the walls of fractures, as nodules 
on the sea bottom, and as beds in iesidual clays. 
Pyrolusite is extensively mined as a manganese ore 
in many countries, chiefly in Russia, Ghana, India, 
the Union of South Africa, Morocco. Brazil, and 
Cuba. The chief use of manganese is in making 
spiegeleisen and feriomanganese, employed in 
steel manufacture. It is also used as an oxidizer in 
the production of chlorine, bromine, and oxvgen; 
in electric cells and batteries; and as a decolorizer 
in glass See Fi-hroalioy; Manganese; Manca- 
nite; Psilomi-lane ; Rhodoc hrosite; Rhodonite. 

f C.S.HU.] 

Pyrolysis 

The chemical transformation of a material into one 
or more new substances, solely through the appli- 
cation of heat. The new substance formed results 
onl) from reanangement of atoms (or molecules) 
present in the original parent material. If more 
than one parent material participates in the chemi- 
cal reaction, even though heat is employed, the re- 
sulting chemical changes are not pyrolytic but of 
some other nature (for example, combustion or hy- 
drogenation) 

Pyrolytic reactions may, however, occur in the 
presence of other compounds which do not them- 
selves decompose and appear in the reaction prod- 
ucts. The use of solvents or catalysts i9 an example 
in this respect (see Caialysis). Use of y-radiation 
during pyrolytic decomposition is a similar case. 

Pyrolytic processes were among the first chemi- 
cal reactions used by early chemists to study natu- 
rally occurring materials. The production of oxygen 
hy heating mercuric oxide and the pyrolytic de- 
composition of natural rubber to isoprene are ex- 
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am pies. Wood alcohol (methanol) originally was 
obtained by pyrolyzing hardwood. 

Modern industry employs pyrolytic processes ex- 
tensively. The cracking of petroleum, the produc- 
tion of carbon black, the chemical manufacture of 
ethylene, biphenyl, and ketenc, and the carboniza- 
tion of coal to coke, coal chemicals, and gas are 
examples. Limestone is calcined (pyrolyzed) to 
make lime. See Carbon black; Charcoal; Coal 
chemicals; Coke; Cracking; Destructive dis- 
tillation; Lime (industrial) ; Oil shale. 

Most pyrolytic processes of industrial impor- 
tance are carried out at high temperature. Techni- 
cally, however, the heat level must be sufficient only 
to impart the requisite thermal energy to break 
down the original chemical structure and induce 
chemical rearrangement. The liquid, vapor, gas, or 
solid phases are all employed. Pressure, although 
usually thermodynamically disadvantageous, is of- 
ten used to reduce gas volumes handled, increase 
reaction rates, or maintain a liquid phase. Vac- 
uum is also used. Thus, n-hutane may he pyrolyzed 
in a tubular heater to vield principally ethylene, at 
1415- l 450° F and 22 psia. Acetic acid is pyrolyzed 
industrially to ketene at 1300° F and at a pressure 
of only slightly over Vi atm. In the laboratory, 
benzazide (C«H 5 CONt) can, on the other hand, he 
converted by heat to phenyl isocyanate (CoH^NCO) 
at only 140°F and normal pressure, in a benzene 
solvent. 

Approximately one-half of all industrial organic 
chemicals in the United States are produced from 
either petroleum or natural gas (petrochemicals), 
and about one-fourth from coal (coal chemicals). 
The principal process first employed to secure start- 
ing materials for fmther synthesis is pyrolysis. 
Petroleum, natural gas, and coal are the initial raw 
materials. 

Petroleum. Crude petroleum, or a fraction 
thereof, upon cracking (pyrolysis) yields various 
liquid fractions, such as gasoline and kerosine, and 
light gases, including ethylene, propylene, butyl- 
enes, and cyclohexanes. The latter gases are the 
principal intermediates for further organic syn- 
thesis. Thermal cracking (pyrolysis) is conducted 
at 900- 1100°F and pressures of 600 to 1000 psi, in 
liquid or mixed liquid-vapor phase. Catalytic crack- 
ing in the presence of aluminum silicates is a simi- 
lar pyrolytic process, hut it is conducted at lower 
temperatures and pressures (850°F, 35 psi). Cok- 
ing or visbreaking is a related pyrolytic procedure. 

Chemically, the cracking process involves the 
thermal decomposition of large molecules to 
smaller ones. Thus, in a simplified example, a 
charge stock may be pyrolyzed to a heavy gas oil 
of 29 carbon atoms molecular size. This, in turn, by 
further pyrolysis yields hydrocarbons of 5 to 8 car- 
bon atoms (gasoline), plus ethylene gas. The ethyl- 
ene is then converted by further synthesis to such 
industrial organic chemicals as polyethylene, ethyl 
alcohol, ethylene glycol, and ethyl ether. In a simi- 
lar way, pyrolysis may yield propylene for conver- 
sion to butadiene (for synthetic rubber) and hexa- 
methylenediamine ( for nylon ) . 


Natural gas. The principal hydrocarbons sepa- 
rated from natural gas for further industrial organic 
synthesis are methane, ethane, propane, and bu- 
tane. By pyrolytic processes, these can he converted 
to compounds such as carbon black, methanol, 
formaldehyde, chloroform, and polypropylene. Mo- 
lecular rebuilding processes employed in this con- 
nection include isomerization (converting straight 
chains to branched chains), dehydrogenation (re- 
moving hydrogen to yield olefins), thermal poly- 
merization (building large molecules from smaller 
ones), and aromatization (converting aliphatic to 
aromatic hydrocarbons). These four processes are 
all catalyzed pyrolytic reactions. 

Coal. The pyrolysis of coal is carried out at 
either high temperature (1450 1850°F) or low 
temperature (950 1450°F) to yield coke, benzene, 
naphthalene, toluene, xylenes, and cresols as prin- 
cipal intermediates. These are ‘converted by further 
organic synthesis to substances such as aniline, 
TNT. phthalic anhydride, dyes, and plastics. 

The utilization of oil shale is a coming new in 
dustry. The first step m treating oil shale is a 
pyrolytic decomposition of the organic matter pres- 
ent, by retorting, to yield shale oil and gases for 
further processing to synthetic fuels and organic 
chemicals. See Unit »»ro< essi.s. [c.h.p.I 

Bibliography : C. D. Hurd, Pyrolysis of Cat bon 
Compounds , 1929; W. L. Nelson, Petroleum Re- 
finery Engineering , 4th ed.. 1958. 

Pyrometallurgy 

Processes employing chemical l fractions at elevated 
temperatures for the extraction of metals from ores 
and concentrate^. The use of heat to cause t educ- 
tion of copper ores by charcoal dates fiom he foie 
3000 r.c. The techniques of pyrometallurgy luue 
been gradually perfected as knowledge o! chemis- 
try has grown, and as sources of controlled heating 
and materials of construction for use at high tem- 
perature have become available. Pyrometallurgy, 
at mid-twentieth century, was the principal means 
of metal production. 

The advantages of high temper attire for metal- 
lurgical processing are several: chemical reaction 
rates are rapid, reaction equilibria change so that 
processes impossible at low temperature become 
spontaneous at higher temperature, and production 
of the metal as a liquid or a gas facilitates physical 
separation of metal from residue. 

The processes of pyrometallurgy may he divided 
into preparation processes which convert the raw 
material to a form suitable for further processing 
(for example, roasting to convert sulfides to ox- 
ides), reduction processes which reduce metallic 
compounds to metal (the blast furnace which re- 
duces iron oxide to pig iron), and refining proc- 
esses which remove impurities from crude metal 
(fractional distillation to remove iron, lead, and 
cadmium from crude zinc) . 

The complete production scheme, from ore to re- 
fined metal, may employ pyrometallurgical proc- 
esses (steel, lead, tin, zinc), or only the primary ex- 
traction processes may be pyrometallurgical, with 



other methods used for refining (copper, nickel). 
In some cases (uranium, tungsten, molybdenum), 
Isolated pyrometallurgical processes are used in a 
treatment scheme which is predominately non* 
pyrometallurgical. See Iron (extraction from 
ore); Metallurgy; Pyrometallurgy, nonfer- 

ROUS. [H.H.K.] 


pyrometallurgy, nonferrous 

Methods for the extraction of the nonferrous metals 
from ores and concentrates based on chemical re- 
actions at high temperatures. Pyrometallurgy was 
the earliest method (around 3000 B.c.) by which 
man recovered metals from ore minerals, and the 
onlv significant means of metal extraction until the 
late nineteenth century, when electrometallurgy 
and hydrometallurgy were introduced (.see Klec- 
tkometallttrgy; Hydrometallurgy). Improve- 
ments in nonferrous pyrometallurgy during the 
twentieth century have helped it to retain its pre- 
eminent position in the face of growing competi- 
tion from electrometallurgy and hydrometallurgy. 

Belter understanding of high-temperature chem- 
isin. the introduction of improved refractories and 
other materials of construction, the introduction of 
rleilrical control devices and electrical heating, 
the design of vacuum and pressure processes, the 
availability of low-cost oxygen, and many other en- 
gineering improvements have radically altered 
twentieth-century pyrometallurgy. Some of the 
noteworthy new processes of nonferrous pyrometal- 
luigv that date from the period 1925 1958 an 1 the 
continuous vertical-retort process for zinc smelting 
ami the fractional-distillation process for refining 
zinc, the vacuum-retort process (Pidgeon process) 
for production of magnesium and calcium, the 
K ri»| | process for the production of titanium and 
zirconium, flash-smelting of low-grade nickel con- 
centrates in oxygen, and the zinc blast-furnace 


process. 


Table 1 summarizes production data for 10 ma- 
jor nonferrous metals. Pyrometallurgy is still the 
nia joi means for production of nonferrous metals, 
both in number of applications and in total ton- 
nage of metal produced. Tn addition to the metals 
listed in Table 1, pyrometallurgy has significant 
applications to the production of uranium, cobalt, 
silver, mercury, bismuth, molybdenum, beryllium, 
tungsten, zirconium, gold, tantalum, niobium (co- 
lumbium). and other minor metals. The production 
r >f iron, steel, ferromanganese, and ferrochrome is 
entirely pyrometallurgical. See Ferroalloy; Iron 
(extraction from ore). 


Several advantages result from the use of high 
temperature for extraction of metals from ores. 
Uiemical reaction rates increase as temperatures 
mcrease; for example, the rate of reduction of lead 
oxide by carbon, or titanium tetrachloride by mag- 
nesium, is inappreciable at ambient temperature 
n,t ra Ptd at 600-800°C. The equilibrium position 
chemical equilibria depends on temperature, 
a nd can, in some cases, be shifted to a preferred 
section by increase in temperature. Thus, the re- 
uc tion of zinc oxide by carbon at atmospheric 
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pressure is impossible because of equilibrium con- 
siderations below about 900°C, but is spontaneous 
at higher temperatures. 

The effect of temperature on the physical separa- 
tion of the reduced metal from other products of 
the reaction is as important as its effect on reaction 
rate and equilibrium. Reduction of ores and con- 
centrates invariably results in two or more prod- 
ucts — the reduced metal and a residue composed of 
substances such as unreduced gangue minerals (sil- 
icon dioxide, SiO a ; aluminum oxide, AI2O3; cal- 
cium oxide, CaO; ferrous oxide, FeO). and the 
oxidized form of the reducing agent. The extractive 
process is not complete until the reduced metal has 
been separated from this mixture. High-tempera- 
ture processes offer several simple methods of mak- 
ing this separation, provided that the products can 
he liquefied or selectively vaporized. 

The processes of pyrometallurgy are discussed 
below under the three general types: preparatory, 
reduction, and refining processes. 

PREPARATORY PROCESSES 

Preparatory processes convert the raw material 
(ore or concentrate) to a chemical form suitable 
for further processing. A few of the more common 
processes are described below. 

Roasting of sulfides. The burning of metallic 
sulfides in air or oxygen is used to convert sulfide 
minerals to metallic oxides, sulfates, or both to- 
gether with sulfur dioxide, for the following pur* 
poses: (1) To prepare the material for reduction 
by carbon or carbon monoxide; metallic oxides can 
he reduced by these agents, but metallic sulfides 
cannot (see Table 2). (2) To prepare the material 
for matte smelting; there must he just enough sul- 
fur in the feed to form a matte of desired composi- 
tion with the valuable metals (matte is a molten 
solution of metallic sulfides). Excess sulfur is re- 
moved from the concentrate by incomplete roasting. 

(3) To prepare the material for acid leaching and 
electrolysis; the feed must he metallic oxide, be- 
cause metallic sulfides are relatively insoluble in 
sulfuric acid, the commonly used leaching agent. 

(4) To manufacture sulfuric acid or sulfur dioxide; 
conversion of the sulfur dioxide in roaster gases to 
sulfuric acid or liquid sulfur dioxide is usually a 
legal necessity if not always a profitable enter- 
prise. 

The principal reaction during roasting is 

MS (5) + H 0 2 (g) = MO(.s) + SO 2 {g) 

where (s) and (g) indicate solid and gas phases, 
respectively. For all the common sulfides this reac- 
tion is strongly exothermic and spontaneous left 
to right, provided the roaster gas contains a little 
free oxygen. Most roasting operations are carried 
out at 650-1000°C. 

Roaster gases always contain some sulfur triox- 
ide, formed by the reaction 

SO2 "h O2 =■ SO3 

The equilibrium of this reaction shifts to the left 
as the temperature is raised, so that roasting at 
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Table 1. Extraction and refining methods for 10 major nonferrous metals 


Metal 

II.S. consumption 
1956, short tons 

Extraction* 

Refining* 

Aluminum 

2,055,000 

electro 

hydro f 

Copper 

1,521,000 

90% pyro, 10% hydro-electro 

90% electro, 10% pyro 

Lead 

1,210,000 

pyro 

80% pyro, 20% electro 

Zinc 

1,009,000 

60% pyro, 40% electro 

60% pyro, 40% electro 

Sodium 

155, 000 J 

electro 

hydroj 

l\ickel 

128,000 

80% pyio, 20% hydro 

electro 

'Fin 

66,800 

pyro 

pyro 

Magnesium 

53,000 

95% electro, 5% pyro 

hydrof 

Antimony 

12,900 

pyro 

pyro 

Titanium 

10,900 

pyro 

pyro! 


* Pyro, pyiornetallurgy , electro, electrometallurgy; hydro, hydrometallurgy; all percentages are estimates 
t The metal compound is refined prior to extraction. t Estimated. 


1000°C produces very little SO*. Low tempera- 
ture, and cones ponding high concent! ation of SOi 
in the roaster gas, favors the formation of sulfates 
rather than oxides. 

The most widely used roasting furnaces are of 
three types: multiple-hearth, fluid-bed and flash- 
roaster. The feed to the roaster is pulverized (10- 


mcsh or finer) and the solid product (calcine) is 
also fine. Roaster gases carry much dust which is 
collected and returned to the primary calcine b\ 
standard dust-collecting equipment. 

A fluid-bed toaster is illustrated in Fig. 1. This 
device was introduced into pyrometallurgical prac- 
tice after World War II and has found numerous 



Fig. 1. Fluid-bed roaster and auxiliary equipment. ( Dorr-Oliver , fnc.) 






applications for roasting and other gas-solid reac- 
tions. Air is pumped upward through the perforated 
hearth at a rate sufficient to expand the bed of 
talcine particles and cause a mixing action known 
d s fluidization. Only very fine dust particles are ear- 
ned out by the gas stream, since the gas velocity is 
relatively low above the bed. Sulfide concentrate is 
f f *d continuously by means of the screw conveyor, 
and the calcine leaves by overflow through the pipe 
provided at the top of the fluid bed. Circulation 
within the bed results in a remarkable homogeneity 
of temperature and gas composition from point to 
point Burning of the sulfides provides the heat re- 
quired to maintain the temperature. Temperature 
ma\ be controlled by automatic injection of water 
into the bed The possibility of close control of 
temperature and gas composition in the bed and 
(he absence of moving parts in the hot zone arc 
distinct advantages of this roaster It is unsuitable 
foi some extremely fine feeds (smaller than 100- 
mesh) or for feed particles which stick together 
(agglomerate) on heating. 

In the multiple-hearth roaster, the hot roaster 
gases pass over beds of concentrate held on refrac- 
loi\ healths In the flash-roaster, the pulverized con- 
centrate is mixed with an air stream and injected 
into a hot c omhiistion chamber 

Sintering. Finely divided solid partic les are con- 
solichfed into relatively dense aggregates in p\ro 
metallurgy to prepaie lump feed foi the blast fur- 
nace* and other reduction processes The common 
sintering device is the downdraft ( Dwight-T loy d ) 
sintering machine shown in Fig 2 The feed must 
contain a pioportion of solid fuel, which mav be 
sulfide minerals or fine coal, if a nonsulfide mate- 
rnl is to be roasted The feed is spread continu- 
ously as a bed (4 8 in deep) on the surface of a 
modified pan conveyor. Air passes through the bed 
v\hen the gratelike pans pass ovei a suction box lo- 
cated beneath the conveyor The top of the bed is 
ignited as it passes under a fuel-fired ignition box. 
The zone of ignition burns down through the feed 
h f d in a manner similar to the burning of a cigar. 
1 he loe al temperature in the burning zone is high 
enough to cause partial fusion of the products into 
a c linker, or sinter-cake. Downdraft sintering is 
used as a desulfurizing process (roasting), as well 
as for sintering, in the treatment of lead sulfide con- 
< entrate. 

Chlorination. Metal oxide ores and concentrates 
are converted to metal chlorides in the production 

titanium, zirconium, and other refractory metals, 
hi the c ase of titanium and zirconium, the need for 
chlorination arises from the fact that direct rcduc- 
tion of the oxides of these metals is difficult, 
whereas the chlorides are readily reduced by either 
metallic sodium or magnesium (see Titanium). 

In the case of titanium the chlorination reaction 

is 

T i0 2 (s) + 2C(s) + 2C1 2 = TiCM*) + 2CO 

A reducing agent, such as carbon, is required to 
make the reaction spontaneous from left to right. 
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wind cleanout suction 

box doors pipe 


Fig. 2. Cross section of Dwight-Uoyd, downdraft 
sintering machine. (From R. E. Kirk and D. E. Othmer , 
eds., Encyc/opedia of Chemical Technology, Intersci- 
ence, 1947-1956) 

The reaction is slightly exothermic but the amount 
of heat generated mav be lnsuflu lent to maintain 
the reaction tempeiature of 800 900° C. 

Chlorination mav be carried out with fine-particle 
feeds in a fluid-bed, similar to that shown in Fig. 1. 
Alternatively, the metal oxide and carbon may be 
sintered together or briqueted and then chlorinated 
in a shaft furnace. When the metal chloride is 
formed as a liquid rathei than a ga^. the shaft fur- 
nace is used, and the liquid metal chloride is re- 
moved from the bottom of the shaft. Internal elec- 
tric heating has been used to supply the extra heat 
needed in shaft-furnace chlorination. 

Drying and calcination. Quite often free water 
is evaporated and hydrates and carbonates are de- 
composed. Examples are the drying of wet sulfide 
concentrates in preparation for flash roasting, the 
decomposition of aluminum trihydrate to alumina 
to prepare feed for the electrolytic production of 
aluminum, the decomposition of dolomite (CaCOs- 
MgCCM to calcined dolomite (CaO*MgO) to pre- 
pare feed for pyrometallurgical production of mag- 
nesium metal (Pidgeon process) The principal ma- 
chines used are the rotary kiln in its many forms, 
the fluid-bed, the shaft kiln, and the rnultiple-hearth 
furnace (see Furnacf construction; Kiln). In 
all cases, drying and calcination are strongly endo- 
thermic processes so that heat must be supplied 
both to maintain the tern pet at me and to satisfy the 
heat requirements of the reaction. 

REDUCTION PROCESSES 

These processes accomplish the reduction of com- 
pounds to the metallic state and the physical sepa- 
ration of the reduced metal from residue. Pyromet- 
allurgical reduction requires the use of a reducing 
agent, a substance which will combine with the un- 
wanted element in the metal compound. If MX rep- 
resents a metal compound and Y a reducing agent, 
then the general reaction for reduction is 

MX + Y M° 4 YX 

where M° indicates a free metal. To achieve a 
spontaneous reaction from left to right, YX must 
be a more stable compound than MX under the con- 
ditions of the process. In more exact terms, the Iree- 
energy change for the reaction must be negative. 
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Table 2. Reducing agents In nonferrous pyrometallurgy 


Reducing agent 

Approx cost 

Reduc 

oxides 

ing strength forf 

Application 
to production of 

t/\\> 

{f/K-equiv* 

sulfides 

halides 

Carbon (coke) 

0.7 

0.0093 

S 

N 

N 

Zn°, Ni°, Co 0 , Sn° 

CO (from coke) 

0.3 

0.0093 

M 

N 

N 

Cui°, Sn° 

S (from MS) 

t 

i 

W 

N 

N 

Cu°, Ph°, llg° 

11. (from natural gas) 

9.0 

0.02 

M 

W 

M 

Mo°, W° 

Fe u (scrap) 

2.8 

0.17 

M 

M 

M 

Cu°, Ph°, Sh° 

Si 0 (fern silicon) 

15.0 

0.23 

S 

M 

M 

Mg° 

Al" 

26.8 

0.53 

VS 

M 

S 

Ca° 

Na° 

17.0 

0.80 

s 

S 

VS 

Ti°, Zr° 

Mg° 

35.3 

0.91 

vs 

S 

vs 

Ti°, Zr°, Iff 0 , Be 0 , 11° 


* This gives a moie valid eompaiison of the relative cost of different reducing agents, 
t VS, very strong; S, strong; M, moderately strong; W, weak; N, little or none. 

X The value of S in a sulfide concentrate is uncertain hut very small. 


This condition may he obtained by suitable choice 
of Y, by adjustment of the concentrations of the 
reactants and products, and by the choice of tem- 
perature and pressure for the process. 

Other considerations in the selection of a reduc- 
ing agent are that (1) it should he inexpensive 
with respect to the value of the metal reduced, and 
(2) the product YX should he in a form which can 
he readilv separated from the metal. M". The com- 
mon reducing agents of pyrometallurgy are listed 
in Table 2, with their approximate costs and the 
types of reduction for which they are suitable 



Fig. 3. Cross section of lead blast furnace. (From 
R. E. Kirk and 0. E. Othmer, eds Encyc/opedia of 
Chemical Technology, Interscience, 1947—1956) 


Reduction processes are best characterized by the 
physical form of the metal resulting — gaseous, 
liquid, or solid. 

Reduction to gaseous metal. Only the volatile 
metals, zinc, Zn; cadmium, Cd; mercury, Ilg, 
alkali, and alkaline-earth metals may be processed 
in this way. Industrial practice exists for produc- 
tion of Zn°, Hg°, Mg° (magnesium), and Ca° 
(calcium). The principal advantage of this method 
lies in the simplicity and completeness of the sepa- 
ration of reduced metal from residue — the gaseous 
metal can he condensed to liquid or solid in a 
condenser physically separated from the reactfnts 
and residue. 

Zinc (boiling point 906°C) is produced by re 
duction of zinc oxide, ZnO, with carbon. The reac- 
tion ^ 

ZnO ( 5 ) + C(.s) = Zn ( g ) 4 CO ( g ) 

is carried out at 1 200-1 300 °C in retorts, from 
which air is excluded. The Belgian retort is still 
widely used, though it is a small hatch process 
which produces only 40-60 lb of zinc per da\ per 
retort. The retorts and condensers ate made fiom 
fire clay. They are fixed in an almost-horizontal po- 
sition in a fuel-fired furnace which may hold sev- 
eral hundred retorts. Much hand labor is required 
for filling the retorts with reactants, removing resi 
due, and emptying condensers, though mechanical 
devices have been developed for some of these pur- 
poses. Poor condensation efficiency results from the 
difficulty of excluding air from the condenser. 

Continuous, vertical retorts have been developed. 
Some are fuel-fired; their capacity is 5 tons of 
zinc per day per retort. Others are electric-arc 
heated; their capacity is 25 tons of zinc per day 
per retort. The.se processes are generally superior 
to the Belgian retort in metallurgical efficiency and 
labor requirements per ton of zinc produced, hut 
high capital cost of the vertical retort processes 
and special economic considerations render the Bel- 
gian retort process competitive in certain localities. 

The vacuum retort process was developed b) 
L. M. Pidgeon just prior to World War II for the 






production of magnesium and calcium. It was 
widely used during the war for the production of 
magnesium Only a small production of Mg° and 
Q d by this process remained m 1958 The reac- 
tion m the case of Mg°, is 

2CaO(0 + 2MgO(s) + Fe,Si(s) 

= 2Mg(#) 4 (CaOI.SiOjfa) 4 xYe(s) 

Silicon m the relatively inexpensive form of ferro- 
^ilic on is the reducing agent The raw material is 
< ab med dolomite At 1200°C, the equilibrium pres 
cure of Mg(#) in this reaction is only 34 mm Hg 
>or this reason, and also to permit condensation of 
rnisHve solid Mg° m the condenser the reaction 
iv ( lined out in a high vac uum 
Retorts must be capable of withstanding an at 
mosphere of pressure different e at 1200°C and are 
m ide from special Ci Ni Fe alloys like the Bel 
nn retort they are small ( 10 in inside diameter 
hv 10 ft length) are placed horizontally in a fur 
m« e containing many ietoits and aie operated on 
i batch basis The condenser consists of a reinova 
hie sleeve that fits into the cool end of the retort 
whuh piotrudes from the furnace The disadvan 
l iges of the proc ess aie the high cost of ferrosilic on 
and maintenince of retoits The advantages are a 


converter stag launder 


back 
end 
of furnac 
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much simplified process and puier product com- 
pared with the Dow sea- water process (see Mag- 
nfsium) 

Reduction to liquid metal. This is the most com- 
mon form of metal reduction process, and it is 
used for the mvolatile metals of moderate melting 
point Cu°, Pb°, Sn°, Ni°, %°, Ag°, Co 0 , Be 0 , 
Bi° and U° If the metal alone is liquefied some 
separation of metal from solid residue is possible 
by liquation the diainmg of liquid metal away 
from the reaction mass It is more common to add 
substances (fluxes) which form a second liquid 
phase (slag) with the residue, thus permitting a 
moie complete and simplified separation of the 
liquid metal The common furnaces for produc 
lion of liquid metal are the blast furnace (shaft 
furnace) leverberatory furnace and electric an 
furnace 

The c ross section of a lead blast furnace is shown 
in Tig 1 It consists of a shaft of rectangular c ross 
section 20 28 ft high, 15 22 ft Jong, and tapering 
m width from 6 10 ft at the top to 4 5 ft at the 
bottom The feed added intermittently at the top 
of the shaft, consists principally of sinter cake 
(roasted and sintered lead cone entrates plus fluxes) 
and lump coke \ir is blown into the furnace 


c ■ -..L £ 
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through water-cooled nozzles (tuyeres) located 
along each side of the furnace near the bottom. The 
coke burns near the tuyeres producing both heat 
and CO, the reducing agent. 

C + ViO z - CO AH = -26,400 cal/mole 

where A H is the heat of reaction The hot gases 
rise through the lump charge causing reduction of 
lead oxide 

PbO + CO = Pb + C0 2 

and transfer of heat to the solids. The molten lead 
(melting point 327°C) trickles down through the 
charge and enters the crucible below the tuyeres. 
The slag (principal constituents FeO, SiOj, and 
CaO) does not liquefy until it reaches the zone neai 
the tuyeres, where the temperature is highest. The 
liquid slag (density 3.5-4.0 g/rrn*) floats on top of 
the lead (density 11 g/ern*) and is removed peri- 
odically through a tap hole in the furnace wall. 
The molten lead (bullion) is removed by overflow 
through the lead well. Lead blast furnaces have ca- 
pacities of 100 400 tons of lead per day. Blast fur- 
naces for smelting of copper and tin are different 
in detail, but similar in piinciple to the lead blast 
furnace. 

The reverberatory furnace (see Fig 4) may be 
used for metal reduction when solid coke or coal is 



Fig. 5. Reaction vessel for production of titanium 
being lowered into furnace. ( Titanium Metals Corp. of 
America) 


the reducing agent. Heat is supplied by burning of 
fuel (gas, oil, or powdered coal) in the space be- 
tween the charge and the roof. Heat is transferred 
to the charge by direct radiation from the flame and 
by reflection from the arched refractory roof. 

Fine-particle feed may be used in the reverbeia- 
tory furnace since the gas velocities are relatively 
low. The reducing agent (usually coke) is mixed 
with the feed and added through ports in the side 
or top of the furnace. Slag and metal are removed 
through tap holes located at appropriate levels m 
the side of the furnace. The furnace may be used 
either as a batch or continuous process. Sizes range 
from small furnaces holding one ton of metal to 
large ones holding several hundred tons. 

In the electric-arc furnace the electric arc re 
places the burning of fuel as a sourt e of heat. It 
is a more veisatile furnace tfc^an the reverberatory, 
since the furnace atmosphere may be made ei- 
ther reducing or oxidizing in nature. The reveibera- 
tory atmosphere must be somewhat oxidizing in or- 
der to burn the fuel. 

Reduction to solid metal. This process is em 
ployed when the melting point (mp) of the metal 
is unusuallv high (W°, mp 3400°C; Mo°, mp 
2620° C) or when refractories to hold the liquid 
metal cannot be found (Ti°, Zr°). Compaied with 
other red in t ion pioeesses it is expensive, cumhir 
some, and usuallv a batth process The piodiu 
tion of titanium bv the Kroll process illustrates the 
problems involved. # 

No refructorv is known which will contain liquid 
titanium without reading with the metal and ren 
deling it impure,; hence the metal must be prodiu ed 
as a solid at lower temperatures. In the Kroll prcx 
ess a steel reaction vessel (Fig. 5) is partly filled 
with ingots of magnesium and then sealed with a 
gaslight covei. The vessel is flushed with pure ar 
gon or helium because titanium reacts with, and i<- 
rendered impure by, all the common gases: Nj. 0_ 
CO, COj. The vessel is then heated to about 7 r >0°( 
in a furnace When the magnesium has melted, pure 
liquid TiCli is fed slowly to the vessel through a 
tube passing through the cover. The reduction rea( 
tion, which generates much heat, is 

TiCl.(g) +2Mg(/) = Ti°(s) +2MgCl 2 (/) 

where (/) designates the liquid phase. 

When the magnesium has been consumed, mudi 
of the liquid MgCL> is drained through a tap hole m 
the bottom of the vessel, which is then cooled to 
room temperature. The cover is opened and the re 
action mass, interlocked crystals of Ti° plus MgCL 
and some Mg°, is removed by a boring machine. The 
MgCL and Mg° are then separated from the tita 
nium by vacuum distillation or by leaching with 
dilute acid. About 1500-3000 lb of titanium i9 P** 0 ' 
duced in one batch by this process. 

REFINING PROCESSES 

By these processes impurities are removed from 
crude metal to yield a product meeting market 
specifications. Refining processes may be charar- 


terized by the kind of separation employed— gas 
from liquid or solid (volatilization), solid from liq- 
uid (dressing, precipitation), or one liquid from a 
second immiscible liquid (slag-refining). 

Volatilization processes. Either the impurity or 
the base metal may be removed as a gas. Crude 
zinc (containing small amounts of Fe and Pb) is 
refined by fractional distillation, where the more 
volatile base metal (zinc) is distilled away from a 
residue of lead and iron. Crude lead (containing a 
mnall amount of zinc) is refined by batch, vacuum 
distillation, where only the impurity (zinc) is vola- 
tilized .See Distillaiion. 

The iodide process (or van Arkel-de Boer proc- 
is a volatilization process applicable to the 
imolfitile metals. As adapted to titanium, iodine 
vapor is passed in contact with the crude solid 
metal at low temperature (175°C), and the titanium 
reacts to form gaseous Tilj. 

Ti°(s) + 2h(*) ,75 °i. ™ 4 (s) 

Most impurities remain as a solid residue. The Till 
vapor is transported to an electrically heated wire 
1 1 100 1400° C) where the compound is decomposed 
to pure solid Ti°. The iodine gas is regenerated and 
reused in a cyclic process. 

i )(U)Or 

Tih(g) - > Ti°(s) f 2T 2 (g) 

Ibis piocess has been widely used for preparing 
highly purified Ti°, /r°. Hf°, Si°, and othei metals 

Drossing. This process depends on the change of 
solubility of an impurity in the liquid base metal 
is the temperature is changed. When, on cooling a 
(rude liquid metal, the impurity precipitates as a 
solid, the precipitated solid may be removed from 
the liquid by scraping it off the surface of the liq- 
uid (drossmg) if the solid is lighter than the liq- 
uid or by filtration. Iron is removed as a solid from 

< rude tin, and copper is removed as a solid from 
( rude lead in this manner. 

Refining by precipitation is similar to drossing 
tN<ept that a precipitating agent is added to the 
‘ rude liquid metal to precipitate the impurity as a 
M>lid compound. Sulfur mav be added to liquid lead 
t<> precipitate solid copper sulfide. A very impor- 
tant application of precipitation is the Parkes pror- 
* s s in which zinc is added to crude liquid lead to 
precipitate solid intermetallio compounds of zinc 
w, th gold and silver. By this means the small but 
valuable amounts of silver and gold found in most 

< rude lead can be concentrated and recovered prof- 
itably 

Slag-refining. In this process, crude liquid metal 
ls heated in contact with a second immiscible liquid 

< lag or molten salt) and the impurities are ab- 
sorbed into the second liquid. Success of the proc- 
ess depends on the selective oxidation of impuri- 

an d the solution of the oxidized impurities in 
the slag or molten salt. For this reason, the process 
is useful only for removing impurities which are 
more easily oxidized than the base metal. As an 
example, in the slag-refining of copper, air is blown 


Pyrometer 1 25 

into the crude liquid copper, and a slag composed 
mainly of Cu-zO is formed. This slag absorbs many 
impurities from the metal (oxides of Fe, Pb, Zn, 
Sn, As, and Sb). Impurities which are less easily 
oxidized than the copper (gold, silver) are not re- 
moved. Slag-refining is usually conducted in rever- 
beratory furnaces, [t is used in the refining of cop- 
per, lead, silver, and other metals. See Metal- 
lurgy; Unit operations. [h.h.k.] 

Bibliography'. J. L. Bray, Non-ferrous Produc- 
tion Metallurgy , 2d ed., 1947; C. R. Hayward, An 
Outline of Metallurgical Practice , 3d ed., 1952; 
D. M. Liddell (ed.). Handbook of Non-ferrous Met- 
allurgy , 2d ed., 2 vols., 1945. 

Pyrometer 

A temperature-measuring device, commonly applied 
to instruments that measure high temperatures. Ac- 
tually, some pyrometers are used in the same tem- 
perature range as thermometers, but others are 
suitable only for higher temperatures. This artic le 
discusses radiation and optical pyrometers used in 
radiation pyrometry. For other temperature-meas- 
uring devices see Thfrmo< oi pi f ; Thf.rmomftfr. 

Radiation pyrometry is the measurement of the 
temperature of an object by measuring some char- 
ac teristi( of the energ\ it radiates. All objects radi- 
ate energy but the total radiation, the radiation at 
every wavelength, and the location of the radiant- 
energy maximum vary with the temperature of the 
body The radiation also varies with the size of the 
object and the character of its surface. A black 
body, by definition, reflects zero radiant energy and 
emits the maximum energy at any given tempera- 
ture The black body is an idealized physical con- 
cept approached closely only by certain geometric 
arrangements incorporating multiple reflections 
from highly absorptive surfaces. However, it is use- 
ful for theoretical and comparative purposes. The 
emLsivity of a body is the ratio of its actual radi- 
ant energy to what it would be if it were truly 
black. 

Radiation received from a body varies as the dif- 
ference between the fourth power of its absolute 
temperature and the fourth power of the absolute 
temperature of the body receiving the radiant en- 
ergy Radiation pyrometers intercept and measure 
a small but fixed portion of the radiation from an 
object to determine its temperature (Fig. 1 ). 

Radiation pyrometers. These are designed to 
pick up a broad spectrum of the radiant energy and 
concentrate it on a highly responsive thermal ele- 



Fig. 1. Elementary radiation pyrometer. ( From 0. M. 
Co nsidine, ed., Process Instruments and Controls Hand- 
book, McGraw-Hill, 1957 ) 
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Fig. 2 Radiation pyrometer. ( Brown Instruments Div., 
Minneapohs-Honeywell Regulator Co.) 


ment. The range of the instrument detei mines the 
lens material in the optical system Calcium fluo- 
ride is used up to 1200 ^F, fused silica at 1000 
2300°F, and Pwex glass above 1500° F. Olliei ma- 
terials are available. The theimal element also 
varies with the lange and service and ma> be a 
photocell, thermopile, thermistor, thermocouple, 
resistance thermometer, or bolometer. Since the 
thermal element measures a dynamic condition 
above ambient temperature within the pyiometei. 
and since this tempeiature is changed with the ah 
sorption of energy bv the element, the accuracy 
and speed of response of the pvrometei varies 
gieatlv with the element used and its associated 
compensating cireuitiv The electrical tneasuiing 
swem is usually a modified potentiometer (voltage 
measurement) or a modified Wheatstone bridge 
( resistance measuiement ) . 

The high-lemperatuie pyrometer (Fig. 2), with 
various lenses, is useful for temperatine ranges 
above 400 J F Since the energy received by any 
pyrometer falls lapidly at the low end of the range, 
the scale is congested in this area, and it is good 
practice to select an instrument so that the meas- 
ured temperatures will be above the center of the* 
range The low-temperature pyrometer (Fig 1) is 
used for target lemperatures between 125 and 
70() f F. Because of the extremely low level of the 
radiant eneigy, it incorpeuates a pvrometei -hous- 


resistonce 



Fig. 3. Low-temperature radiation pyrometer. (Brown 
Instruments Div., Minneapohs-Honeywell Regulator Co.) 


ing heater to minimize housing temperature varia- 
tions. 

Radiation pyrometers are particularly useful for 
(1) temperatures above the practical operating 
ranges of thermocouples, (2) environments which 
contaminate and limit the life of thermocouples. 
(3) moving targets, (4) taigets not easily accessi- 
ble, (5) targets which would be damaged by con- 
tact or insertion, and (6) average temperatures of 
large surface areas. 

The accuracy of a pyrometer depends upon its 
range, its calibration, and its use. There are man\ 
unique sources of error, including ambient temper 
atures, nonblack-body radiation, radiation absoip 
tion b\ intervening media (see Fig. 4), and reflec- 
tions. Nevertheless, the radiation pyrometer is d 
most useful device, because it always indicates tcni- 



wavelength, /i 


Fig. 4. Gas radiation versus optical material trans- 
mission. ( From D. M. Considme, ed., Process Instru 
ments and Controls Handbook, McGraw-Hill, 1957) 

perature variations, and at high temperatures it b 
extremely sensitive. Acceptable accuracies can be 
obtained by periodic calibration against other 
standards. 

Optical pyrometer. This instrument, shown in 
Fig. 5, measures the intensity of a narrow band of 
radiant energy in the visible spectrum. The tem* 
perature of the target is determined by an optical 
comparison of the relative brightness of the target 
with a source of known brightness, such as a tung- 
sten filament. The instrument incorporates a red- 
glass color filter so that the brightness comparison 
is made with wavelengths in the neighborhood of 
0.65 micron. In some designs, the brightness of the 
standard is varied to match the image of the target 
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Fig 5 Optical pyrometer ( Leeds and Northrup Co ) 


|>\ adjusting its heating current in others the 
Imghtntss of the image of the taiget is varied with 
i m n en to match that of the filament Sometimes 
several ranges are ivailahle in one instrument by 
u^nig hot li methods of matching The scieen oi the 
nit in measuring the heating ciment is directly 
( 1 1 1 1 >i ilcd in tempeiatute units The melting tern 
pn itntc s of gold (Htt K) palladium ( 182 S°K) 
tnd plitmum (2012 K) and the tempeiatute of 
flic i irbon aic (about t 820 °K ) aic in d foi stand 
nils Highei trmjic latuif < alibi at inns aie possible 
with ahsoihmg glass sc teens Normal useful tein 
pe i it me Tanges In between 1100 and ^ 200 °^ but 
the special techniques can extend the range to 10 , 

000 I 

I lie Optical pviomete. is subject to enois due to 
n flections ahsoihing media in t he optic al path 
f,_is glass or dirt) and nonhlac k hodv tfTeets 
Willi care a well designed instrument is it ported 
lopioduce an accinaiv ol drO F at 2000 T Opti- 
( il jiNiome te is aie tempe lature indie atois and c an 
not h id ll \ he used lor let ending or control 

Bolometer. The bolometei is a Wheatstone 
budge tin fom aims of which are thin grids of 
plitmum toil I he bridge is use ful as a differential 
temperature de\ne in radiation pvrometiv Two 

» p posit e ) arms are subjected to tin radiant en 
<r^\ and the othei two aie shielded fiom it See 
ffmoiviMin s( ( also Ifmnrmirf m i asi nr m t n i 

|rfcl ] 

Bibliography I) M Considine (ed ) Protess 
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Pyrometric cone 

^nr of a numbered series of ceramic compositions 
formed into triangular pyramids of height about 4 
limes the base and designed so that each will sol 
ten dn cl bend under its own weight after a certain 
heat treatment 

The tones are used to indicate when ceramic 
Wdrr has been adequately fired, to check on tem- 
P^Mtuie uniformity m a kiln, and to determine the 
P'rometric tone equivalent of refra* tones See R F- 
TORY 

Cones are numbered from 022, 021, 020, the most 
easily fused, through 02, 01, 1, 2, to 42, the most re- 
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fractory (Zero in the lower melting cones may he 
considered a minus sign ) Where the end points of 
the tone series designed by Fdwatd Orton, Ir were 
too close together some have been omitted (for ex 
ample 21 22 24 2^) and wheie they were too 
widely spaced extra cones ( il 1 .*, J2 1 **) have been 
added 

A cone is said to have readied its end point 
when its tip is bent to the level of the base, tor a 
constant rate of tempeiature rise this occurs at a 
definite te inperatuie Howevei the end point in 
Hn ate s a heat treatment defending on both time 
and temperature the higher the rate of heating 
the higher the equivalent temjierature of a given 
e one lor exainjde eone 022 is equivalent to 58S°C 
( 1 OK'S 0 F ) when heated at 60°( (108^F) per houi 
and equivalent to 600 ( (11 12 F ) when heated 

lit l'iO ( (270 1 ) pet hour 

Freqier firing ol ceramic inatenals also requnes 
a ccitmi heat treatment therefoie the end point 
of a given cone can he used to speufv the firing if 
a ctramic ware (foi example “fued to cone 12”), 
vaiiotis time temjierature schedules can be used to 
teach this point but tin ware will be coirqctlv 
hied ( ones art most useful loi firing ware made of 
mate rials similat to those in the cones (clav feld 
s|iar quart/) m other woids the classical clay 
pmduets I ui i adic all v diffeient materials such as 
the magnetic ceramic ferrites cones are less useful 
as indie ators of matmity 



Fig 1 Pyrometric cones before firing, showing two 
methods of setting m the cone plaque ( Edward Orton 
Jr Ceramic Foundation) 


) 



Fig 2 Pyrometric cones after heat treatment These 
cones have been fired to cone 4 ( Edward Orton Jr . 
Ceramic Foundation ) 
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Cones are designed with end points roughly 20 °C 
(36°F) apart; thus, cones set in different parts of 
a kiln are a good check on temperature uniformity. 
Even in automatically controlled kilns it is common 
practice to use cones as a means of checking the 
firing. 

Care should be exercised in using cones, since 
they are affected by factors other than time and 
temperature, such as the composition of the furnace 
atmosphere. See Ceramic technology; Kiln; Sin- 
tering. [M.f.M.J 

Bibliography : Edward Orton Jr. Ceramic Foun- 
dation, The Properties and Uses of Pyrometric 
Cones , 1951. 

Pyromorphite 

A mineral series in the apatite group, or in the 
larger grouping of phosphate, arsenate, and vana- 
date-type minerals (.sec Apatite). In this series 
lead (Pb) substitutes for calcium (Ca) of the apa- 
tite formula Ca-s(POi) i(F,OH,Cl), and little fluo- 
rine (F) or hydroxide (OH) is present. Substitu- 
tion between phosphorus, P, and arsenic. As, gives 
rise to a complete mineral series with pyromor- 
phite, Pbr,(P0 4 )sCl. and mimetite, Pb* (As0 4 ) Cl, 
as pure end-members. Substitution between As and 
vanadium, V, produces another series between 
mimetite and vanadinite. Pbs ( VO t ) { C1. 

Pyromorphite generally is a chloride-phosphate- 
arsenate of lead, Pbr.fPOi.AsCM <C1. The half of 
the series in which P > As is called pyromorphite; 
the remainder of the series with As > P is termed 
mimetite. Vanadinite is a chloride-vanadate of lead. 
P and As may replace V in amounts up to P:V = 

1 :4.7 and As:V = 1:1. 

The pyromorphite series crystallizes in the hex- 
agonal system. Crystals are prismatic; pyramidal 
faces may be present. Other forms are granular, 
globular, botryoidal. Pyromorphite colors range 
through green, yellow, brown; vanadinite occurs in 
shades of yellow, brown, red. 

Pyromorphites are widely distributed as second- 
ary minerals in oxidized lead deposits. Pyromor- 
phite is a minor ore of lead; vanadinite is a source 
of vanadium and minor ore of lead. See Lead; 
Vanadium. [w.r.lo.] 

Pyrotechnics 

Although pyrotechnics, or fireworks, were proba- 
bly known in the Orient at an earlier date, they 
originated for the western world with the Greek 
fire of Byzantium in the seventh century a.d. At 
that time, someone discovered the marvelous effect 
of saltpeter (KNO,0 on a fire, and so launched the 
developments that centuries later led to guns and 
modern warfare. Fireworks immediately became 
the fascinating playthings they are today, and mag- 
nificent displays highlighted feasts and celebra- 
tions. 

The ingredients of fireworks are basically the fa- 
miliar incendiary components. Chlorates and ni- 
trates are the oxidizers, and sulfur, charcoal, anti- 
mony sulfide, and sometimes powdered metals are 
the fuels. Colors are produced by the metals present 


in the salts: sodium gives yellow; calcium, brick- 
red; strontium, scarlet; barium, green; and copper, 
blue-green. Iron filings and aluminum powder give 
sparks and brilliant effusions. The compounding 
and blending of these materials, the combining of 
colors and effects, and the patterning of these in 
time and space require great skill. Secrets were 
handed from father to son, and every famous pyro- 
technist had his specialty. The Ruggieri family of 
Italy staged displays before many royal personages, 
and their fame spanned more than a century. 

Law in many states requires that trains and 
trucks stopped on the road at night should burn 
a warning flare. Such flares are usually made with 
strontium nitrate to impart a brilliant scarlet hue 
and employ a slow-burning fuel of wax and saw- 
dust. 

Colored smokes are used tor military signaling 
and for daylight displays. They incorporate a va- 
riety of vaporizable organic dyes in the usual pyro- 
technic compositions. See Fuse, explosive; In- 
cendiary; Smoke. Lw.e.g.J 

Bibliography : T. L. Davis, Chemistry of Powder 
and Explosives, 1943. 

Pyrotheria 

An extinct order of primitive, mastodonlike, her- 
bivorous, hoofed mammals restricted to the Eocene 
and Oiigocene deposits of South America. There 
is only one family (Pyrotheriidae) in the order 
and four genera ( Pyrotherium , Propyrotheritm, 
Carlozitteluu and Griphodon) in the family. 



Skull and jaw of Pyrotherium sorondi, an early Oligo- 
cene pyrothere from South America. ( After F. Loomis, 
1914) 


The characters of this group superficially resem- 
bling those in early proboscideans are nasal open- 
ings over orbits indicating the presence of a trunk, 
strong neck musculature, and six upper and four 
lower bilophodont cheek teeth. They also had four 
upper and two lower chisel-like incisor tusks. Pyr°* 
theres are distantly related to the members of the 
superorder Paenungulata, including Proboscides, 
Xenungulata, and others. See Proboscida; Xen* 
UNGULATA. 



Pyroxene 


pyroxene 

\ large group of common rock-forming inosilicate 
(metasilicatc) minerals (see Silicate minerals). 
The extensive solid solution permitted between a 
variety of end members results in a complex com- 
position for most of the pyroxenes. The commonly 
recognized end members are listed below. 

Orthorhombic pyroxenes 
Enstatite MgSiO ;t 

Orthoferrosilite FeSiOa 

Monoclinic pyroxenes 
Diopside CaMg(SiO.*)i» 

Hedenbergite CaFe ( SiO $ ) 2 

Johannscnite CaMn(SiO :<)2 

Jadeite Na A1 ( SiO* ) 2 

Acmite NaFe f Si CL ) > 

Spodumene LiAl ( SiO.< ) 2 

Compositional relationships. Solid solution be- 
tween enstatite and orthoferrosilite and between 
rlinoenstatite and clinoferrosilite is possible up to 
about 90 mole % of the iron end member. Pure 
orthoferrosilite and clinoferrosilite are unknown; 
llirir compositions are represented by iron olivine 
(favalite) and silica. The intermediate composi- 
tions of the enstatite series are commonly called 
hvpersthene, and the more iron-rich compositions, 
bronzife. Solid solution between the various cal- 
cium pyroxenes seems to be complete. There is a 
limited solid solution permitted between the cal- 
cium pyroxene series and the clinoenstatite series. 
These minerals are generally referred to as augite. 
There is a partial solid solution permitted between 
the clinoenstatite series and calcium pyroxene se- 
ries; these are called pigeonite. In addition, augite 
and pigeonite ordinarily have aluminum substitut- 
ing for both the silicon and iron-magnesium atoms. 
Consequently two monoclinic pyroxenes can co- 
exist in equilibrium in the mineral assemblage. 
Solid solution between diopside and johannsenite 
is called schefferite. zinc-bearing schefferite is 
known as jeffersonite, and solid solution between 
acmite and the calcium pyroxenes is known as 
aegerinaugite. Little is known regarding the extent 
of solid solution between acmite and jadeite. be- 
tween jadeite and the other pyroxenes and between 
‘‘podumene and the other pyroxenes. See Augite; 

Enstatite; Jadeite; Pigeonite. 

Phase relations. The phase relationships be- 
tween enstatite and clinoenstatite are complicated. 
It was formerly held that clinoenstatite represented 
the high-temperature modification of enstatite and 
inverted to enstatite on cooling. It is now known 
that the true high-temperature form of enstatite is 
also orthorhombic and is called protoenstatite, 
^hich upon cooling inverts to enstatite but on rapid 
cooling inverts to clinoenstatite as a metastable 
form. However, if sufficient calcium is present, cli- 
noenstatite is apparently a stable form. The effect 
°f iron on the system is unknown as yet. The 
amount of calcium pyroxene permitted in solid so- 
lution with the enstatite series increases with in- 


creasing temperature. Therefore, with decreasing 
temperature, the calcium pyroxene becomes un- 
stable and exsolves from the mineral along certain 
crystallographic directions in the form of .thin 
plates — a very common feature in the enstatite 
series of minerals. Exsolution of the enstatite- 
orthoferrosilite group from the calcium pyroxenes 
with decreasing temperatures is often absent in the 
mineral, indicating either greater relative stability 
of the solid solution or greater difficulty in the ex- 
solution process. 

Physical properties. Microscopic work and often 
chemical analysis are needed to determine the chem- 
ical composition, although a few of the physical 
features suggest the dominance of certain end 
members for certain compositions. The pyroxenes 
are characterized by two direction* of well-devel- 
oped prismatic cleavages intersecting at approxi- 
mately 87°. which distinguishes them from the 
related and similar-appearing amphiboles (see 
Am phi role ) . The iron-free pyroxenes are usually 
light in color (whitish gray or light green) with 
the color darkening to dark greens, browns, and 
blacks with increasing iron content. The sodium 
pyroxenes are usually needlelike in crystal form 
whereas the other pyroxenes tend to be short 
stubby crystals. The enstatite series have a wood- 
like appearance and often a subrnetallic bronze 
luster, probably the result of exsolutions and in- 
clusions, which seems to he absent from the cal- 
cium pyroxenes. Spodumene is most easily identi- 
fied by its manner of occurrence and seems to be 
restricted to lithium-rich pegmatites. Spodumene 
is generally white although an emerald green vari- 
ety (hiddenite) and a lilac variety (kunzite) are 
found. See Spodumene. 

Occurrence. The pyroxenes as a group are stable 
over a wide range of temperatures and occur as 
major and minor constituents in many volcanic, 
igneous, and metamorphic rocks. Pyroxenes are 
maior constituents in basalts, gabbros, norites, py- 
roxenites and many basic dikes. Diopside can be a 
common constituent in all but the lowest grade of 
metamorphic rocks. The orthorhombic pyroxenes 
in metamorphic rocks are found for the most part 
in the highest grade of metamorphism (granulite 
facie*). An aluminous diopside called omphacite 
is a characteristic mineral in the eclogite facies of 
metamorphisin. Pyroxenes are found as gangue 
minerals in certain ore deposits and occur in many 
slags and meteorites. Acmite and jadeite are asso- 
ciated with sodium-rich rocks. In addition, jadeite 
is thought to represent the high-pressure transfor- 
mation of nephaline and albite 

NaAlSiOj 4- NaAlSL0 8 2NaAl(Si0 3 ) 2 
or NaAlSisOg — » NaAl(Si 03)2 4* Si02’ 

See Diopside; Orthorhombic pyroxene. 

Crystal Structure. The compositional relation- 
ships of the pyroxenes are best explained from the 
point of view of their crystal structure. The tetra- 
hedral grouping of four oxygen atoms about a cen- 
tral 4-valent silicon atom to form the SiO.* 4 ” anion 
results in an excess negative charge for the group. 
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This negative charge ran lie decreased bv the shar- 
ing of oxvgen atoms between neighboring S 1 O 4 
tetrahedra. The pyroxenes are characletizcd bv the 
SiOi tetrahedra sharing two oxvgen atoms with 
two neighboring tetrahedra. which results in end- 
less polymerized chains of the effective composi- 
tion. ^iOr . 

The remaining charges are satisfied bv the 1-, 2- 
and 3-valent metal atoms. Thus, the crystal is 
formed bv the bonding of the sili< ate chains to par- 
allel silicate chains bv these metal atoms. Na and 
Ca occupy equivalent sites in the mineral and can 
substitute for each other; Mg, Fe'\ Fe u and A I 
occupy equivalent sites and substitute for each 
othei ; and up to 12 r ^ of the Si atoms can he re- 
placed by Al. 

In nature, the pyroxenes often are altered, with 
amphibole. chlorite, serpentine, and talc as the 
more common alteiation products. The transfor- 
mation of p>roxenc to hornblende is sometimes ex- 
tensive and has been referred to as the utilization 
process, the alteration pinduct being called uralite. 
See Silicate i»hasl eqijii ibria ; Soi id-s jam < hf m- 
istry. f c.w.d ] 

Pyroxenite 

A heavy, dark-colored, phaneritic (visibly (ivstal- 
line) igneous rock composed largely of pyioxene 
with smaller amounts of olivine or hotnblende. 

Pyroxenite composed largely of orthopvioxene 
occurs with anorthosite and peiidotite in large, 
handed gahhro bodies These locks aie formed by 
crystallization of gahhiou magma (rock melt). 
Some of these pyroxenite masses are rich sources 
of chiornium. Certain pyioxenites composed largely 
of clinopy roxene are also of magmatic origin, hut 
many probably represent products of reaction be- 
tween magma and limestone Othei pyroxene-rich 
rocks have foimed through the processes of meta- 
morphism and metasomatism. .See Gabbro; Icni*- 
oi s rocks; PiRmoTiir; Pyroxhni [< \.c a.] 

Pyrrhotite 

An iron sulfide mineral < 1 vstalli/ing in the hexag- 
onal system Pvrrhotile crystals aie rare hut when 
found they arc tabular parallel to the base. Tt is 
usually massive with a metallic luster and brown- 
ish-bron/e color. The hardness is 1 (Mohs scale) 
and the' spec ific giavitv 1 6 Pvrrliotite is one of the 
few minerals that are magnetic; that is, it will l>e 
attracted to the ordinary magnet, hence the name 
magnetic fry rites. 

The chemical composition of pvnhotite is writ- 
ten Fci ,S wdth x between 0 and 0.2. The mineral 
troilite is FeS but other vaiietics have a deficiency 
of iron; that is, the ratio of iron to sulfur is less 
than 1:1. The more iron the less magnetic is the 
mineral; troilite is nonmagnetic. 

Pyrrhotite is a common minor constituent of 
many igneous rocks. In some basic igneous rocks 
associated with ehalcopvrite and pentlandite, it is 
found in large masses which may have been segre- 
gated by magmatic differentiation. Pyrrhotite is 
also found in veins, contact metamorphie deposits. 


and pegmatites. It is found in large quantities in 
Finland, Norway, Sweden, and Russia. The most 
noted occurrence is at Sudbury, Ontario, Canada, 
wheie it is mined on a large scale for the associated 
pentlandite (Fe,Ni)ijSs, chalcopyrite. CuFeS- 2 , and 
other nickel and copper minerals. See Plntlam). 
ITE • PyRIIL. I L.S.HL J 

Pyrrole 

One of a group of organic compounds containing a 
doubly-unsaturated five-membered ring in which 
nitrogen occupies one of the ring positions. Pyr- 
role' (I) is a representative compound. See Hlttro- 
( yc 1 ic compounds. The pyrrole system is found m 
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the green leaf pigment, chlorophyll, in the red 
blood pigment, hemoglobin and in tin* bine dve. 
indigo (sec Inpoi 1 ; Porphyrin). Interest in these 
culotrd bodies lias been largely responsible for 
the intensive siudv of pyrioles. Tetrahydropyrrole 
or pyriolidine (II) is part ot the structures of two 
protein amino a< ids, pioline (111) and hydroxv 

O 

L N J-moii (ill) L N J-ai>c -ch, (iv) 

if I 

CJJ-, 

pioline, and of hygnne (IV), an alkaloid from 
Pei uvian coca. / 

Properties. Pynole (1) is a liquid, hp 130°C, 
1.5085 (1.50%), and density (20 l) 0 918, (0.969) 
that darkens and resinifies on standing in an. and 
that polymerizes quickly when treated with mineral 
acid. Polvalkyl pyrroles are not so sensitive and 
negatively substituted pyrroles aie even less so 
Pvt role is a planar, aromatic compound, with an 
experimental resonance energy of 22-27 keal^nolc 
Familiar substitution processes, such as halogena- 
tion. nitration, sul foliation, and acylation, can he 
realized. Substitution generally occurs more readily 
than in the corresponding benzene analog. The en- 
tering group favors the 2 or 5 position. Pyrrole, by 
virtue of its heterocyclic nitrogen, is very weaklv 
basic and is comparable in this respec 1 to urea or 
to semicarbazide. The hydrogen at the 1 position is 
removable as a proton, and accordingly, pyrrole is 
also an acid, although a weak one. 

Pyrroles are not as resistant to oxidation as the 
analogous benzene compounds. Controlled chromic 
acid oxidation converts pyrroles with or without 
groups in the o positions to the corresponding 
maleimides. Tn this way for example, ethyl-2,5- 

CO()C 2 H 6 COOCjHb 



(V) (VI) 



duiRthvlpYrrole 3-c arboxylate (V) is oxidized to a 
niidemnde* derivative ( VI ) Conditions are available 
for useful reductions of groups attached to the 
nm lcus Zm< and hvdrochlorit ac id c an reduc e the 
pvriole ring to dihydiopyrrole (pyrrohne) Ranev 
ni» kel under rigorous conditions, or platinum or 
pilladium under milder conditions, seive as rata 
in the hydrogenation of pyrroles to pyrroli 

dint s 

Preparation. The Knurr synthesis, probably the 
ino *t versatile pyrrole synthesis combines an rv 
immoketone (VII) with an o-methylene cat bony I 
compound (VIII) The condensation is tarried out 

R4 R* 

r 4 r () + (Ji. |f-j| / 

R (II NH. ( R 2 

/ R 6 H R 2 

() 

(VII) (Mil) 


t it Ik t in gl k ml acetic acid or in aqueous alkali 
(he K groups rnav he vaned widely, however best 
u suits are obtained when R of the carbon >1 rom 
|Hiiiiitl (Vlll) is an a< tivatmg group, for example, 
lihfthow Another useful general synthesis the 
Pnlhnori svnthesis conveits a 1 Iduarhonvl 
(impound (IX) 1>> cvclization with ammonia 
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(II CM H , 

i 

( ( r 2 


nh 2 


ll 

0 0 
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u 




ID 


Ri 

(X) 


Ri 

Ri 


(Hi H) or with i primary amine to a p\rrole 
(\) Pvriole itsell is obtained hv pviolvsis of am 
nioruum mucatc (saccharate) Pyrolysis of primarv 
inmif salts of mucic acid gives 1 substituted p\r 
rolf s 

Derivatives. Chloro hromo and todopx rroles 
liau l»((n piepared with hromopy rroles c ompnsing 
ila hugest group llalop\rroles cariving an ele< 
tf “negative group, such as e arbethoxv, are more 
Gallic tlian the same compounds without the group 
2 3 1 S T( traiodopvrrole, formed by lodination of 
pvrrole or of tetrac hloromerc uripy rrole is useful 
as an antiseptic in the same areas as iodoform 
Pm roles with ethvlmagnesium bromide read as at 
’•'( hvdiogen compounds to give Grignard deriva- 
lues Ethyl formate reacts with such pvrrvl Grig 
nard reagents to form pyrrole aldehydes, chloro 
lormu ester reacts to give pyrrolec ai boxy he esteis 
Pvrrole aldehydes can ako be formed by formvla 
tlon of a vacant pvrrole position with hydrocyanic 
uid and hydrogen chloride Acvlpyrroles, that is 
pvrryl ketones, are prepared satisfactorily and tin 
f l p r mild conditions by Fnedel-Crafts acylation of 
pyrrole nucleus. 

Pvrrohdjne (II), bp 87-88° C, can be prepared 
^ catalytic hydrogenation of pyrrole or by ring- 
L “sure reactions. Either 1,4-dibromobutane (XI) 
or 4 bromobutyl amine (XII) can serve as starting 
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material. 2 Ketopyrrolidine, or pyrrolidone (XIV). 

CII 2 -CH 2 NHj ch 2 -ch 2 


(H 2 (H 2 


■;h 2 cii 2 
I I H 


CH 

I 

Br 


Bi Br Br N1D 

(XI) (XII) 

is of considerable interest in connection with the 


I J^>l 1 -I 1 H( ^ ( " 

(> II 0 

(XIII) (XIV) 

u 

0 

G1I— CH 2 
(XV) 

preparation of polyvinylpyrrolidone Pyrrolidone 
which 1 an be formed from tetrahydrofuran b\ ail 
toxidation 111 the presence of a cobalt catalyst and 
tieatment of the resulting y hutvtolac tone (Xtll) 
with ammonia is combined with acet\lene to form 
vin\ l|)\i tohdone (XV l Polymerization of this ma 
tenul fm rushes polw in vlpyr rolidone a material c>f 
relatively high molecular weight which is suita 
hie for maintaining osmotic pressuie in blood and 
so acting as an extender foi plasma 01 whole blood 
See pYRiniNr [ w J or ] 

Bibliography R C Eldcrfield (ed ), Heteroty 
(Ik ( orn pounds voj 1 19S0 

Pyrrophyta 

A small ph>lum of algae c harac ten/ed by the pies 
ence of yellowish green to golden brown pJastuK, 
by the stoiage of food resc rves in the form of stare h 
or starrhlike compounds, and sometimes oils, and 
by Hie general absence of cell walls (hut if cell 
walls aie present they usually contain cellulose) 



Gontau/ax, a dinoflogeliate, with walls consisting of 
articulated plates Two flagella are attached in trans- 
verse groove, or girdle (From H. J Fuller and 
O. Ttppo, College Botany , rev ed , Holt, 19S4) 
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Most members are unicellular and biflagellate. A 
few are without flagella. The usual method of re- 
production is by cell division although some repro- 
duce by means of zoospores (swimming spores) or 
nonmotile spores, and sexual reproduction has 
been observed in a few. The taxonomy of the Pyr- 
rophyta has been much discussed and various inter- 
pretations have been proposed. According to the 
views of several modern algologists, the phylum in 
divided into two classes: the Desmophyceae (Des- 
mokontae) and the Dinophyceae. 

The Desmophyceae, consisting of 30 species, is a 
group of rare, mostly marine algae, somewhat simi- 
lar to the diatoms (see CiiRYsoptm a ; Diatom). 
Some of these, with or without cell walls, are flag- 
ellate and motile, whereas others have cell walls 
but no flagella. 

The Dinophyceae, a large group of 1000 species, 
occur in both fresh and salt water, and usually as 
components of plankton. The majority of this class 
are motile, unicellular flagellates (dinoflagellates) 
but there are also some nonflagellated genera (phy- 
todinads) including rare epiphytic and parasitic 
algae. 

One of the chief characteristics of the dinoflag- 
ellates is the presence of grooves, one of which, the 
girdle, encircles the cell transversely or spirally, 
and the other of which extends longitudinally along 
one side only. Each of these grooves contains a 
flagellum. In a few genera, the protoplasts are 
naked hut most have cellulose walls either homoge- 
neous or made up of a specific number of articulate 
plates. Many of the marine dinoflagellates are 
phosphorescent and emit enough light to be con- 
spicuous at night when the water is disturbed. One 
of these organisms (Gymnodinium) becomes so 
prevalent at times that it produces what are known 
as “red tides” which result in the destruction of 
large numbers of fish (see Paleoecoi ogy) . How- 
ever, most of the dinoflagellates, together with the 
diatoms, have a basic role in the food economy of 
organisms living in water. [ p.a.v.J 

Bibliography: See Thallopiiyta. 

Pythagorean theorem 

In any right triangle the square on the hypotenuse 
is equal to the sum of the squares on the other 
two sides: r 2 = x 1 H- y 2 . More than 100 different 
proofs have been given for this extremely impor- 
tant theorem of euclidean plane geometry, which 
bears the name of the Creek philosopher and math- 


y x x y 



D 
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Fig. 2. Three-dimensional Pythagorean theorem. 

ematician Pythagoras who lived in the sixth cen- 
tury B.f . One of these is based on a comparison of 
areas in the squares in Fig. 1. 

The 3-dimensional pythagorean theorem may be 
phrased “the square of the diagonal of a rectangu 
lar box is equal to the sum the squares of tluee 
adjacent edges that meet at a vertex: r 1 = x 1 4 

r f * J .” 

Squares that are equal to the sum of two or 
three squares were known to Pythagoras. For ex- 
ample, 3 2 + 4 2 = 5- and 1 J + 4 2 -f 8- = 9-. The 
name pythagorean triple is given to any triple (x. 
y, r) of whole numbers such that f V“ = r 2 , and 
the name pythagorean quadruple to such integral 
quadruples (r, y, z, r) for which r- -f y- + z 2 = r - 
All pythagorean triples in which r, y, r are with 
out common factor and x is odd are obtained bv 
replacing the letters a and b in the tiiple (cr — b , 
2 ah, a~ 4~ b 2 ) by whole numbers that have odd sum 
and no common factor; and similarl) all such B\ 
thagorean quadiuples are found by leplacing a, b. 
c, d in the quadruple (a- — b- -f e 2 — d 2 , lab I 
led, 2bc — lad, a 1 -f- b 1 + t 2 + d 2 ) by whole num 
hers that have odd sum and no common fat tor. Ste 
Squahl: Triangle. [j.s.iJ 

Python 

Any of several snakes of the subfamily Pythoninae. 
family Boidae. Except for one small species in 
Mexico, they are limited to the warmer portions of 
the Old World. Like the boas they have retained 
the rudiments of a pelvic girdle and the femuis. 
which are usually visible as a pair of claws neai 



The python. Python sp.; length to 32 ft. (Prom E. L. 
Palmer , Fieldbook of Natural History, McGraw-Hill, 
1949) 


the anus. Many phythons are quite large, com- 
monly 14-15 ft Jong, and one, the reticulated 
python, Python reticulatus , has been reported to 
reach lengths up to 32 ft. Among the snakes it i& 
exceeded in size only by the heavier anaconda of 
South America. See Boa; Squamata. [j.d.b.J 


Fig. 1. Pythagorean theorem. 




Q to Quinone 


Often called the quality factor of a circuit, (J is de- 
fined in various ways depending upon the particu- 
lar application. In the simple RL and RC series 
circuits, Q is the ratio of reactance to resistance; 
that is, 

(t =r \ L /R or Q = Xv /R (a numerical value) 

where Xi, is the inductive reactance, X r is the ca- 
pacitive reactance, and R is the resistance. An im- 
poitant application lies in the dissipation factor or 
loss angle when the constants of a coil or capacitor 
are measured by means of the alternating-current 
bridge. 

Q has greater practical significance with respect 
to the resonant circuit, and a basic definition is 

maximum stored energy per cycle 

yf) ~ 27T i I 

energy lost per cycle 

where Q {) means evaluation at resonance. For cer- 
tain circuits, such as cavity resonators, this is the 
<>nlv meaning (J can have. 

For the RLC series resonant circuit with reso- 
nant frequency / 0 . 

(Jo = 2 t/oL/R = 1/2tt/oCV? 

where R is the total circuit resistance, L is the in- 
ductance, and C is the capacitance. (Jo is the (J of 
the coil if it contains practically the total resist- 
ance R. The greater the value of (Jo the sharper 
k ill he the resonance peak. 

The practical case of a coil of high (Jo in parallel 
with a capacitor also leads to (Jo - lirjuL/R. R is 
the total series resistance of the loop, although the 
capacitor branch usually has negligible resistance. 
In terms of the resonance curve 

Q() - /o / (/2 “ l\ ) 

where / 0 is the frequency at resonance, and j\ and 
h are the frequencies at the half-power points. See 
Resonance (alternating-current circuits). 

[b.l.r.] 

Q fever 

An acute, febrile, infectious disease in man, char- 
ar terized by sudden onset, patchy pneumonitis, 
&Wnce of rash, and low mortality, and caused by a 
bacterialike microorganism, Coxiella burnetii. Di- 
agnosis is based on development of serum antibody, 
but the Weil-Felix test is negative. Persons han- 


dling livestock or their products (milk, meat, wool, 
and fertilizer) are predisposed to infection, espe- 
cially by inhalation, while tick transmission to man 
is rare. See Rickettsiosks. 

Coxiella burnetii , the causative agent, is world- 
wide in distribution. Unlike most other rickettsiae, 
the organism has a filterable phase, resists desicca- 
tion. and remains viable for months in soil and in 
animal and tick wastes. A primary cycle between 
certain rodents, such as bandicoots in Australia, 
and their tick parasites occurs in nature. Passage 



Coxiella burnetii, causative agent of Q fever in stained 
smear of yolk sac from infected chicken embryo. 
( Photomicrograph by N. J. Kramis) 


through the eggs in some species of ticks augments 
natural maintenance, and many species have been 
found naturally infected. Secondary cycles of ob- 
scure relationship to the primary cycle occur in 
domestic animals. Infections in these hosts are in- 
apparent and chronic; some animals shed organ- 
isms in their milk for more than one lactation. 
Placentas of domestic animals are highly infectious 
and become, on disintegration, the chief source of 
infection for man and animals. Vaccination of valu- 
able dairy herds gives some promise of reduction of 
incidence in man and domestic animals. [c.b.p.] 

Q meter 

A direct-reading instrument widely used for meas- 
uring the Q of an electric circuit at radio frequen- 
cies ( see Q). Originally designed to measure the Q 
of coils, the Q meter has been developed into a 
flexible, general-purpose instrument for determin- 
ing many other quantities such as (1) the distrib- 
uted capacity, effective inductance, and self-reso- 
nant frequency of coils; (2) the capacitance. Q or 
power factor, and self-resonant frequency of ca- 
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pacitors; (3) the effective resistance, inductance or 
capacitance, and the Q of resistors; (4) character- 
istics of intermediate- and radio-frequency trans- 
formers; and (5) the dielectric constant, dissipa- 
tion factor, and power factor of insulating ma- 
terials. 

The illustration shows in simplified form the 
measurement circuit of a Q meter. The coil L r be- 
ing measured is connected into the circuit by means 
of the external terminals HI and LO. The coil is 
brought into lesonance by tuning the calibrated 
capacitor C,. A controlled and measured input 
voltage e is introduced into the circuit by means of 
an rf oscillator. A thermocouple voltmeter measures 
the input voltage e, and a vacuum-tube voltmeter 
(VTVM) measures the voltage V across the cali- 
brated capacitor. With the circuit tuned to reso- 
nance, 


a) L x ~ 1 o)C, 


ami 

V 


[RS + («/,, - i o,r ;,) 2 | l/2 - (1 + 


2\l/2 


where Ri is the resistance of the coil. Since Q ~ 
a R 


- - (i + Q-Y ' 

e 

When Q is large the equation mav be simplified to 
this basic equation of the Q meter 



The thermocouple voltmeter and the vai uum-tuhe 
voltmeter are calibrated in such a wav that the 
product of their readings gives the Q of the coil 
diicctlv 

The many quantities enumerated above are deter- 
mined by inserting suitable circuit elements in 
series with the coil or in parallel with the capacitor 



Simplified measurement circuit of a Q meter. 


and measuring the effect on the circuit Q. Simple 
calculations based on the preceding equations are 
required to determine the desired quantity from 
the measured values of Q. See Elec thical meas- 
urements; Impedance measurements, high-hu- 

QUEN(Y. [l.F.K.] 

Bibliography: F. E. Terman and J. M. Pettit, 
tiler trorut Measiu ements, 2d ed., 1952. 

Quadrature 

The condition in which the phase angle between 
two alternating quantities is 90°. corresponding to 
one-quarter of an elec trical cycle. The elertiic and 
magnetic fields of electromagnetic radiation are in 
space quadrature, which means that they are at 
right angles in space. See Fur tromagni tic radu 

l ION. 

The current and voltage of a perfect coil are m 
quadrature because the coil < urrenl lags behind 
the coil voltage bv exactly 90°. The current and 
voltage of a perfect caparitoi are also in quadra- 
ture. but hete the current leads the voltage b\ 90 
In these last two cases the curient and voltage are 
in time quadrature. See Ai II RNAUMr-r urhi- \ i 
ciRiun rmoRY |j.mr] 

Quadric surface 

A surface defined analytical by an equation of 
the second degiee in three vaiiables. ll the-* 1 van 
aides are v, z, such an equation has the form 

• 

ax 2 I- by* -f rz* \ 2c m -f 2 fxz 

2gyz + 2pi + 2 qx •+ 2rz + d = 0 ( 1 ) 

Every plane section of such a surface is a conn 
To simplifv the notation, the corresponding capital 
letter is used to denote the cofactors of the coefii 
< mnts a , /?, r, d t e, /, />, q, r m the determinant 


A = 


a r f p 

f b (T q 

f g c r 

p q r d 


Thus D -=- ab( -f 2 efg ag’ — bf 1 — re'. By Aj, 
A.!, A i arr denoted the thiee roots of the polynomial 


<t>(\) - 



e f 

b - \ g 
g c - X 


whose product is /). 

Quadtics are classified as central if D ^ 0, and 
noncentral if D = 0; nondegenerate if A /0, and 
degenerate if A = 0. For further subclassifieation* 
it can he assumed that the coefficients in Eq. (D 
are real numbers. The roots of </>(A) will then be 
real also. 

Central quadrics. A central quadric has a center 
of symmetry at the point x = P/D , y - Q/D> 
z = R/D. Its equation is freed of linear terms by 
the translation of axes x r = x — P/D , y 7 = y 
Q/ D, z' =* z — R/D and becomes 
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ax * 4 b/ 2 + Cf 2 + 2exY + 

2/*Y 4- 2gy'z' - -A/D (2) 

By an appropriate rotation of axes this equation 
ran be reduced further to the form 

hX* + y 2 + A:,Z- = -A/D <f>( X.) = 0 

( 3 ) 

Jf A = 0, the degenerate central quadric Eq. (1) 
m called a quadric cone. Whenever the real roots 
A, of 0(A) =0 are not all of the same sign, the 
quadiic cone is real and is a surface formed of 
lines connecting the points of a real conic to a 
point outside its plane — called the vertex. If the 
roots A,, are all of the same sign, the quadric cone 
is imaginary except for a single real point, the ver- 
tex. 

If A t 4 0, the nondegenerate central quadric 
Eq ( 1 ) is a real ellipsoid, a hyperboloid of one 
u.heet, a hyperboloid of two sheets, or an imaginary 
ellipsoid according to whether three, two, one, or 
none of the A, have the same sign as — A, D. If two 
of the A, are equal, the central quadric is a sphe- 
ioid or a hyperboloid of revolution. If the three 
roots A, are equal, it is a sphere. 

Noncentral quadrics. If D = 0, the quadric 
pq (1) is noncentral, and </>(A) = 0 has a root 
A 0 A suitable rotation of axes reduces the equa- 
tion to 

Ai\’ f- A 'Y 1 4- 2/mY 4- 2/inT 4 2 /a>Z 4 - d - 0 

where A = - AjA '•/! r. A tianslation further reduces 
n\ to 0 if Ai -A- 0, fi 2 to 0 if A-j A 0. and d to 0 if 
a * 0 \ nondegenerate noncentral quadric (D = 
0 A *-0) is an elliptic paraboloid if AiAo > 0, or 
d Inpeibolic paraboloid if AiAl* 0. A degenerate 
none ential quadric i l) = A - 0) is either a quadric 
c \ lindei (if at least one of the cofactors in A is not 
0) or a pair of planes, a single plane or a line, or it 
lias no teal locus. If AiA^ > 0 and //.» = 0, the sur- 
face mav he a real elliptic evlinder, a single line, 
or an imaginary elliptic cylinder, depending on the 
^alue of d. 

If AiAj < 0 and /m = 0, the surface is a hyper- 
bolic i \linder or a pair of planes. If either Ai^m and 
aie 0. hut not both, the surface is a parabolic 
<vlinder See Cylinder; Ellipsoid and spheroid; 
Hypfrroloid; Paraboloid; Spheroid; Siriail 
solid oi revolution. f j.s.f.] 

Quadrilateral 

In ihp t-iiclidean sense, a quadrilateral is a (jeoinet- 
Il( figure bounded by 4 straight-line segments 
' sides, each of which intersects each of 2 ad- 
lar out sides in points called vertices, but fails to 
intei sect the opposite side (considered as a finite 
^gnient). The 4 vertices are connected in pairs by 
I S ides and by 2 other segments called diago- 
If the latter intersect each other, the quadri- 
aioral is a plane quadrilateral ; if not, it is a skew 
^ trilateral. A plane quadrilateral is called a 
rhombus if 4 sides are equal, or a kite if it has 



Quadrilaterals, (a) Isosceles trapezoid. ( b ) Kite, (c) Par- 
allelogram in quadrilateral. 


2 pairs of equal adjacent ‘'ides. A quadrilateral 
with 1 pair of sides parallel is a trapezoid; if the 
other pair of sides are equal, the trapezoid is called 
isosceles. A quadrilateral with 2 pairs of parallel 
sides is a parallelogram. The midpoints of the sides 
of any quadrilateial. plane or skew, are vertices of 
a parallelogram The diagonals of this parallelo- 
gram bisect each other in point called the centroid 
of the quadrilateral. .See Parallelogram; Rectan- 
gle ; Square; Trapezoid. [j.s.k] 

Quail 

An\ of a number of Aineiican birds, also called 
bob-while, of the family Phasianulae, c luiracterized 
by small, compact bodies, short tails, and terrestrial 
habits. 

In the eastern United States theie is only one 
native quail, Colin u s tirgimanu s. It is found over 
most of the United States except the Fai West and 
Northwest. The bob-white is a brown-streaked bird, 
characteristic of the forest horde*. It forms flocks 
of small to moderate *aze. rareh of moie than .HO 
birds, usually with about 12- IS individuals in a 
covey. This quail is both a \aluable game bird and a 
useful bird to the farmer, feeding primarily upon 
weed seeds and injurious insects. 



The California quail, Lephortyx californica / length to 
9i{, in. (From E. L Palmer, Fieldbook of Natural His- 
tory, McGraw-Hill, 1949) 
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The western quails are different in many respects. 
Several are characterized by a plume on the head 
and by more striking plumage generally, often 
showing black and blue colors. See Galliformf.s. 

[ J.D.B. ] 

Qualification test 

A formally defined series of tests by which the 
functional, environmental, and reliability perform- 
ance of a component or system may be evaluated in 
order to satisfy the contractor as to its satisfactory 
design and construction prior to his approval and 
acceptance. In all but the simplest of systems it is 
impossible to anticipate the wide variety of circum- 
stances under which the component and the system 
will be expected to perform satisfactorily. There- 
fore, it is essential that the contractor and the con- 
tractee for a component or system have a mutual 
understanding as to how the component or system 
must perform under specified circumstances in or- 
der to be satisfactory. See Systems engineering. 

Specific criteria are prescribed for functional 
and environmental characteristics, and reliability 
criteria are established (see Environmental 
test; Reliability of equipment). The tests are 
usually carried out under formal conditions in the 
presence of witnesses from the manufacturer and 
the customer, especially in the case of military 
equipment. Careful, formal records are kept of all 
performance data. Formal acceptance of the com- 
ponent or system by the customer is contingent 
upon the successful completion of the qualification 
tests. [k.w.m.| 

Qualitative chemical analysis 

The branch of analytical chemistry conc erned with 
finding the nature of all of the substances in a given 
material (complete analysis) or with the detection 
of the presence or absence of certain substances of 
interest. 

A distinction can be made between the prelimi- 
nary investigation, consisting of inspection and 
some simple tests, and the systematic chemical 
procedure of analysis. The preliminary investiga- 
tion, together with a careful review of the history 
of the material under investigation, may greatly 
simplify the analysis. For the systematic analysis, 
a part (sample) of the material to be investigated 
(unknown) is subjected to the necessary prelimi- 
nary treatment; then the identification or confirma- 
tory tests are applied to indicate whether or not 
certain substances are present. Since if would be 
too tedious to test individually for the presence or 
absence of every imaginable substance, classifica- 
tion (group) tests or separation procedures are ap- 
plied first. These sometimes permit the omission 
of tests for whole classes and groups of substances. 

The preliminary treatment. This may be as 
simple as grinding and dissolution, or it may in- 
clude fusion and involved procedures of separa- 
tion. .See Chromatography; Extraction; Ion 
exchange; Precipitation (chemistry); Sam- 


pling techniques; Separation (chemical and 
physical); Solubilizing of samples; Volatili- 

ZATION. 

A report on qualitative analysis must contain 
some quantitative information, that is, indications 
concerning the approximate relative amounts of 
the substances present. This may be done by indi- 
cating major constituents (majors) representing 
5-100% of the material, minor constituents (mi- 
nors), representing 0.1-5% of the material, and 
trace constituents (traces), each accounting for 
less than 0.1% of the material. A statement that a 
sample consists mostly of copper and zinc, with a 
minor amount of tin and traces of iron and sulfur 
will identify the material as a brass, whereas omis- 
sion of the quantitative information would leave a 
choice among impure samples of the five elements, 
the four possible sulfides, and all alloys containing 
some of the four metals. The quantitative informa- 
tion is gained by starting with known amounts oi 
sample, estimating the volumes of separating 
phases, evaluating the intensities of color reai 
tions, and using sensitivity data. 

Quantitative information is needed also because 
one cannot assume the absolute absence ol all the 
substances that are not reported present. Analytical 
testing cannot assure absence beyond the limita- 
tions of the most sensitive test applied. The report 
ing of traces of common substances must be sup- 
ported by the most rigorous performance of blanks 
(tests without the unknown). What constitute* a 
common material is determined to some extent !>\ 
the routine work of a laboratory, its location and 
construction, and the apparatus and chemical* 
used. Further ntffre, negative findings concerning e\ 
pected minors or traces should be proved bv con 
trols, that is, by analyses of samples to which the 
expected substance has been added. 

Selectivity and sensitivity. Most chemical test* 
result in changes affecting the transmission of 
light by the appearance or disappearance of phases 
(solids, liquids, or gases) and their boundaries, 
that is, changes from homogeneity to heterogencitv 
and vice versa, as in precipitation, dissolution, 
evolution of gas, condensation, or evaporation; or 
in distinct changes in color which affect the absorp- 
tion of light 

The practical value of a lest depends mainly 
upon its selectivity, which is determined by the num- 
ber of substances responding in a like manner. A 
test given by only a small number of substances is 
called selective. Tests, procedures, or reagents to 
which only one substance responds in a certain way 
are called specific. 

Sensitivity is the general term for the ability of 
a test, procedure, or reagent to show the presence 
of small amounts of a substance. It is described by 
stating the limiting dilution, the limit of identifi- 
cation, and the limiting proportions. 

The limiting dilution, D, is defined as the lowest 
concentration of the substance that always gives a 
positive test. In place of the limiting dilution, the 



negative logarithm, pD, is sometimes used. These 
are simpler figures that increase with sensitivity. 
The term pDa indicates the limiting dilution when 
no interfering substances are present. 

The limit of identification (LI) is the smallest 
absolute quantity (mass or volume) that always 
give^ a positive test. It is approximately related to 
the limiting dilution since the LI becomes smaller 
as the scale of a test diminishes. The limiting dilu- 
tion corresponding to pDa = 3.5 is 0.0003 g/ml, 
and the LI becomes 0.3 mg if 1 ml of solution is 
taken for the test. If the test is perfoirned with 1 
jmp of 0.03 ml volume, the LI decreases to 0.009 
mg Finally if means are found to perform the test 
with 0.0003 ml = 0.3 (i\ of solution, the LI be- 
comes 0.0001 mg = 0.1 /xg. 

The limiting proportions (IP) are the smallest 
i alios (mass of substance sought/mass of intcrfer 
ing substance present) in which the sought sub 
stamc is still detectable, provided that there is 
enough of the sought substance to equal or ex- 
ceed the limiting dilution and the limit of identi- 
fnation Both of the latter may be affected bv the 
pieseme of interfering substances, and it has been 
suggested to li«-t experimentally determined dilu- 
tion exponents pDr with the limiting proportions 
Thus for the sodium test with uranyl acetate 
pDa - 5 0, 1 *90 Nil i with pDr = 4 2. This means 
that the sodium test is still obtained if the quantity 
of ammonium ion present is 90 times that of the 
sodium ion but that the concentration sensitivity 
ui the sodium lest suffers somewhat 

\n\ companion (cosolute) will interfere if both 
il and the unknown give like or similar effects with 
♦he teagent Some companions use up the reagent 
without produc ing anv notic eable effec t , in such in 
stances rnoie reagent must be added so that some 
i s left to react with the substance sought Other 
companions unite with the sought substance and 
thus hindei its ac tion Whether or not a plausible* 
explanation for the interference is available, the 
limiting proportions are of great practical impor- 
'am e sine e thev indicate bow much of the unknown 
can be detected in the presence of given amounts 
<>1 given c osolules. 

Systematic qualitative analysis. This step is 
frequently based upon a combination of two possi- 
ble procedures; a system of classification and iden- 
tify ation tests on a large number of separate sam- 
ples and systematic separation and isolation, from 
one sample, of the substances, the nature of which 
i s finally confirmed by identification tests. 

Identification by tests with individual samples of 
the unknown without any preliminary separations 
must start with classification and group tests. These 
permit the elimination of a large number of possi- 
bilities. This still may leave a considerable num- 
ber of individual identification tests for all the sub- 
stances belonging to groups that have not been 
deluded. The procedure has the disadvantage that 
many samples of the unknown will be needed if the 
latter is a complex mixture. 
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Systematic separation is based upon the precipi- 
tation, distillation, or extraction of some of the 
substances from the sample, whereas other sub- 
stances remain in the original solution. Groups of 
substances are first isolated, then split into sub- 
groups, and finally into fractions of subgroups, 
each of which contains only one or a few sub- 
stances that may then be identified by confirmatory 
tests. The advantages of the procedure are that 
one sample suffices for the detection of most of the 
substances and that these substances are obtained 
in isolated form available for additional testing, if 
necessary. 

The sensitivity of detection is limited for each 
substance by that step in the whole procedure 
(classification or group test, method of separation 
or isolation, identification or confirmatory test) 
which has the poorest limiting proportion, limiting 
dilution, or limit of identification. For example, if 
a sample contains less than one weight of calcium 
oxide for one hundred weights of magnesium oxide, 
a precipitate of calcium oxalate fails to separate on 
adding ammonium oxalate to the alkaline test solu- 
tion. This limiting proportion of the calcium oxa- 
late test (1:100 Mg) will pi event the detection of 
an amount of calcium less than one one-hundredth 
of the magnesium present whether the reaction is 
used to test for the alkaline earth ions (Ca + \ Sr + +, 
Ba M ) or to separate them from the magnesium. 
This will he true no matter what the sensitivity of 
the confirmatory test for cab ium 

Since information on limiting proportions of 
separations and tests is still quite incomplete, the 
first qualitative analysis of a very complex mixture 
of entirely unknown character cannot discover more 
than the majors, all or most of the minors, and pos- 
sibly a few trace constituents. A repetition will be 
required, using separations and tests with more 
favorable limiting proportions to make certain of 
all of the minors and to detec t more traces. The 
search for small traces of spec ial interest, the final 
step, would have to be «*arried out with methods 
specially adapted to the material on hand. See 
Tracf anm ysis 

Methods and techniques. Depending upon the 
nature of the task, inorganic materials may be ana- 
lyzed in several ways. Blow-pipe analysis, an early 
technique wherebv an inorganic sample was added 
to a bead of low-melting material such as borax 
and the resulting color of the bead noted after re- 
moval of the bead from a flame, has been largely 
discarded. See Chfmical microscopy; Flame 
photometry; Magnetic resonance; Spectro- 
chemical analysis; Speci rophotometric analy- 
sis; Spot-test analysis; X-ray diffraction; 
X-ray fluorescence analysis. 

9 In the investigation of organic materials, sub- 
stances may be identified by their physical proper- 
ties such as refractive index, melting point, transi- 
tion temperatures, and distribution behavior be- 
tween two phases. See Organic quantitativi- 
analysis. 
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The principal domain of qualitative chemical 
analysis is the investigation of small samples, 0.1 
mg to 0.1 pg in mass, which may be dust particles, 
inclusions in structural materials, contaminations 
or corrosion products on small parts, or some 
unique specimen of particular interest. Tasks of 
this kind call for utmost economy with the unknown, 
and they do not permit arbitrary limitation to com- 
mon substances or to inorganic or organic mate- 
rials. Nondestructive physical methods may not 
be practical with a small specimen or may not 
furnish sufficient information. On the other hand, 
the chemical approach is quite useful since very 
small specimens, as a rule, may be expected to con- 
sist of just one material, so that a cleverly devised 
seiies of separations will in practice reduce the 
task to a mere system of classification and identi- 
fication. 

A thoioughly realistic approach based upon care- 
ful study of the history of the specimen and con- 
tinuous reference to the literature is best. If the 
specimen seems to be a cr\stal or ciystal fragment, 
a good procedure would be to determine the optical 
properties and to study the solubility behavior bv 
exposing a sample to the vapors of solvents. Soft 
cjystallinc mattei is easily identified if its melting 
point occurs below 300°C. for example, organic 
substances and man\ inorganic hydrates. This test 
mav also re\eal other transition points, and distilla- 
tion, sublimation or decomposition at low tempera- 
ture. 

For further classification of an apparently inor- 
ganic material, a sample may be heated up to 
800°C in narrow glass tubing while first air, then 
hydrogen. < hloiine. and finally hydrogen sulfide are 
passed thiough the tubing. Obseivation of the 
changes on the specimen and investigation of the 
evolved condensate^, sublimates, and gases mav 
provide definite clues which may be confirmed by 
simple chemical tests on the residue or condensate 
left in the tuhing. Organic matter will be iecog- 
ni/ed on heating in air and may not be too diffic ult 
to identify after consideration of optical proper- 
ties and transition temperatures that are already 
known. 

If the specimen should turn out to have a com- 
plex composition (glass, alloy, solid solution), the 
problem that led to the analysis will usually be 
solved bv the disclosure of majors and minors which 
will be found with suitable procedures. Methods for 
the separation of both common and iare elements 
have been developed and tested on a small scale. 
Any desirable qualitative or quantitative method 
of separation may be applied to very small samples 
since the chemical behavior is not noticeably af- 
fected by the absolute quantities involved. See 
Anm/YTICAI (HFMISTRY. f A.A.B.P.*] 

Bibliography : N. D. Cheronis and J. B. Entrikin, 
Semimicro Qualitative Organic Analysis , 2d ed., 
1957 ; W. C. McCrone. Fusion Methods in Chemical 
Microscopy , 1957; T. Moeller, Qualitative Analysis , 
1958. 


Quality control 

A system of inspection, analysis and action applied 
to a manufacturing operation so that, by inspecting 
a small portion of the product currently produced, 
an estimate of the over-all quality of the product 
can be made to determine what, if any, changes 
must be made in the operation to achieve or main- 
tain the required level of quality. An inspector se- 
lects at random a small portion of the output made 
under production conditions with regular produc- 
tion tools. He inspects the selected portion in the 
conventional manner, using the gages and tools 
regularly used for this purpose. 

Inspection. Critical examination of a product 
to determine its conformance to applicable quality 
standards or specifications is inspection. As a result 
of inspection, products are ^accepted or rejected 
depending on their degree of conformance to ap 
plicable quality standards. Because inspection is a 
post-mortem operation, it has no effect on the qua! 
ity of products; the inspector accepts or rejects 
products of the same quality as submitted for m 
spec tion. 

An example of inspection may be observed in the 
receiving department. Here the inspectoi is pre 
sented products received from vendors and he is re 
quired to make a decision to accept or reject them 
as a result of his inspection. Regardless of his dc 
cision, the quality of the products is not alteied 

Control. If the results of inspection are (fim 
municated to others for action, quality can be (on 
trolled, as when the receiving department notifies a 
vendor through the purchasing office. The average 
quality and thd^ range of variation in quality of the 
sample are compaied with applicable* standards to 
determine the degree of conformance. If the avei 
age quality is not satisfactory, it is an indie ation 
that the process or tools require adjustments II 
the range of variation in quality is not satisfactoiv. 
it is an indication that the process or tools in their 
present condition are not capable of producing the 
desired quality. In either case the foi email, or line 
supervisor, has the responsibility of effecting 
changes in the operation to bring about the desired 
improvement. Quality control functions to pi event 
the production of products outside the applicable 
quality standards. For quality control to function 
effectively, there must be close communication and 
cooperation between the quality control department 
and the manufacturing organization. 

Requirements for control. Certain prerequi- 
sites must be met before quality control can func- 
tion effectively. The degree by which these pre- 
requisites are met determines the success or fail- 
ure of the quality control program. Principal 
among these prerequisites are the following. 

Management policy that quality shall be con- 
trolled is important. Quantity without quality is 
not effective; hence, when quality and quantity are 
in conflict, wise management allows quality to pit* 
vail. 



Quality standards must be clearly and under- 
standably defined. The manufacturing organization, 
l he quality control department, and the customer 
must have the same concept of the quality standard. 

Sufficient inspection coverage must he provided. 
There must be enough skilled inspection personnel 
t<» inspect the product, analyze inspection results. 
ffn( l motivate the manufacturing organization to 
take whatever corrective action is indicated. 

proper inspection methods must he used. Gener- 
ali inspection by variables, as when diameter of a 
shaft is measured by a micrometer, is more efficient 
than inspection by attributes, as when shaft diame- 
ter is measured by a go-not-go gage, for purposes 
of quality control. 

Inspection tools suitable for the job at hand must 
Ik* available to the inspector. A metrological stand- 
ards laboratory is a necessary adjunct of the qual- 
ity control department. 

Adequate records must be kept to show the pres- 
ent status of quality the trend of quality, and the 
costs associated with the quality control effort. 

Benefits from control. The quality control bur- 
den mav be expected to amount to 10- 20'', of the 
direct labor cost. However, direct benefits may he 
expected from the effective operation of a quality 
conlrol department, among which are the following. 

With quality control, production increases of 
10 3f) r ; mav he expected from the same facilities 
over what was accomplished without quality con- 
trol. 

Lower manufactuiing costs lesult from elimi- 
nation of qualifying operations, use of equipment 
and personnel to the optimum capacity, and reduc- 
tion in scrap. 

I rn [Moved employee morale results when manage- 
ment provides the climate for the production of 
optimum quality; there is less criticism of operat- 
ing or supervisory personnel because of excessive 
numbers of rejections. 

Quality is improved with a resulting increase in 
customer acceptance and a decrease in field com- 
plaints and returns. 

Organization for control. The quality control 
department should he organized along accepted 
management principles. Experience shows that 
quality control operates most effectively when its 
manager reports in a staff capacity to the top ex- 
ecutive responsible for manufacturing, generally 
the works manager. The works manager is responsi- 
ve for both quantity and quality of production. A 
L pica I organization chart for a plant employing 
2000-1000 productive workers is shown in Fig. 1. 

The functions of a quality control department di- 
rcrtly associated with getting out a quality prod- 
! iCl can he pictured as an endless chain (Fig. 2). 

” e quality control department’s responsibility 
d°es not end with the shipment of the product. It 
fid lows product performance in the field and, by 
making specific recommendations, motivates the 
engineering department to redesign the product to 
nnprove its quality and performance. 
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Process control methods. Both statistical tech- 
niques and procedures not requiring the use of sta- 
tistics are designed to control the operation so that 
no product will be outside the applicable quality 
standards. 

In the receiving department, the quality control 
department inspects all raw materials and pur- 
chased finished parts and components. A record is 
kept of the results of these inspections. Periodi- 
cally. the records are reviewed and a process aver- 
age is calculated for each supplier. This process 
average may he based on the ratio of rejected lots 
to total lots rec eived, or on number of units rejected 
to number of units received. This information is 
furnished to the purchasing department for dis- 
cussion with the supplier, who, if necessary, takes 
steps to improve quality. 

The feeder departments, or parts manufacturing 
departments, furnish the next opportunity for 
process control. This includes foundries, die-cast- 
ing. plastic-molding, punch-press, screw-machine 
and other departments which make parts for the 



Fig. 1. Typical organization chart of quality control 
department. 
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assembly departments. Any of several process con- 
trol procedures may be used, depending on cir- 
cumstances. 

First piece inspection is made after the operator 
has made what he considers a satisfactory setup 
and has produced what he considers satisfactory 
products. This is essentially a check that the opera- 
tor understands his job, that he has the correct 
tools, and that the combination of tools and oper- 
ator will produce the required quality. The respon- 
sibility for quality rests essentially on the opera- 
tor ; the inspector provides added assurance against 
an excessive number of defective units. 

The X and R chart is used in the control of 
measurable characteristic s sue h as dimensions, 
weight, density, hardness, or tensile stiength. Sam- 
ples of four or five units are taken from the proc- 
ess at regular intervals The average X and the 
range R of variability of each sample are calcu- 
lated and plotted on a chart (see Conikoi chart) 
Any average value or range value falling outside 
the control limits must be explained and proper 
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corrective action must be taken to eliminate th( 
cause. 

The p chait is useful when the data are a result 
of testing every unit of product or when relatively 
large samples are inspected by methods of attii 
butes. When several types of repetitive defects aie 
found on products, the frequency of occurrence of 
each defect as well as the fraction defective chA be 
recorded on a p chart. In this manner the most sig 
nificant defect can be recognized and a suitable 
project t an be mitiated to correc t the c ause 

Sampling rabies. Detail inspection, or 100', 
inspection, on the average, can pic k out about 80' 
of the possible defects m units in a submitted lot 
Generally, 100% inspection means 100 ^ mspcc 
tion of some one or two quality characteristics and 
no inspection of the several other tharac lensin * 
which may be important. 

Sampling requires the inspection of a relative!) 
small quantity of units in a submitted lot, with the 
lot’s being accepted or rejected on the quality of 
the sample. The sample is pic ked at random so thai 
it might be truly representative of the lot, and it 
is inspected more completely and with more pre 
cision than would be possible for the whole lot In 
spection may be by attributes or by variables. 

All sampling involves some risk (the consumer s 
risk) of passing lots which contain a higher per 
centage of defectives than the acceptable quality 
level (AQL). Conversely, there is also the risk 
(the producer’s) of rejecting some lots containing 
a smaller percentage of defectives than the pre 
scribed AQL. 

Inspection by attributes. A typical set of sam 
pling plans by attributes is shown in Table 1 A 
sample of the tabulated normal number of units n 
is inspected; the size sample depends on the size 
lot from which it is taken and the AQL. The lot i s 
accepted if the number of defectives in the sample 
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does not exceed the corresponding tabulated ac- 
ceptance number. 

Reduced inspection is employed when 10 con- 
set utive lots have been accepted under normal in- 
spettion. Tightened inspection is used when 2 or 
nioie lots in 10 have been rejected under normal 
inspection. When 10 consecutive lots have been ac- 
cepted under tightened inspection, or when a lot is 
rejected under reduced inspection, normal inspec- 
tion is resumed. 

Inspection by variables. A typical variables in- 
spection plan is illustrated in Figs. 3 and 4. The 
method of recording inspection data and making 
the necessary calculations is shown in Fig. 3. The 

point determined by the abscissa Ad — 1 and the 
ordinate 0.43/4 R is plotted as shown in Fig. 4. If 
the point falls under the curve the lot is accepted ; 
if the point falls above the curve the lot is rejected. 

The t test of significance. It is often necessary to 
compare two sample means X\ and X 2 , obtained 
from a pair of random samples of n 1 and n 2 ob- 
servations with a population in which the stand- 
aid deviation is (t. From these samples can be com- 
puted an estimate .S’ of a by the formula 

Table 1. Single sampling plans by attributes* 


+ 1*) 2 
n\ + — 2 

where Xi means to sum the deviations of all observa- 
tions in the first sample, means to sum the devia- 
tions of all observations that have been made in the 
second sample. 

To determine whether the observed difference 
(A'i — ^ 2 ) could have occurred by chance as a re- 
sult of the inherent variation in the population, 
compute 



If t is no larger than the t found in the list for 
+ /ij> — 2 degrees of freedom, the difference be- 
tween X\ and Xo is not significant. If. on the other 
hand, t is larger than the listed value, the difference 
is significant. The confidence level of this test is 
95 r { because a significant t (one which is greater 
than the tabled value) occurs by chance alone only 
1 time in 20. A list of t values for indicated degrees 
of freedom for a confidence level of 9h°c follows. 



AQL 

lx)t si/e .65 1.0 1.5 2.5 4.0 6 5 



n 

Ac 

n 

Ac 

n 

4c 

n 

Ac 

n 

Ac 

n 

Ac 

Tightened inspection 

2 8 

All 

0 

All 

0 

All 

0 

All 

0 

7 

0 

3 

0 

9 15 

All 

0 

Ail 

0 

All 

0 

10 

0 

— 

0 

5 

0 

16 25 

All 

0 

All 

0 

15 

0 

10 

0 

7 

0 

5 

0 

26 40 

All 

0 

25 

0 

15 

0 

10 

0 

7 

0 

5 

0 

11 65 

35 

0 

25 

0 

15 

0 

10 

0 

7 

0 

15 

l 

66-110 

35 

0 

25 

0 

15 

0 

10 

0 

25 

1 

15 

I 

111 180 

35 

0 

25 

0 

r> 

0 

35 

l 

25 

l 

25 

2 

181 300 

35 

0 

25 

0 

5c 

1 

35 

1 

35 

0 

35 

3 

301-500 

35 

0 

75 

1 

5 A 

1 

50 

2 

50 

3 

50 

4 

Normal inspection 

2 8 

All 

0 

All 

0 

All 

0 

7 

0 

5 

0 

3 

0 

9 15 

All 

0 

All 

0 

All 

0 

7 

0 

5 

0 

3 

0 

16 25 

All 

0 

15 

0 

10 

0 

7 

0 

5 

0 

3 

0 

26 10 

25 

0 

15 

0 

10 

0 

7 

0 

5 

0 

10 

1 

11 -65 

25 

0 

15 

0 

10 

0 

7 

0 

15 

1 

10 

1 

60 -HO 

25 

0 

15 

0 

10 

0 

25 

1 

15 

1 

15 

2 

111 180 

25 

0 

15 

0 

35 

1 

25 

1 

25 

2 

25 

3 

181 300 

25 

0 

50 

1 

35 

1 

35 

0 

35 

3 

35 

5 

301 500 

75 

1 

50 

1 

50 

2 

50 

3 

50 

4 

50 

6 

Reduced inspection 

2 8 

5 

0 

3 

0 

2 

0 

5 

1 

3 

1 

2 

1 

•)-].> 

5 

0 

3 

0 

2 

0 

5 

1 

3 

1 

2 

1 

16-25 

5 

0 

3 

0 

2 

0 

5 

1 

3 

1 

2 

I 

26-10 

5 

0 

3 

0 

2 

0 

5 

1 

3 

1 

2 

1 

11 65 

5 

0 

3 

0 

*2 

0 

5 

1 

3 

1 

2 

1 

66 110 

5 

0 

3 

0 

2 

0 

5 

l 

3 

1 

3 

1 

111-180 

5 

0 

3 

0 

7 

1 

5 

1 

5 

1 

5 

2 

181-300 

5 

0 

10 

1 

7 

l 

7 

1 

7 

2 

7 

3 

301 500 

15 

1 

10 

1 

10 

1 

10 

2 

10 

2 

10 

3 


h hased on Mil-Std-105A Inspection Level No. 2; n is sample size; Ac is acceptance number. 
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Degrees of 
freedom 

t values 

Degrees of 

freedom 

t values 

1 

12.71 

15 

2.13 

2 

4.30 

16 

2.12 

3 

3.18 

17 

2.11 

4 

2.78 

18 

2.10 

5 

2.57 

20 
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6 
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22 
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26 
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9 
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28 
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10 
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30 
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11 

2.20 

10 

2.02 

12 

2. 18 

60 

2.00 

13 

2.16 

120 

1.98 

14 

2.14 

03 
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F test of significance. When sampling by vari- 
ables, it is sometime* desirable to compare sample 
variances (squared standard deviations), AV and 
■Sa 2 , obtained from a pair of random samples of 
7ii and n 2 observations from a population. A sam- 
ple variance is computed bv either of the two for- 
mulae 

2(A'-,Y) 2 2T 2 -(2A ) 2 / n 

n - I n- 1 

To determine whethei one sample variance is sig- 
nificantly larger than the other, an F ratio of the 
larger variance to the smaller is formed. 



If F is no larger than the F value found in Table 2 
for n\ — 1 = vi and n> — 1 = ij degrees of free- 
dom, the two variances are not significantly differ- 
ent. 

If, on the other hand, F is larger than the ta- 
bled value, the variances are significantly different 
because such a difference can occur as a result of 
the inherent sampling variation only 1 time in 20 



Fig. 4. Curves for determining acceptance or rejec- 
tion of inspected tots when using variables sampling 

by chance alone. See Analysis ot variance; In- 
DUS TRIAL ENGINE.* R1N(.; Ins| j L< TION AND TESTING 

fj.MN.j 
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Quantitative chemical analysis 

That branch of analytical chemistry which deal*- 
with the determination of the relative pmportion*- 
of constituents in a compound oi of components in 
a mixture. The subject is divided into the broad 
fields of gravimetric methods, volumetric method*- 
(liquid), gas-volumetric methods, optical methods 
electrical methods, and miscellaneous physico- 


Table 2. Values of F for indicated degrees of freedom and probability of 0.05 


Vi 

-Nl 

1 

l 

1 

2 

1 

1 

3 1 

5 

i 

6 

7 

8 

9 

10 

12 

I 

If 

> 

20 

24 

30 

40 

60 

120 

| 

; ' 

i 


161 


200 


21ft 


225 


230 


234 


237 


219 


241 


242 


244 


246 


248 


249 


250 


251 


252 


253 


251 


2 

18 

5 | 

19 

0 

19 

2 

19 

2 

19 

1 

19 

i : 

19 

4 

19 

4 

1 19 

4 

19 

4 

19 

4 

19 

4 

19 

r » 

19 

4 

19 

5 

19 

5 

19 

5 

19 

5 

19 

5 

.1 

JO 

I l 

! 9 

35 

9 

28 

9 

12 

9 

01 

H 

94 

8 

89 

8 

84 

8 

81 

8 

79 

8 

74 

8 

70 

8 

66 

8 

64 

8 

62 

8 

59 

8 

57 

8 

55 

8 

51 

4 

, 7 

7i ; 

! (> 

94 

1 ft 

59 

6 

.19 

6 

26 

ft 

16 

6 

09 

6 

04 

6 

00 

5 

96 

5 

91 

5 

86 

5 

80 

5 

77 

5 

74 

5 

72 

5 

69 

5 

66 

”) 

6 1 

5 

1 

6 

61 

r» 

79 

1 5 

41 

5 

19 

5 

05 

t 

95 

4 

88 

4 

82 

4 

77 

4 

74 

4 

68 

4 

62 

4 

56 

4 

51 

4 

50 

4 

46 

4 

41 

4 

40 

i 

lh 

6 

5 

99 

! 5 

14 

4 

76 

4 

53 

4 

39 

4 

28 

4 

21 

4 

15 

4 

10 

4 

06 

4 

00 

3 

94 

1 

87 

3 

84 

3 

81 

1 

77 

3 

74 

3 

76 

1 

tifi 

7 

5 

39 

1 4 

7 41 

1 4 

3.5 

4 

12 

3 

97 

3 

87 

3 

79 

3 

72 

3 

68 

1 

63 

3 

57 

3 

51 

3 

44 

3 

41 

3 

38 

3 

34) 

3 

10 

3 

27, 

I 

;i 

8 

5 

32 

4 

46 

4 

07 


84 

1 

69 

3 

58 

3 

50 

3 

44 

3 

39 

1 

15 

1 

28 

3 

22 

3 

15 

1 

12 

3 

08 

3 

041 

3 

00 

3 

97 

2 

yi 

9 

5 

12 

4 

26 

1 

86 

3 

6) 

1 

48 

.1 

37 

J 

29 

* 

21 

3 

18 

1 

14 

■* 

07 

1 

01 

o 

94 

2 

90 

2 

86 

2 

82 

I 2 

79| 

0 

75 


71 

10 

4 

96 

4 

10 

3 

71 

3 

48 

3 

32 

3 

22 

3 

14 

3 

07 

3 

02 

2 

98 

2 

91 

2 

84 

2 

77 

2 

74 

2 

70 

2 

66 

2 

62 

2 

58 

2 

54 

12 

4 

75 

3 

88 

3 

49 

3 

26 

1 3 

11 

3 

00 

| 2 

91 

2 

85 

2 

80 

2 

75 

n 

69 

2 

62 

2 

54 

2 

51 

2 

47 

2 

43 

2 

38 

2 

34 

1 ~ 

10 

IS 

4 

34 

3 

68 

1 

29 

3 

06 

0 

1 

90 

2 

79 

1 2 

71 

•> 

64 

2 

59 

2 

54 

2 

48 

2 

40 

2 

33 

•) 

29 

2 

25 

2 

20 

0 

16 

2 

u ! 


07 

20 

4 

35 

3 

49 

3 

10 

2 

86 

2 

71 

2 

60 

1 2 

51 

2 

45 

2 

39 

2 

35 

2 

28 

2 

20 

2 

12 

2 

08 

2 

04 

J 

99 

1 

95 

1 

90 

1 

84 

24 

4 

26 

1 

10 

J 

01 

, ■> 

| “ 

78 

2 

62 

2 

51 

1 2 

42 

2 

36 

2 

30 

2 

25 

2 

18 

2 

11 

o 

03 

l 

98 

l 

94 

1 

89 

1 

84 

1 

79 

1 

71 

30 

4 

17 

3 

32 

<) 

92 

1 2 

69 

2 

53 

o 

42 

2 

33 

2 

27 

2 

21 

2 

16 

2 

09 

o 

01 

1 

93 

1 

89 

1 

84 

1 

79 

1 

74 

1 

68 

l 

62 

40 

4 

08 

3 

2.1 

2 

84 

2 

61 

o 

45 

2 

34 

2 

25 

2 

18 

2 

12 

2 

08 

2 

00 


92 


84 

1 

79 

1 

74 

1 

69 

t 

64 

l 

58 1 

1 1 

51 

39 

60 

4 

00 

3 

15 

2 

76 

2 

52| 

1 2 

37 

2 

25 

2 

17 

2 

10 

2 

04 

1 

99 

1 

92 


84 

l 

75 

1 

70 

l 

65 

1 

59 

1 

53 

1 

47 

L20 

! 3 

92 

3 

07| 

2 

68 

2 

45 

I 2 

29 

2 

16 

2 

09 

2 

02 

1 

96 

1 

91 

1 

83 


75 

1 

66 

1 

61 

1 

55 

1 

49l 


43 


35 

J 

2”) 

CD 

3 

84 

3 

OOj 

1 •> 

i 

60 

2 

371 

2 

21 

2 

10 

2 

01 

l 

94 

1 

88 

1 

93 

1 

75 


67j 

1 

57 

1 

52 

1 

46 

1 

fi 

1 

32 

1 

22 

1 

00 




cbrmiral methods. The procedures followed in 
making an analysis may be classed according to 
(1) the type of constituent determined, (2) the 
kind <>f method used, (3) the type of material ana- 
lyzed, and (4) the amount of constituent present. 

Classification of procedures. In an ultimate 
analysis, the amount of a single element or com- 
pound is determined. In a proximate analysis, cer- 
tain constituents are determined as a group of in- 
definite relative composition — for example, the de- 
termination of ash in a sample of coal. 

Methods of analysis may be direct or indirect, 
fn a direct gravimetric method, the desired con- 
stituent is converted to a compound of definite, 
known composition and this compound is weighed. 
In a direct volumetric method, the desired constit- 
uenl is determined by measuring the volume of 
leagent of known concentration required to react 
completely with the constituent. 

In an indirect gravimetric method, a mixture of 
substances which includes the desired constituent 
is weighed and then whollv, or in part, converted 
to some other substance, or mixture of substances, 
of known composition and weighed. The amount 
of desired constituent can then be calculated by 
solving two simultaneous equations that can be set 
up from the data obtained. Indirect gravimetric 
methods arc usually less precise than direct ones. 

In an indirect volumetric method, a measured 
ipiuntilv of reagent is added in excess of the 
amount lequired to react with the desired constitu- 
ent. The excess reactant is then determined by 
tit ration, and the amount of it reacting with the do- 
med constituent is determined by difference. 

Methods of quantitative analysis depend greatly 
upon the nature of the substance being analyzed. 
Tot this reason, compilations of tested methods 
have been prepared, each covering a certain type 
i»f material. These compilations are available as 
reference books and laboratory manuals, and cover 
s »rh diverse fields as the analysis of steels, non- 
ferrous alloys, foods, minerals and ores, gases, 
lerhniral products, and agricultural products. 

Methods of quantitative analysis vary with the 
amount of sample taken and of constituent being 
determined. A macroanalysis (decigram analysis) 
•i^es a sample of about 0.1 0.5 gram (g). The ana- 
btical balance and volumetric instruments are de- 
signed to give a precision of 0.1 milligram (mg) 
and 0.02 milliliter (ml) respectively. 

A semimicroanalysis (centigram analysis) uses 
a sample of about 0.01-0.1 g. In this case, the bal- 
an,, e and volumetric instruments are designed to 
tfive a precision of 0.01 mg and 0.002 ml respec- 
tively. 

A microanalysis (milligram analysis) uses a 
sample of about 1-10 mg, and the balance is de- 
signed to read to a precision of 0.001 mg (1 micro- 
fi ra m, 1 ^g, or \y). The balance differs from the 
( °nventional one in being more delicately con- 
structed of very light material. It is necessary to 
have it on a firm, vibration-proof foundation, and 
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great precautions are necessary to maintain draft- 
free air at constant temperature and humidity. See 
Balance (analytical). 

The instruments and apparatus used in micro- 
analytical work are to some extent miniature rep- 
licas of macro instruments and apparatus, hut in 
some cases quite different techniques and appara- 
tus are used. Filtration, for example, is unlike that 
on a macro scale (see Gravimetric analysis). It 
is done by inserting into the vessel containing a 
suspension of the precipitate, a filter stick consist- 
ing of a glass tube one end of which is closed by 
a porous, sintered glass disk. The filter stick and 
vessel have previously been weighed together and 
are treated as a unit. Filtration is upward and is 
carried out by applying gentle suction to the tube. 
After appropriate washing of the precipitate, the 
filter stick and vessel are dried and again weighed 
together. 

An ultramicroanalysis (inicrogram analysis) 
uses a sample of approximately 0.001 rng. A spe- 
cial quartz-fiber torsion balance is used. It has a 
capacity of about 20 mg and weighs to about 

0.02 /t g. 

Calibration of method. Since the accuracy of a 
quantitative analysis depends in part on the nature 
of the material and on the nature and quantities of 
foreign constituents present, calibration of meth- 
ods of unknown applicability is often necessary. 

In the correction factor method, the procedure 
is applied to a sample containing all the constit- 
uents in the given sample except the desired one. 
Any numerical result obtained is applied as a cor- 
rection factor to the value obtained on the un- 
known. 

In the synthetic sample method, the piocedure of 
analysis is applied in parallel to the unknown and 
to a sample containing constituents of the same 
nature and approximate amounts as those in the 
unknown, and with the desired constituent added 
in known amount. Any discrepancy in the value ob- 
tained on the synthetic* sample is applied to correct 
the analysis of the unknown. In a variation of this 
method, the proposed procedure is applied to a 
sample of similar composition obtained from the 
National Bureau of Standards. Samples available 
include various ferrous and nonferrous alloys and 
many ores and minerals. The values for the certi- 
fied samples have been obtained by experienced 
analysts applying independent methods and using 
every precaution to ensure the highest degree of 
accuracy. If concordant results are obtained on the 
standard sample by the proposed method, it can 
be assumed to he reliable. 

Calibration of apparatus. Analytical weights, 
vojumetric glassware, and all other instruments 
th^t furnish numerical data should be calibrated. 

In an ordinary quantitative analysis, if the same 
set of weights is used throughout, it is necessary 
only to determine the relative masses of the 
weights. That is, the mass of the 10-g weight should 
be exactly twice that of the 5-g weight. Similarly. 
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the others should be in corresponding proportion 
to the 10-g weight. The mass of one of the weights 
is assumed to be correct as marked on the weight, 
and the correction factor to be applied to each of 
the other weights to maintain the exact theoretical 
proportion is determined by experiment. It is more 
desirable, however, to use as a standard of refer- 
ence a weight of known mass, such as one certified 
by the Bureau of Standards. 

In calibrating volumetric glassware, the weight 
of water (or mercury) at a given temperature con- 
tained in, or delivered by, the apparatus is found. 
From the known density of the liquid at the given 
temperature, the true volume can be calculated 
and compared to the volume indicated by the mark- 
ing on the volumetric apparatus. The fundamental 
standard is the liter which is the volume occupied 
by 1 kilogram (kg) of water at the temperature of 
its maximum density (approximately 4°C). The 
normal temperature for calibrating volumetric 
glassware in the United States is 20° C, which 
means that to contain a true liter, a flask must be 
so marked that at 20°C its capacity will be equal 
to the volume of water which at 4°C weighs 1 kg 
in vacuo. 

Several types of calibration are encountered in 
other branches of analytical chemistry. A com- 
mon calibration procedure in colorimetry is to 
bracket the unknown between two standards at 
known concentration just above and just below 
that of the unknown. Another is useful in emis- 
sSion spectroscopy where the density of spectral 
lines is a quantitative measure of concentration. 
In order to eliminate the effects of undesirable 
variations in the excitation, an internal standard 
method is used whereby the density of a spec- 
tral line of the element of unknown concentration 
is compared to that of a line of an element of 
known concentration. The pairs of lines, called 
homologous pairs, respond in the same way to 
changes in excitation conditions. A standard addi- 
tion method is useful in cases where the nature of 
the sample may preclude the direct use of synthetic 
samples. Here the slope of a calibration curve (a 
curve showing corrections to be applied under spec- 
ified conditions of analysis) is determined from 
the relative positions on the curve of the value ob- 
tained from the diluted sample and that obtained 
on an equal volume of sample to which has been 
added a standard solution containing a known ad- 
ditional amount of the constituent being deter- 
mined. 

Graphs are frequently used in analytical chemis- 
try for many purposes. A nomograph is a device by 
which the numerical result of a given calculation 
can be read directly from a previously drawn scale 
or series of scales. It has the advantage over a 
slide rule in being equally applicable to calcula- 
tions containing additive and subtractive terms. 
See Nomograph. Since a separate nomograph is 
needed for each formula to be solved, nomographs 
are of practical use only when the same type of 
analytical calculation is made repeatedly. 


Other graphs encountered in quantitative analy. 
sis are calibration corrections, tabulation of values 
derived from natural laws, and titration curves i n 
which pH values, conductances, or electrode po. 
tential values are plotted against buret readings 
in order to establish equivalence points. In such 
graphs, some variables change in logarithmic fash- 
ion giving sigmoidal curves; others change in 
arithmetic proportion and yield straight-line 
graphs. See Analytical chemistry; Spectro- 
chemical analysis; Spectrophotometric analy- 
sis; Volumetric analysis. 

f S.G.S.] 
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Quantization 

A term referring to the fact that certain observable 
quantities have only a discrete set of allowed val- 
ues; for example, the allowed values of the orbital 
angular momentum of a particle are 

v'/TM- \ )h/2ir 

where l = 0 or a positive integer, and h is Planck'^ 
constant. Quantization is the process of obtaining 
these values. The existence of such quantize!! ob- 
servables is well established; the quantization 
rules determining the allowed values or eigem alue^ 
of each observable are predicted by quantum me- 
chanics. See Eigenvalue; Quantum MEr hanks. 
Quantum theory, nonrelativistic. [e.g.] 

Quantum (physics) 

An indivisible quantity of electromagnetic energy 
For a light wave of frequency /, the quantum of en- 
ergy is hf, where h is Planck’s constant. The term 
light quanta often is used interchangeably with 
photons, the massless particles which, according to 
present theory, transport the energy and momcn 
turn of a light wave {see Photon). The import of 
the existence of quanta is that the energy in a light 
wave changes discontinuously, in multiples of hf. 
Similar discontinuities characterize quantum me- 
chanics, the modern theory of matter. See Quan 
tum mechanics; Quantum theory, nonrelativ- 
istic. r E - G -J 

Quantum chemistry 

A branch of physical chemistry concerned with the 
explanation of chemical phenomena by means of 
the laws of quantum mechanics. Starting with the 
time of John Dalton, physical and chemical re- 
search in the nineteenth century demonstrated the 
essential truth of the atomic theory — that chemical 
change and the properties of matter result from the 
interactions and motions of atoms. It follows from 
the atomic theory that chemistry is a consequence 
of the science of the motions of particles; that is. 



rhemi&try is a form of applied mechanics. Isaac 
tyewton was aware of this, and throughout the nine- 
teenth century, chemists tried to find mechanical 
explanations for chemical observations. About 
1900 , however, it became clear that the laws of me- 
chanics which Newton had deduced from the be- 
havior of macroscopic objects are not entirely valid 
r n the atomic and subatomic scale. The search for 
a correct set of basic mechanical principles for 
atoms culminated in 1926 with the discovery of 
quantum mechanics by W. Heisenberg and 
F Schrodinger. It has since become firmly estab- 
lished that the chemist must turn to this form of 
mechanics in order to find the mechanical basis for 
h^ observations. See Quantum mmhanics. 

This entails a fundamental change in point of 
view Certain concepts commonly used in dealing 
with macroscopic events must be modified 01 aban- 
doned in discussing molecular and atomic phenom- 
ena In particular, because of the uncertainty prin- 
nple it is necessan to give up the notion of orbits 
in definite paths along which particles, especiallv 
elections are piedestined to move (see Un< m- 
m\rY prinui’II- ). The state of a system is, in- 
stead described bv means of statistical concepts 
The most important of these is the probabilitv dis- 
tribution function, which desciibes the relative 
piohahihties of the different possible spatial con- 
figurations of the electrons and nuclei out of which 
itomic systems are constructed The probabilitv 
distribution, in turn, is directly related to the wave 
func lion of the state of the system The laws of 
quantum mechanics, as they are commonly used in 
piantum chemistry, consist of rules for finding the 
possible wave functions of chemical systems and 
for calculating the properties of the systems fiom 
these wave functions. 

Because of mathematical difficulties, it is iareiy 
possible to applv the rules of quantum mechanics 
prmseh to chemical svstems. In order to make 
am progress it has become necessary to resort to 
approximate methods. Most of the successful con- 
fe fts of quantum chemistry are formulated in the 
framework of these approximate methods. As a re- 
sult there are now qualitative and semiquantita- 
tne quantum-mechanical explanations for a great 
manv chemical phenomena. Most of these phenom- 
ena could never have been understood by use of 
Vwtonian mechanics alone. The vocabulary of the 
quantum chemist is consequently filled with non- 
dassical terms which have no counterpart in mac- 
r(W < °pie s> stems. 

Schrodinger equation. The most important basic 
postulate of quantum mechanics may be stated in 
tne following simplified form. Consider a particle 
of mass m which is constrained to move in only 1 
dimension, its position in this dimension being 
given by the coordinate x . The probability of find- 
,n g the particle in the narrow region between x and 
X ^t? x ls , P( x ) dx. The function P(x) is the prob- 
* 1 distribution function or probability density 

Sef> Probability in physics). It is found from the 
* avc * unc *ion, ip (*) , by the relation 
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P(x) = [>(*) ? ( 1 ) 

The wave function is determined by solving Schro- 
dinger’s differential equation. 

(tty 87 r 2 /n r _ 

^2 + "^2“ [# ~ ?(*))'!' - 0 ( 2 ) 

where E is the total energy of the system, V (x) is 
the potential energy when the particle is at x , and 
h is Planck’s constant (6.625 X 10 27 erg-sec). If 
a so-called energy operator (or Hamiltonian opera- 
tor) is defined as 

H = — (^ 2 /87r J m) d*/dx* + V(x) (3) 

then the Schrodinger equation can he written more 
conciselv as 

Hip = E\p (4) 

See Hamii ton’s fqitat ions of motion. 

For more complex systems containing n particles 
moving in more than 1 dimension, the Hamiltonian 
operator takes the form 

B = - E - V. 2 + V(x L , yi ,z h * (5) 

ftii m., 
partiolon 

where m, i^ the mass of the ith particle, V, 2 is the 
Laplacian operator for the ith particle, 

V, 2 =- d 2 /dx* 4- 3*/«V. 2 + 3 2 AW (6) 

y„ and z, are the cartesian coordinates of the zth 
particle, and F(*i,>i,Zi z , ) is the potential en- 

ergy when the particles have the specified cartesian 
coordinates. The wave fumtion, ^(2i.yi,zi,...,z n ), 
is now a function of all of the coordinates; it 
i-> found by solving Eq. (4), where H is defined 
by Eq (5). For a more detailed discussion of 
Schrodinger’s equation, see Quantum thfory, 

NON RF I ATIVISTIC. 

The phenomenon of energy quantization arises 
because physically meaningful solutions of Schro- 
dinger’s Eq. (4) can be found for many systems 
only if the energy E has certain distinct values 
One of the primary aims of quantum chemistry is 
to find these permitted values of the energy for 
molecular systems, because these energies are gen- 
erally of much greater interest to the chemist than 
are either the wave functions or the probability dis- 
tributions. It is found, however, that the Schro- 
dinger partial differential equations which arise 
from even the simplest chemical svstems are much 
too complicated to be solved precisely by available 
mathematical methods. Exact values of the per- 
mitted energies therefore cannot be found. 

Variation method. Consequently it is necessary 
to proceed by u*sing approximate methods for find- 
ing the wave functions and their corresponding en- 
ergies. The most useful of these methods, the varia- 
tion method, has produced most of the important 
quantum-chemical concepts. This method depends 
upon the following theorem (the variation princi- 
ple). 
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Let H be the Hamiltonian operator for a system, 
and let <f> represent some approximation to the 
wave function of the state of lowest energy of the 
system (ground state). Then the quantity 


WdV 


( 7 ) 


is an approximation to the correct energy, E(u of 
the ground state. Furthermore, the estimated en- 
ergy, W is always algebraically larger than the 
correct energy, Eo (that is, W — £ 0 > 0). Only if 
one happens to have chosen the correct wave func- 
tion, \f/ o, for the ground state, so that <f> = xpo , will 
it happen that W = £<>; in this case H<f> = E^<f > , so 
that 


S<t>H<f> dV = E,f<t> 2 dV 

The quantity dV in Eq. (7) represents the volume 
element, dV = dx i, d\ i, dz \ , . . . , dz u% and the in- 
tegration is carried out over all of the values of the 
coordinates accessible to the system. 

The variation principle is utilized by selecting 
some intuitively reasonable approximate trial wave 
function, </>, whose shape can he changed in a sys- 
tematic fashion by altering the values of constant 
parameters that appear in the function. The set of 
parameters that leads to the smallest possible value 
of W is then found. According to the variation 
principle, this minimum. value of W is the closest to 
the correct value, £o, for the energy of the ground 
state that it is possible to get with a trial function 
of the initially assumed form. Furthermore, when 
the parameters which minimize W are inserted into 
$, one obtains a closer approximation to the cor- 
rect wave function than can be found with any 
other set of parameters. 

The success of this method depends, of course, 
on the ability of the quantum chemist to guess at 
trial functions which are good approximations and 
at the same time contain parameters in such a form 
that W can he minimized without undue labor. In 
tuition and previous experience play a major role 
here. Progress in quantum chemistry since World 
War fl has been much concerned with devising new 
and more tractable forms for the trial wave func- 
tion. and with developing means of dealing with 
more complex tvpes of functions. High-speed com- 
puting machines have made great contributions in 
this effort. At the present time, fairly good calcula- 
tions of some of the lower energy levels of diatomic 
molecules such as oxygen and nitrogen appear to 
be possible. 

A few simple examples will show at the same 
time how the variation method is utilized, and how 
important insights into the mechanical basis of 
chemical behavior may be obtained. A svstem con- 
sisting of two protons fixed in space at a distance 
R from each other, with a single electron which is 
able to move about in their vicinity, represents the 
hydrogen molecular-ion, H 2 % which is known to 
exist in hydrogen electric discharges, and which is 
the simplest of all molecules and offers the most 


elementary example of a chemical bond. Experj. 
mental observations of the spectra of hydrogen dis 
charge tubes show that in its state of lowest energy 
the two protons in H*j + are separated by 1.06 A 
and that the dissociation into a proton and a hydro- 
gen atom (Ho’ H + + H) requires an energy 0 f 
2.791 ev. 

Hydrogen molecular-ion. The exact wave fum- 
tion for the ground state of the hydrogen atom is 
*p = exp (— r/a<>h where r is the distance between 
the proton and the electron and a ( > is a constant 
length, known as the Bohr radius, equal to 
0.52917 X 10 H cm. One might expect that in 
the electron will move about both protons in some- 
what the same way that it moves in a hydrogen 
atom, so it is reasonable to write as the trial wave 
function, 

<f> = A exp (— r a /a 0 ) + B exp (— r b /a 0 ) (8a) 

where A and B are constant parameters whose val 
ues will be selected so as to minimize IP\ r n is th* 
distance from the electron to one of the protons 
and i u is the distance to the other proton. Because 
the wave function for hydrogen in its ground state 
is usually indiiated by the symbol l.s, it is conveni 
ent to write l.s f< for exp ( ~r n/ a { )) and Ls/, for exp 
(— r/,/ao), so that 

(f> = A Ls ri -|- B 1-v, (8 b) 

For Ha + , the Hamiltonian operator is # 

H = — (A 2 /H7t 2 w) V 2 - (e 2 /r a ) ~ (e 2 /r lt ) f (c 2 /R) 

Ml 

where e is *tfhe electronic chaige, - (c 1 r„) - 
( e-/ri, ) is the potential eneigy due to the electro 
static interactions of the electron with the two pio 
tons (Coulomb’s law), and e 'R represents tin 
electrostatic repulsion of the protons. Substituting 
Eqs. (8) and (9) into Eq. (7) gives foi the ap 
proximate energy 


w 

A'Haa + B 2 H m 4 AB(Hab 4- H ba ) 
(4* 4 B 2 )l+ 2ABS 

(101 

where 

H aa = 

(HM 


fhb = /I dV 

(10 b) 


Hal, = d.V 

(104 


Hua = JK//K dV 

(lOrfl 


/= iWdf 

(KV| 

and 

S = /l.Snlifc dV 

(i <yi 

Because the two protons are identical, it must be 
true that 

so that 

Haa * Hbf) and Hab — Hba 

Hi' 


+ B 2 )Iha + 2ABH ± 

M 2 + B 2 )I+~2ABS 
(1 + p 2 )H aa + 2pH a b (| 2 ) 

(l + p 2 )/+2pS 

where p B/A. Evidently W depends only on die 



ratio of the parameters A and B and not on their 
individual values This is a consequence of the so 
talkd linear character of the Hamiltonian opera 
tol The four integrals, //,„ //.#, /, and S < an be 
^aluated ieadily, but it is sufficient here to state 

I hat both H u and H lt) are negative and that both / 
uid S are positive To find the value of the ratio p 
wlndi minimizes W , the minimax condition 
( Ul dp - 0 gives the result 

1 (13) 

H(<ause H \ is negative and S is positive insper 
1 , 0,1 of Fq (12) shows that the root p = f 1 leads 
to a minimum value of ff and is the optimum value 
oi ihi> parameter 

Ihis leads to the approximate wave film tion for 
tin giound state of H 

0 — i ( 1 s„ -f- 1 %) (14) 

tnd the approximate energy 

H„+H* 

/ H S v ' 

fviluition of IV it vaiious values of the interpro 
ton distance R shows tint II passes through a 
minimum value at R - \ M \ the v ilue of D it 
this pa i ition i or responds to a dissolution en 
MV\ of 1 7( tv Although it is not m vei> close 
jiimlititiv igrt c merit with the < xptrirm ntallv oh 
si m d \ iluts mentioned pieuouslv this t ah ilia 
ti m i si^nilit aril because the existentt of a st ihle 

II molet ule cannot Ih explained even qinhta 
1 1 \ 1 1 \ eitliei h\ < I is k al mechanics or h\ the well 
known qiimtum modifications of c lassie il met Inn 
i s introduced hv Niels Rohr 

( I ist r mspc c turn of the intc grals H and H , in 

I 1 (IS) rtuals that in this approximate tr* t 
nn nt ill of the stability of 11 arises from the in 
Ic^ul H I his means that if one had chosen as 
tlie in il w ne font tion 

0 = exp ( t , flo) (lh) 

'vim h It ads to the c stimate d energy 

U H 1 ( 17 ) 

du (alt illation would not have led to the prediction 
•bit the 11 molecule would be stable Therefore 
m important element in stiengthening the bond in 

II must he the fact that the electron is able to 
n, <>w from one prot >n to the other This factor is 
1 died exchange and the integral H , which results 
bmn it m called the exchange integral The inte 
* ] d H is talh*d the coulombu integral It is < lear 
dut the concept of exchange can have meaning 
”d\ in connection with the pai titular t\pe of ap 
l ,ri \imate wave function used m Eq (14) , vet the 

onn Pt provides a valuable, although relatively 
•I ulitative means of understanding the origin of 
( m inu al bonding 

h should he mentioned that a more physical ex 
P uiation of the success of trial wave function. 
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Eq (14), is to he found in the fact that it gives a 
consideiabl) higher probability for finding the 
electron between the two protons than does trial 
function, Eq (16) The exchange integral Hni is 
merely the mathematical manifestation of this in 
c rease in c harge density near the midpoint of the 
bond 

Hydrogen molecule. A similar approach may be 
used for the hvdiogen molec ule Here there aie two 
elections which may he denoted hv the numbers 1 
and 2 as well as two protons denoted by a and b 
The trial wave function mav he written 

0 = 1* ,ls,_ (18) 

which signifies tint electron 1 is to be found m a 
Is livdiogenu orbital in the vicmitv of pioton a, 
and electron 2 is in a similar cubital centered on 
pioton h Substitution of this trial function into 
Fq (7) using the H imiltonian operator appropri 
ate to the hydrogen molecule docs not however, 
give anv indication of the obsened strong chemical 
bond m the hvdiogen molecule On the other hand 
W He lller and F 1 ondon showed that if the two 
electrons ait allowed to t change positions he 
tween the two protons hv wilting the trial wave 
fun* tion 

0 — 1a ,1s, + Is, 1 s, i (19) 

then a bond between the two protons is predicted 
which has a stienglh compaiahlt to the observed 
bond st i c ngth in H 

Resonance. The e one ept of i esonant e ai is* s fi om 
these tieatments of H and H One can say that 
in both of these molecules extra siabilitv is ob 
tuned because the system m exist m more than 
one stiucturr 1 he stabilization of benzene and 
other aromatic molecules < an he explained in the 
same wav because the valence bonds in these mole 
c ules can he drawn in several different wavs The 
mi| ulance of this resonance concept m chemistry 
ran liardlv be overemphasize d 

These concepts ran be generalized to explain the 
pioperties of the chemical bonds between anv pair 
of atoms A and R (for the Heitlei I ondon tlieorv 
of valeric e c \ ki v \< t ) II an elec tron on an iso 
lated A atom has the wave function c/ \ and one on 
an isolated R atom has* the wave function then 
an approximation to the wave function of the two 
elections involved in the A— B bond would he 

0 — </ \ ( 1 W b ( 2 ) -f0y(2)0u( 1) (20) 

If the electron affinities and ionization energies of 
A and R are markedly different the trial wave func- 
tion mav he improved hv adding to this trial func- 
tion terms corresponding to the ionic structures 
\ 4 B and A B 

0 — \f/\( l)^u(2) -|“0\(2)0n(l) 

+ C0 h(1)0b( 2) 4 7)0y(l)0v(2) (21) 

where ( and D are variable parameters which are 
selec ted so as to minimize the energy The impor- 
tant e of the ionic terms m bringing additional sta- 
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bility to a bond depends on the difference in the 
electronegativities of the atoms A and B. 

The functions \f/\ and \j / n are known as atomic 
orbitals, and a considerable improvement in the 
wave function can be made by allowing the shapes 
of these orbitals as they exist in molecules to differ 
from their shapes in the free atoms. Generally it is 
desirable to use atomic orbitals which tend to con- 
centrate electrons in the region of the chemical 
bond that is to be formed. This change in shape of 
the atomic orbitals is conveniently brought about 
by adding to a given atomic orbital the orbitals of 
other states of the atom, a procedure known as 
hybridization. This procedure leads to a simple and 
plausible explanation for many basic observations 
in the field of stereochemistry. 

An alternative approach to the chemical bond is 
provided by the molecular orbital method of writ- 
ing approximate wave functions for molecules. 
This may be illustrated with the hydrogen mole- 
cule. Let \p represent the exact wave function for 
the molecule (or a good approximation to it). 
Then the molecular orbital approximation to the 
wave function of 1L is 

<t> = ip(l)tp(2) ( 22 ) 

where ^(1) is the wave function of Hj* contain- 
ing the coordinates of election number 1. and 
^(2) is the same function containing the coordi- 
nates of elec tron number 2. If one makes the ap 
proximation 

1*«+U (23) 

this gives from Eq. (22) 

— (l s al + l*ftl)(l'a2 I^m) (24) 

= b«\lSft2+ l*a2lftl+ Kilba2+ KllV>2 

The first two terms here are the same as trial func- 
tion, Eq. (19), and the last two teims represent 
ionic structures. Because of the overemphasis on 
the ionic terms, this trial function does not give as 
good results quantitativelv as Eq. (19). If, how- 
ever, additional terms are added to the trial func- 
tion in which the electrons are placed in excited 
orbitals of Hj\ the numerical results come closer 
to the observed energies than do the results with 
Eq. (19). This procedure is known as configura- 
tion interac tion. In complex molecules, the molec- 
ular orbital method (including configuration in- 
teraction) is more easily carried out and gives 
better results than c alculations based on Eq. (20). 

It is evident that the variation method provides 
the chemist with many conceptual aids to the un- 
derstanding of the origin of chemical bonds and 
their properties. The shrewd combination of these 
conceptual aids with empirical observations has 
made it possible to deduce a useful quantitative 
theory of chemical bonds and their variations in 
different molecules. Nevertheless, the trial func- 
tions described above are far from accurate de- 
scriptions of the true wave functions of molecules. 
When better and more complex trial functions are 


used, the concepts employed in interpreting simple 
trial functions lose much of their meaning. 

The discussion given above refers to the treat- 
ment of the ground states of molecules. The same 
approach can, however, be extended to the excited 
states of molecules (although the results tend to be 
even less accurate and the calculations more diffi. 
cult). In this way a quantum chemical basis has 
been developed for the phenomena of light absorp. 
tion, color, and other optical properties of matter 
See ChFMICAL RINDING; ChEMK AL SIRUCIURts; 
Molecuiar structure and spectra; Resonano 
(molecular structure). Fw.JK] 

Bibliography : W. Kauzmann, Quantum Chern 
istry: An Introduction , 1957. 

Quantum electrodynamics 

That part of quantum field theory whi< h covers the 
electromagnetic field and its interaction with elet 
tricallv charged matter or matter fields ( see Qiu\. 
riJM m l d ihfory). Broadlv speaking, the theory 
in< bides all of atomic physics, since the structure 
and interaction of atoms are governed bv electrical 
forces. However, because the main features of the 
atomic system are accounted foi by the electrostatic 
Coulomb fence between charged particles, and he 
cause the treatment of this foire does not requite 
anv detailed use of electromagnetic theory, m its 
usual context quantum electrodynamics icfers to 
the lefinements of the desc ription of the intei actions 
which are necessary to account foi the fine structure 
of atomic systems To he specific, the fipe structure 
of the atomic^ystem that is produced by the quan 
turn fluctuations of the electromagnetic and matter 
fields and the interaction of light (electromagnetic 
fields) with charged matter is the main province of 
quantum electrodynamics. The system which quan 
turn electrodynamics describes is thus the elcctio 
magnetic field and charged matter. 

Quantum electrodynamics was formulated h\ 
P. A M Dirac- and by W. Heisenberg and W. Pauli 
However, in its initial version there were numerous 
ambiguities Later, J Schwinger and R. P. Feyn- 
man independently showed how to formulate the 
theory in such a way as to avoid these ambiguities 

It is convenient to divide the subject matter of 
quantum electrodynamics into three parts: the 
free electromagnetic field, the free charged matter 
and interaction between the two. 

Free electromagnetic field. In classical physics 
the electromagnetic field is described bv the Max- 
well equations. Howevei, the classical theory does 
not properly account for the observed spectrum of 
black-body radiation (that is, the distribution of 
energy with respect to frequency in the electromag- 
netic field enclosed by walls in thermal equilib- 
rium with the field at a given temperature). How- 
ever, if the field is quantized, that is, represented 
by a superposition of quantum mechanical oscilla- 
tors (which also obey Maxwell’s equations), the 
energy spectrum is correctly given. It is important 



^member that even at absolute zero temperature 
the electromagnetic field is present because of the 
zero point fluctuations of the oscillators. These 
z(>r() point oscillations are called vacuum fluctua- 
tl( ,nv Further, when the field is treated quantum 
mechanically it is possible to understand the classi- 
fy incomprehensible phenomenon of the exter- 
nal photoelectric effect. Thus, when light shines on 
a metal, for example, electrons are freed from the 
Mirface by absorbing energy from the electromag- 
netic field. The spectrum of energy of the ejected 
p articles is independent of the intensity of the 
jitrhr. More intense beams produce more electrons, 
hut the relative number of electrons with various 
energies remains fixed. This result is easily under- 
stood quantum mechanically by regarding the in- 
teraction between the electrons and the electro- 
magnetic field as produced by the absorption of 
discrete quanta of energy from the quantized oscil- 
lators oi the electromagnetic field. These discrete 
quanta of energy aie called photons. Thus the spec- 
trum of electron energies essentially reproduces 
the spectrum of energy of the incident electromag- 
netic waves, and is independent of its intensity. 

Free charged matter. The charged matter which 
the theory involves consists mainly of electrons. 
Flections of low energy may he treated consistently 
particles according to the principles of quantum 
mechanics; at low energies their wave functions 
satisfy the Schrodingcr equation. At higher ener- 
gies. it is necessary to consider them as the quanta 
of a field which obeys the relativistic equation of 
P \. M. Dirac. (For a statement and discussion of 
this equation, see (Quantum theory, relativistic.) 
For simplicity, consider the consequence of these 
fails for the spectrum of energy states of the one- 
electron hydrogen atom. In the nonrelativistic de- 
'cription the nth excited state is actually a multi- 
set of states (it is degenerate). To a large extent 
the multiplicity can he said to he accidental. By 
this, one means that the degeneracy is not accounted 
for by any simple constant of the motion, such as 
ai.gular momentum or spin. In this case there hap- 
pen* to he a set of states which have the same 
energy for each value of the orbital angular momen- 
tum / = 0, . . . , n — ■ 1, where n is the total quan- 
tum number (see Quantum numbers). Each of 
these levels is in turn a multiplet of 2(2/ +1) 
states because of the so-called spatial degeneracy 
uf the orbital and spin angular momenta. However, 
,n Die more accurate description provided by the 
Dirac equation, the degeneracy is reduced, that is, 
each level is accidentally only a multiplet of two 
states. The splitting of the multiplets may be re- 
garded as “produced” by the relativistic correc- 
^ The spectrum of states predicted by the 
Dirac theory is much closer to the observed spec- 
tn J m than that predicted by the Schrodinger theory. 

The Dirac equation, as well as leading to the 
• oncept of electrons as quanta of the field, also 
predicts for the field the existence of positively 
c ar 8ed quanta of the same mass as electrons. 
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These are called positrons. The observation of these 
latter quanta was consequently a triumph of the 
field theory of the electrons. The Dirac field also 
can be in thermal equilibrium with the walls of a 
container, but the manifestations are somewhat 
different from the case of the electromagnetic 
field, for three reasons. First, the quanta of the 
Dirac field are charged, so that the field fluctua- 
tions are constrained by the law of charge con- 
servation. Second, the quanta of the Dirac field 
have a rest mass which is quite large, so quanta of 
the field can he created and destroyed only at ex- 
treme temperatures. At low temperatures the sys- 
tem behaves just like a gas of a fixed number of 
particles. At the extremely high temperatures 
found in stars, the field aspects are the important 
ones and it is no longer useful to regard the sys- 
tem as an ensemble of particles. Finally, and most 
important, the electrons obey the Pauli exclusion 
principle, so that no more than one particle with a 
given set of quantum numbers may be present. For 
electrons confined in a metal, these restrictions lead 
to the well-known Fermi distribution of electron 
energies. 

Interacting fields. The coupled Dirac (electron) 
and Maxwell (electromagnetic) fields represent 
the complete system which is governed by quantum 
electrodynamics. The coupling, as well as permit- 
ting the emission and absorption of light by the 
electrons and the production of pairs of electrons 
and positrons by the light (photons), also modifies 
the description of the electron because, speaking 
loosely, the electron as it moves interacts with the 
vacuum fluctuations of the electromagnetic field. 
In like manner, the electromagnetic field (or pho- 
tons) is altered by virtue of its interaction with the 
vacuum fluctuations of the Dirac field. These inter- 
actions with the vacuum fluctuations are sometimes 
called, for the electrons and photons respectively, 
interactions with virtual photons, and virtual pairs. 
The desc ription given in this way must not be re- 
garded as literal but only as a matter of conven- 
ience which provides physical insight into the math- 
ematical structure of the coupled field equations. 
In both cases the effect of the interactions with the 
virtual quanta produces only a small change in the 
already mentioned properties of the uncoupled 
fields This is because the coupling, which is meas- 
ured by the so-called fine structure constant 
a = 2tt e 2 /hc (e is the electron charge, h is 
Planck’s constant, c is the velocity of light) is 
relatively weak. The properties of the electromag- 
netic field alone (in the absence of real charged 
matter) are only slightly modified by the interac- 
tion with the virtual charged matter, or vacuum 
pair fluctuations. The equations for the electromag- 
netic field now become, in effect, slightly nonlinear, 
which leads to the scattering of light by light. This 
consequence has not been directly observed. In the 
language of vacuum fluctuations, the photons which 
scatter do so by first producing virtual pairs, the 
opposite partners of which annihilate to yield pho- 
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tons again but with their momenta changed from 
the initial values. A phenomenon which will be per- 
haps more easily observed is the so-called Delbriick 
scattering. In this case the photon is scattered by 
the virtual pairs which are polarized by the static 
Coulomb field of a nucleus. 

Lamb shift and g- factor. For the electron, the 
effects produced bv the coupling to the virtual pho- 
tons are also striking and lead to a number of 
effects which have been accurately measured. 
Agreement of the measurements with the detailed 
predictions of the theory is. at present, perfect. 
First, the electron as it moves interacts with the 
vacuum fluctuations of the electromagnetic field 
and this alters the inertia of the particle. However, 
the observed electron is always in the presence of 
the vacuum fluctuations, and therefore the effect of 
these fluctuations on the mass cannot be directly 
observed; that is. the observed mass of the electron 
is the mass in the presence of the vacuum fluctua- 
tions of the electromagnetic field. However, when 
the electron is bound to an atom the effect on the 
ineitia is slight lv different and depends upon which 
excited state of the atom the electron occupies. 
This leads to a splitting of the doublv degenerate 
states in hydrogen. This splitting, called the Lamb 
shift, is hugest in the case of the 2Nj 2 — 2/Vj 
states, has been accurately observed, and is in 
periect agreement with the prediction of the theory 
at thi^ time. (For further information on the 1 amb 
shift, .see Atomic structuri* and spic tra. ) An- 
other effect is caused bv the presence of the virtual 
pairs in the vacuum. These aie polarized bv the 
electron's charge so that the charge ot the electron 
is actually measured in the presence of the shield 
of the positivelv charged ends of the pairs. Again, 
this effect cannot he directlv observed, since all 
< harges are always surrounded hv suc h a shield. 
However, just as in the case of the mass the shield 
is altered when the electron is hound in an atom 
and the resulting effect on the energv levels has 
been included in the Lamb shift calculation, which 
agrees well with the measured shift. Further, these 
vacuum interactions are altered when the electron 
moves in a magnetic field so that the electron’s 
g-factor (spin magnetic moment) comes out to Ire 
slightlv different from that predated bv the Dirac 
theory. The value predicted by quantum electro- 
dynamics agrees perfectly with the observed value. 
For a discussion of the numerical values involved 
in the g-factor, sec Eij-ctfon spin. 

Positronium. The best system for testing the pre- 
dictions of quantum electrodynamics from the 
point of view of the theorist would be the “atom” 
called positronium formed bv an electron-positron 
pair. However, because of the process of pair 
annihilation, such a system is unstable: that is, 
the electron and positron almost immediately com- 
bine to form photons. Because of this very short 
lifetime, it has thus far been impossible to produce 
enough positronium so that one can test the pre- 
dictions of the theory to an accuracy which is better 


than that in the experiments already mentioned. See 
Positronium. 

Effects of vacuum interactions. In summary, ih e 
predictions of quantum electrodynamics agree p^ r . 
fectly, at present, with all observations of the prop, 
erties of electrons and light. However, there is one 
outstanding theoretical blemish which is at this 
time unresolved. This has to do with two of the 
effects mentioned which cannot be directly observed, 
namely, the effects of the vacuum interactions on 
the mass and on the charge of the free particle. If 
one calculates these effects using the methods 0 f 
perturbation theory, they do not come out to he 
finite. However, all other effects calculated relative 
to the observed mass and observed charge are finite. 
This defect is caused by the fact that in order to 
get a relativist icallv invariant (and in several othei 
respects consistent) theorv it is necessary to re 
gard the electron as an object having zero radius 
This leads to the coupling of the charge to light ol 
arbitral ilv short wavelengths. The interaction with 
vacuum fluctuations ol these verv-high-energy vir- 
tual quanta is most important for the mass and 
charge of the electron. The present methods of 
handling the mathematics of the theorv are un 
satisfactory and lead to an infinite contribution to 
the mass of the particle coming from the high-en 
ergy virtual quanta. Likewise, in this method ol 
calculation, the shielding ol the electron's charge 
by high-eneigy virtual paiis comes out to be per fee t 
thus the observed charge of the electron should he 
zero. Whether these defects are a consequence of 
the inadequac \ ol the approximations, or aie inhei 
ent inconsistent ies in the method of formulating the 
theorv. is at present unknown. | K \ 1 | 
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Quantum field theory 

The branch of phvsics which deals with the quan 
turn mechanics of fields. Quantum field theory rep- 
resents a large fraction of the total effort expended 
by theoretical physicists. 

Fields are familiar in classical physics as sys 
terns which require an infinite set of variables for 
their description. This infinite set is usually given 
as the values over all of space of a continuous fum- 
tion or set of functions which characterize some 
physical quantity. Thus, for example, the classical 
Newtonian gravitational field is described by giving 
at each point in space the value of the gravitational 
potential energy. Another classical field is the 
electromagnetic, or Maxwell field, which is deter- 
mined by the electrical and magnetic forces a 
charged particle would experience everywhere m 
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space. See Electromagnetic radiation; Field 
theory, classical; Gravitation. 

In addition to these fields which are familiar on 
a macroscopic level, the atomic and nuclear cosmos 
involve a number of fields which have no classical 
rounterparts. The notion of a field here finds its 
application to the understanding of the dynamical 
properties of the so-called elementary particles 
(electrons, protons, etc.) which are the funda- 
mental constituents of matter (see Elementary 
article ). The reason that quantum fields are 
suitable for the description of such particles is 
found in two facts. First, elementary particles of a 
given kind may he produced in profusion because 
( ,f the interconvertibility of energy and matter. 
Thus, in the interaction of atomic matter, particles 
inav be created and destroyed. Second, because of 
the quantum-mechanical wave interference proper- 
ties of matter, the classical notion of a field enters. 
In fact, in the notion of a quantum field, the wave- 
particle or, better, field-particle duality character- 
istic of matter finds its most perfect expression. 

The theories of such fields must be formulated so 
that the “kinematical” properties are consistent 
with the principles of relativity; the dynamics is 
go\ erned by quantum mechanics. The subsequent 
discussion is based on the assumption that the 
reader is somewhat familiar with the subject matter 
of relativity and quantum mechanics. See Quantum 
mechanics ; Quantum theory, nonrelativistic; 

Ol AM'UM THEORY, RKL A 1 1 VI STIC ; RELATIVITY ; ReL- 
UIVISTIC MECHANICS. 

Scalar field. The particle properties just de- 
si ribed emerge from a continuous field when it is 
treated quantum mechanically. This can be shown 
in an elementary way by using the so-called scalar 
held as an example. The scalar field is an invariant 
function of the space-lime coordinates x and t. 
When it describes free particles, they must con- 
form with the relativistic connection between the 
rnrrg\ and momentum of a free particle of mass m ; 
that is, E 2 /r 2 = p 2 + (wr) 2 , where E is the en- 
ergv. p the momentum, and r the velocity of light. 
According to the general quantum-mechanical rule, 

h -♦ in p -> - V 

at i 

are the expressions for E and p acting on functions 
°f '•pace and time, so the “field equation” for 0 is 

If a Fourier transformation of the spatial depend- 
i* made, the equation 

ls obtained. For each value of p, this equation de- 
>rr ibes a harmonic oscillator of frequency {[p 2 + 
(wc)-] V2 r }/j an( j because the oscillator has the 
energy spectrum (n + %) [p 2 4- (mc) 2 ] 1/2 c where 


n = 0, 1 , 2, . . . , the energy levels of the dynami- 
cal system described by the scalar field 0 are 
E = £[n(p) 4%][p 2 + (me ) 2 ] 1/2 c where for each 
value of p, the possible values of it (p ) are integers 
(.sec Harmonic oscillator). Thus, the changes in 
the energy values occur in multiples of [(me) 2 + 
p 2 ] 1/2 r and the spectrum can be interpreted by say- 
ing that there are n(p) particles or quanta of en- 
ergy [ (wr) 2 •+■ p 2 l l/2 c. The zero point energy of 
each oscillator, %[p 2 + (mc) 2 ] 1/2 c, may for con- 
venience be omitted since the state of lowest energy 
when n(p) — 0, which is called the vacuum, can 
most conveniently be assigned zero energy. How- 
ever, it should be emphasized that this energy has 
its origin in the fluctuations in the field in the state 
of lowest energy ; the existence of these fluctuations 
is of great importance. The field 0(p,f) is the coor- 
dinate of the oscillator, and just as in the case of a 
single harmonic oscillator 




arc the operators which when applied to an energy 
eigenstate respectively lower and raise the energy 
level by [ (me ) 2 4 p 2 l ,/2 c. Hence, 0 r) are called 
particle-absorption and -emission operators. 

Quantum electrodynamics. The quantum field 
which has been studied in the greatest detail and 
the theory of which has had the greatest success in 
accounting for the observed properties of atomic 
systems is the same field which is most well known 
classically — the electromagnetic field. For this 
reason it is considered separately (see Quantum 
electrodynamics) . 

Gravitational field. The quantum-mechanical 
treatment of the gravitational field (the other field 
familiar at a macroscopic level) has so far not 
been developed to the same extent and with the 
same success as that of the electromagnetic field. 
There are two reasons for this. First, from a prag- 
matic point of view, the gravitational field has so 
far had no relevance in the understanding of atomic 
phenomena because of the extremely weak coupling 
between this field and matter. For example, the 
ratio of the electrostatic force between the electron 
and proton in the hydrogen atom to the gravita- 
tional force is ~10 M \ Further, on the theoretical 
side, the treatment of the gravitational field quan- 
tum mechanically is extremely difficult because of 
the nonlinearity of the gravitational field equations 
and, more significantly, because the physical con- 
tent of the gravitational theory is still not well 
understood. The quantum of the gravitational field, 
a theoretically deduced particle, is called the gravi- 
ton (see Graviton). 

However, in spite of the first point, the gravita- 
tional field has been studied quite extensively be- 
cause of the belief that its inclusion in a complete 
theory may lead to a resolution of the “divergence” 
difficulties present in current quantum field the- 
ories. These are mentioned subsequently. 
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Nuclear forces; mesons. The fields which mani- 
fest themselves only at the atomic level may be 
understood in terms of an analogy. The electromag- 
netic field is the agency of the electrical forces 
which account for the properties of atoms. Sim- 
ilarly, the structure of the nucleus reveals the 
existence of a nuclear force which accounts for the 
interaction between the particles found in the nu- 
cleus. The nuclear force is strong enough to balance 
the electrical repulsive forces due to the charged 
protons found in the nucleus; it is of short range, 
effective only when the nuclear particles are within 
a certain radius. This is in contrast to the infinite 
range of the Coulomb electrical forces. One is led to 
make the analogy, with appropriate modifications, 
between the electrical and nuclear forces and to 
suppose that a field accounts for the nuclear force. 
Because such a field has its own degrees of freedom, 
it is capable of an independent existence just as 
the electromagnetic field is capable of carrying 
energy in the form of electromagnetic waves. When 
such a field is “quantized” the field system exhibits 
particle properties. 

One can estimate the mass of the particles by de- 
scribing the force field which surrounds a nuclear 
particle in terms of the emission and absorption of 
the quanta of the field. Thus, one couples the ap- 
propriate nuclear coordinate linearly to the field </>, 
and hence to the emission and absorption operators 
If the mass of such quanta is m, when the 
nucleon (nuclear particle) radiates such a particle 
the energy cost is ~mc 2 . According to the uncer- 
tainty principle, if the energy of a system is to be 
observed to the accuracy A£, the observation must 
be made over an interval A t longer than h/AE (see 
Uncertainty principle). Thus, an energy fluctua- 
tion of a nucleon of magnitude me 2 can take place 
over an interval A t < h/mc 2 without violation 
of the energy principle. In this time interval the 
field quantum can travel a distance not exceeding 
cAt < h/mc before it must be reabsorbed by the 
nucleon. Hence, the measure of the range of the 
force field which surrounds a nucleon is the Comp- 
ton wavelength, h/mc , and if this distance is set 
equal to the known range of the nuclear force, one 
obtains an estimation of the mass of the quantum 
of the field. In this way H. Yukawa was led to 
predict the existence of a particle, the meson, which 
is the quantum of the nuclear foice field and which 
has a mass (270 m e ) intermediate between that of 
the electron (m e = 9.1 X 10 28 g) and the nucleon 
( 1840m f ) . 

The Yukawa meson has since been identified as 
the 7r-meson, of which there are three varieties, two 
with electrical charges equal in magnitude but op- 
posite in sign, and one electrically neutral. The free 
7r-meson field proves not to be stable; that is, the 
charged varieties of mesons ( 71 ^) decay in a time 
of the order of 10" 8 sec into quanta of other fields, 
while the neutral variety (77°) transforms itself into 
two quanta of the electromagnetic field (y-rays) 
in a time less than 10" Jfl sec. Hence, as a field with 


an independent existence, its presence is too ephem- 
eral to have been observed classically; but, more 
important, as a force field its range is too short to 
have been detected macroscopically. See Meson; 
Nuclear structure. 

Particle fields. In addition to the “force fields” 
which act between the particles and which give 
rise to the existence of other particles, one may ask 
if particles such as electrons and neutrons are 
the quanta of fields. The existence of the pair pro- 
duction of electrons and positrons, neutrons and 
antineutrons, etc., illustrates that these particles 
mav also be viewed as the quanta of fields. Indeed, 
one may also regard these particle pairs as produc- 
ing force fields between the quanta of the other 
fields. Thus, the quanta of the electromagnetic 
field, or photons, are coupled to pairs of the elec- 
tron-positron field, and this 1 , coupling leads to a 
force between photons, or the scattering of light b\ 
light. There are two general types of field corre- 
sponding to the two general classes of statistics 
obeyed by elementary particles. Particles which 
follow the exclusion principle (these have Fermi- 
Dirac statistics) are characterized by fields which 
carry an internal angular momentum, or spin, 
which is half-integer, while the pai tides which 
have Bose-Einstein statistics are of integer spm 
One of the greatest successes of the quantum the 
ory of fields together with the relativity principle 
was the prediction of the observed connection be- 
tween spin and statistics. .See Quanti m maiis- 
tils. 

Solution of field equations. The general prob 
lem in the quantum theory of fields may he stated 
as follows. Sets of fields are introduced to describe 
the various types of observed elementary particles 
The interactions among the particles are produced 
bv coupling the fields, and the attempt is made to 
deduce the types of coupling which should be pres- 
ent from the experimentally observed interaction^ 
among the particles. 

Perturbations. The difficulties associated with 
this program are formidable. The existence of a 
field description alone implies that any coupling 
of the fields leads to an enormous class of distinct 
types of interactions. Thus, there is an infinite cla^ 
of states for the fields, and because of practical 
limitations coupling must be deduced by studying 
only a limited number experimentally. Thus one b 
confronted with a gigantic puzzle with only a few 
pieces of information. Moreover, great mathemati- 
cal difficulties are encountered in trying to sohe 
the coupled field equations. The standard method*' 
of quantum-mechanical perturbation theory are not 
adequate unless the coupling is rather weak. How- 
ever, the known couplings in the case of the sub- 
nuclear interactions are quite strong. 

At present no adequate methods exist for 
the solution of the field equations when the 
coupling is strong. Further, even in the case of the 
weak couplings problems arise in the straightfor- 
ward application of perturbation methods. These 
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difficulties are associated with the point structure 
of the particles, which in the language of quantum 
field theory means that the couplings between the 
fields are local; that is, the field equations are 
differential equations and not integral equations. 
When the attempt is made to solve suc h equations 
|, v expansions in the coupling constants, one finds 
that the self-energv and other such quantities are 
not finite. Classically, the self-energy of a particle 
coupled to a field is the energy contained in the 
particle’s own field. In quantum theory a similar 
effect results from the fact that each particle field 
^ coupled to tlie vacuum fluctuations of other 
fields The perturbation-method calculation of such 
quantities depends strongly on the coupling of one 
field to the high-energy fluctuations in the others. 
However, it is possible by using the techniques of 
renormalized perturbation theory to calculate most 
quantities. It is not known whether the infinities 
encountered in the perturbation solution of the 
field equations are a fundamental inconsistency 
built into all quantum field theories or whether 
lliev arc simply a consequence of the perturbation 
method of solution. .See Per i urration (quantum 
mm IMM( s) . 

S \mmrtry lan s. Because, in the case of strongly 
(oupled fields, no adequate method is known for 
living the field equations, other more modest ap- 
pioaehes have been used. These are based on mak- 
ing maximum use* of the fundamental svinmetries 
built into all physical theoiies. One attempts to 
write fot a given physical quantity, the most gen- 
eral form consistent with all the symmetries built 
into the theoix. Instead of trying to calculate the 
qnintiTy using the specific form of the theory, an 
ittempt is made to relate each such quantity to 
utile? •> In some cases this modest approach pro- 
udes information about the nature of the funda- 
mental interactions Eventually, however, the basic 
pioblem of the fundamental dynamics of elemen- 
tary particles must he faced. See Symmetry laws 
1 I’fl V sjf s ) . [k.A.J.] 

fiihlmgraphv: E. Fermi, Elementary Particles , 
1 ( >S1 ; S S. Schweber. H. A. Bethe, and F. L)e Hoff- 
mann, Mesons aiul Fields , vol. 1, 1955; II. Ume- 
/awa. Quantum Field Theory , 1956; G. Wentzel, 
Quantum Theory of Fields , 1949; see also Quan- 
ta M El ECTHODYN AMICS. 

Quantum mechanics 

The modern theory of matter, of electromagnetic 
radiation, and of the interaction between matter 
ai ‘d radiation; also, the mechanics of phenomena 
to which this theory may be applied. Quantum me- 
rhanies, also termed wave mechanics, generalizes 
d i'd supersedes the older classical mechanics and 
Maxwell's electromagnetic theory. Atomic and 
N, ihdtoniic phenomena provide the most striking 
° v idcnee for the correctness of quantum mechan- 
k aud also best illustrate the differences between 
nuantuin mechanics and the older classical physical 
tneorieN Quantum mechanics is needed to explain 


many properties of bulk matter, for instance, the 
temperature dependence of the specific heats of 
solids. These, along with numerous other applica- 
tions, are more fully discussed in the articles and 
bibliography to which this article refers. 

The formalism of quantum mechanics is not the 
same in all domains of applicability. In approxi- 
mate order of increasing conceptual difficulty, 
mathematical complexity, and likelihood of future 
fundamental revision, these domains are (1) non- 
relativistic quantum mechanics, applicable to sys- 
tems in which particles are neither created nor de- 
stroyed, and in which the particles are moving 
slowly compared to the velocity of light 

(c & 3 X 10 10 cm/sec) 

Here, a particle is defined as a material entity hav- 
ing mass, whose internal structure either does not 
change or is irrelevant to the description of the 
system; (2) relativistic quantum mechanics, ap- 
plicable in practice to a single relativistic particle 
(one whose speed equals or nearly equals c) ; here 
the particle may have zero rest mass, in which 
event, its speed must equal r; (3t quantum field 
theory, applicable to systems in which particle 
creation and destruction can occur; the particles 
mav have zero or nonzero rest mass. 

This article is concerned mainly with nonrelativ- 
istic quantum mechanics, which apparently applies 
to all atomic and molecular phenomena, with the 
exception of the finer details of atomic spectra 
(see Atomic structure and spec ira). Nonrela- 
tivistic quantum mechanics also is well established 
in the realm of low-energy nuclear physics, mean- 
ing nuclear phenomena wherein the particles have 
kinetic energies less than about 10 s ev (1 ev = 1 
electron volt = 1.6 X 10 12 erg. is the energy 
gained by an electron in traversing a potential dif- 
ference of 1 volt). Many quantum-mechanical pre- 
dictions are not as quantitatix ely accurate for 
nuclei as for atomic and molecular systems, how- 
ever, because nuclear forces are not yet accurately 
known. 

For the formal mathematical structure of non- 
relativistic quantum mechanics see Quantum the 
ory, nonrf la rivisTic. That article provides justi- 
fication for many of the assertions made under the 
subheadings immediately following, wherein are 
described the novel (from the standpoint of classi- 
cal physics) features of nonrelativ.istic quantum 
mechanics. Some of these features are retained, 
others modified, in the more complicated domains 
of relativistic quantum mechanics and quantum 
field theory. See Quantum electrodynamics; 
Quantum field theory; Quantum theory, rela- 
tivistic; Symmetry laws (physics). 

Planck’s constant. The quantity 6.61 X 10‘ 27 
erg-sec, first introduced into physical theory by 
Max Planck in 1901, is a basic ingredient of the 
formalism of quantum mechanics. Most of the fun- 
damental quantum mechanical relations, for ex- 
ample, Schrodinger’s equation and Heisenberg's 
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uncertainty principle, explicitly involve Planck’s 
constant, as do many of the well-verified conse- 
quences of quantum mechanics; for example, the 
formula for the energy levels of atomic hydrogen. 
Planck’s constant plays no role in the classical 
theories. Planck’s constant commonly is denoted by 
the letter h; the notation h = h/2-rr also is standard. 

Uncertainty principle. In classical physics, the 
observables characterizing a given system are as- 
sumed to be simultaneously measurable (in princi- 
ple) with arbitrarily small error. For instance, it is 
thought possible to observe the initial position and 
velocity of a particle and therewith, using Newton’s 
laws, to predict exactly its future path in any as- 
signed force field. According to the uncertainty 
principle (W. Heisenberg, 1927), accurate meas- 
urement of an observable quantity necessarily pro- 
duces uncertainties in one’s knowledge of the val- 
ues of other observables. In particular, for a single 
particle 

Ax Ap r J> h (la) 

where Ax represents the uncertainty (error) in the 
location of the x coordinate of the particle at any 
instant, and A p T is the simultaneous uncertainty 
in the x component of the particle momentum. 
Equation (In) asserts that under the best circum- 
stances, the product Ax Ap r of the uncertainties 
cannot be less than about 10 11 erg-sec; of course, 
with poor measurements, the product can be much 
greater than h. On the other hand, there is no re- 
striction on the simultaneous determination of po- 
sition along x and momentum along y; that is, the 
product Ax Ap u may equal zero. Other typical un- 
certainty inequalities for a single particle are 

A<t>Al z >h (16) 

A* A E'Z-p, (If) 
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In Eq. (16). the particle location is specified in 
spherical coordinates, with polar axis along z; A<j> 
is the uncertainty in azimuth angle; A/ z is the un- 
certainty in the z component of the orbital angular 
momentum. In Eq. (lr). AE is the uncertainty in 
energy; m is the particle mass. The uncertainty 
relation 

AtAE>h (Id) 

is derived and interpreted somewhat differently 
than Eqs. (la) to (lc) ; it asserts that for any sys- 
tem. an energy measurement with error AE must 
be performed in a time not less than At ~ h/AE. 
If a system endures for only At sec, any measure- 
ment of its energy must be uncertain by at least 
AE h At ergs. 

Because the numerical value of h is so small, 
and since Ap , = mAv r , v denoting velocity, the re- 
strictions implied by Eqs. (la) to (lc) are utterly 
inconsequential for macroscopic systems, wherein 
masses are of the order of grams. For an electron, 
however, whose mass is 9.1 X 10“ 28 g, h/m ~ 1 


cm 2 /sec, and the uncertainty principle cannot be 
ignored. Similarly, Eq. (Id) is unimportant for 
macroscopic systems, wherein energies are of the 
order of ergs, but is significant for atomic systems 
where AE - h/At need not be negligible compared 
to the actual energy E. See U ncertainty prinu. 
PI.E. 

Wave-particle duality. It is natural to identify 
such fundamental constituents of matter as pro- 
tons and electrons with the mass points or parti- 
cles of classical mechanics. According to quantum 
mechanics, however, these particles, in fact all ma- 
terial systems, necessarily have wavelike proper- 
ties. Conversely, the propagation of light, which, 
by Maxwell’s electromagnetic theory, is understood 
to be a wave phenomenon, is associated in quantum 
mechanics with massless energetic and momentum- 
transporting particles called photons (see Pho- 
ton). The quantum-mechanical synthesis of wave 
and particle concepts is embodied in the de Bro- 
glie relations 

X = h/p (2a) 

f= E/h (2b) 

These give the wavelength A and wave frequency / 
associated with a free particle (a particle moviim 
freely under no forces) whose momentum is p and 
energy is E; the same relations give the photon 
momentum p und energy E associated with an ole( 
tromagnetic wave in free space (that is, in 
uum ) whose wavelength is A and frequency / 

The wave properties of mattei have been demon 
strated conclusively for beams of electrons, ot m*u 
trons, of atom^ (hydrogen, H, and helium. He), 
and of molecules (Hi»). When incident upon u\s- 
tals, these beams are reflected into certain dircc 
tions, forming diffraction patterns. Diffraction pat 
terns are difficult to explain on a particle picture, 
thev are readily understood on a wave picture, m 
which wavelets scattered from regularly spaced 
atoms in the crystal lattice interfere constructiveh 
along certain directions only. Moreover, the wave 
lengths of these “matter waves,” as inferred from 
the diffraction patterns, agree with the values com 
puted from Eq. (2a), as first demonstrated by C. J 
Davisson and L. H. Germer in 1927. See Electron 
diffraction; Neutron diffraction. 

Photoelectric effect ; Compton effect. The par 
tide properties of light waves are observed in the 
photoelectric effect. When light of frequency / 
causes electrons to be emitted from a surface, all 
the electrons have very nearly the same maximum 
kinetic energy; the maximum kinetic energy is in- 
dependent of the light intensity; the number of 
electrons emitted in unit time is proportional to the 
light intensity ; as / is varied, the maximum elec- 
tron kinetic energy W varies linearly with A ,n 
fact W = hf — C, C being a constant characteristic 
of the emitting material. These observations ay e 
difficult to understand on the wave picture, wherein 
the magnitude of the electric field vector (which 
presumably exerts the force which ejects the elec* 
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tron) h proportional to the square root of the inci- 
dent light intensity, and is not directly related to 
no i limited by the incident light frequency / (see 

1 | I IIROMAGNUK RADIAIION, MaXWFLI’s FQ1TA 
,, 0 ms) The photoelectric effect is interpreted 
n<idil\ on the assumptions that the energy in the 
j, ht beam is cained m quanta of energy h = hf , 
ibii emission of an electron results from absorp 
tion ol a single quantum (a single photon), and 
rhit absorption of half or any fraction of a quan 
linn i s not possible because the photons act like 
diMicte indivisible entities Foi additional infor 
mil ion on the photoelectric effec t see PwoioHvns 
sion I he pdilule properties of electromagnetic 
w i\cs il so aie demonstrated in the Compton effec t 
vv liei c in the wavelengths of x rays art It ngthened 
scattenng fiom free electrons The change in 
wive length is predicted cjuantitativelv assuming 
the scattenng results from elastic collisions be 
tween photons and electrons and using Tqs (2 a) 
nnd 1 2b) for the photon momentum and eneigy 
Hit diffiaction of x lavs b\ crystrls was legarded 
m tht pitquantum t ra as conclusive proof that 
x t i\ w. 'in waves and not “c oi pusc les ’ Sec ( omp 
ion Mini \ u w imf i hac rioN 
lt\h tUr< nit and difjrartion Wave propagation 
i distinguished liom paiticle propagation b\ the 
pin nomen l of mtcifcrcncc and diffr ic tion ft is a 
„hih il i * s 1 1 It of wave theories that interference 
Mid diffi ic tion c ffc c Is I irgelv arc c orifinc d to an in 
l« liclilivc to t lie incident beam) which in radi 
ms repj ils ihout A d whtie d is a c h nac teristic 
limnision ol the system causing the diffiaction or 
ntnhrtnce foi examplt the width of the slit 
Minting t fie wave or tlu distance between two 
file rlc iing scattenng centers (see Detraction 
in M ic 1 1 lit \ e i oi wav is) I Ins fac l and the mag 
niliides ol \ inferred from Tq (2c/) art suffit jen 
t ♦ x pi n n whv wave effects are not observed in the. 
mpi^ihon of oidinarv macioscopir bodies but 
in be observed in the propagation of electrons 
n utron and light atoms or molecules foi exam 
I k for a mass of 1 g moving at 1 cm /sec 
V - b f> x ]0 cm But fe>r a neutron oi hydro 


t.ni atom (using p — Mi = \/2 MJ 4 where M — 

] bb 1() * g) moving at veloc it\ ecu responding 
to room temperature H00 K) h - $ 2 kl (k — 
Heilt7mann s e oristant - 1 38 X 10 1 erg de g 1 ) 
inf l \ turns out to equal 1 4S X 10 s cm For an 
•fee iron with an energy of 100 ev A = 1 22 X 10 s 
f,n 1 or a proton with an energy 10’ ev = 1 Mev 
^ - 2 88 > 10 10 cm These numerical results and 
die dis< usMon of this paragraph also explain the 
ibilitv of crystals wherein interatomic spacings 
1re 'ibcut 10 cm to give a good demonstration of 
electron and molecular diffraction, suggest the 
me d for quantum mechanics to “understand’’ 
atomic systems wherein atomic dimensions are 
dn( j P i eL t ron energies are MO ev, sug 
the need for quantum mechanics to “under 
s ^nd atomic nuclei wherein nuclear dimensions 
ar< j M0 M c m an d neutron or proton energies are 
MO Mev, an( j eX pj aln w hy q ua ntum effects are 


more readily observed m Hj and He than in heavier 
gases, and at low temperatures rather than high 
Relationship to uniertainty print iple Wave-par- 
ticle duality is intimately connected with the un- 
certainty principle in that the uncertainty in- 
equalities can be derived from analyses of specific 
experiments Por a nonrelativistic particle the con 
nection can be seen from the following argument 
which contains the basic elements of the rigoious 
formal treatment As explained later, the piobabil 
itv that the Jt coordinate of the particle will lie m 
the interval x to x { dx is \i//(x)\ dx. where ip(x) 
is called the wave function Suppose measurement 
has ascertained that the particle lies m an interval 
of width Ax centered at x = 0, that »s, measure 
merit has determined that the dependence of \p(x) 
on t is approximately as shown in big i Because 
of wave particle dualiLy the wave pac ket of Pig 1 
( an he looked upon as a superposition of waves 
Since ^(t) uses from and falls to a very small 
value in an interval Ax % the packet must contain 
waves whose half wavelengths are as small as Ax , 
furthermore it can lie proved that bee ause *p(x) 
does not change sign the picket must e emtain 
waves of very long wavelength I bus, in the packet 
the wavelengths A run fiom about 2\x to oo , the 
reciprocal wavelengths A 1 mn from about 0 to 
1 (2 Ax) But from I cj (2a) Ap - hA A 1 Hence 
Ap Ax cannot be less ihan about h/2 Considering 
the simplicity of the argument this result is close 
enough to 1 q (1//) Similarly fq (1//) can he 
understood from I q (2b) and from the fact that 
to tiansmit information u a tune A/, that js to 
turn a measuring instrument on and off in an m 
terval At it is necessary to u^e frequencies higher 
than about (2AM 1 Using Lq (1//) the discus 
sion of this paragraph suggests that in atoms 
whose dimensions Ar are about 10 s cm cue must 
expect to find electrons with energies 

P - p /2m = fi 2m (Ax) ~ 3 8 ev 

which is of the ordei of magnitude observed Sim 
ilirlv m atomic nuclei whose dimensions Ajc are* 
about 10 cm one must expect to find neutrons 
or protons with energies about 20 Mev again of 
the ordei of magnitude observed On the other 
hand if atomic nuclei contained electrons the 
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electron energies would be as high as 200 Mev. In 
computing this value it is necessary to use the rela- 
tivistic relation E ® y/m 2 c 4 + c 2 p 2 connecting E 
and p (see Relativistic mechanics). These ener- 
gies are much too high to he explained by electro- 
static forces between electrons and protons at sep- 
arations of about 10 13 cm. Thus , the uncertainty 
principle Jeads to the inference that electrons are 
not contained in atomic nuclei , which inference is 
in accord with present (1960) theories of nuclear 
structure and yff-dec av. .See Nullfar structurf; 
Radioactivity. 

Complementarity. Wave-particle duality and the 
uncertainty principle aie thought to be examples 
of the more profound principle of complementar- 
ity, first enunciated by Niels Bohr (1928). Accord- 
ing to the principle of complementarity, nature 
has “complementary** aspects; an expei iment 
which illuminates one of these aspects netessarily 
simultaneously obscures the complementaiy as- 
pect. To put it diffeiently, each experiment or se- 
quenee of experiments yields only a limited 
amount of information about the system under in- 
vestigation , as this information is gained, other 
equally interesting information (whieh could have 
been obtained from another sequence of experi- 
ments) is lost. Of tour^e, the experimenter does 
not forget the results of previous expeiiments, hut 
at any instant, onh a limited amount of informa- 
tion the information gained from the most recent 
experiment — is usable for predicting the future 
course of the system. 

The well-known double-slit experiment provides 
a good illustration of the principle of complemen- 
tarity I ight from a monochromatic point source P 
(Fig. 2) is diffracted by the two slits and S> in 
the screen Q i. On the screen Q j, an interfeience 
pattern of alternating bright and dark hands is 
formed in the region I) \l)n where th^ two diffrac- 
tion patterns (from the ‘dits and overlap. 

Assuming that P is equidistant from the slits, and 
also that the slits are very nairow compared to the 
distances PS i or S\0 , it follows that interference 
maxima (bright bands) are observed whenever 
S 2 O — SiO equals n\ , A being the wavelength of 
the light and n an integer; when S*0 — S^O = 

( n f 1 _>) A. interference minima (dark hands) are 
observed. In moving from any maximum to an ad- 
jacent maximum, the path difference S 2 0 — S\0 
changes hy precisely one wavelength. Conse- 
quently, measurement of the distance Y between 
successive maxima, and knowledge of SiS? and of 



the distance X between and 0 2 , yields \ , 

formula A = Yd/X (valid when S 3 S 2 *= d 
smaller than X). Evidently, the double-felit ex"^ 
ment is understandable in terms of, and pr 
information concerning, the wave proneni°« 
light. 1CS of 

The double-slit experiment yields no information 
concerning the particle properties of light ; m faq 
introducing the particle picture leads only to con 
ceptual difficulties. These difficulties appear with 
the recognition that reducing the source intent 
does not modify the interference pattern; after d 
sufficiently long exposure, a photographic film d t 
Qj will show exactly the same interference pattern 
D\I) 2 as is observed by the eye using a more in ten .p 
source. Since it is possible to make the source m 
tensity so low that two photons almost never will he 
emitted during the very s^iall time required for 
light to travel from P to Q 2 via either of the ‘-fits 
it is necessary to conclude that the interference 
pattern is produced by independent individual pho 
tons, and not bv interference between two or more 
different photons. On the other hand, the interfer 
ence pattern is destroyed when either of the slits is 
closed. Thus, the question arises: How < un a 
stream of independent photons, each of which prt 
sumahlv passes through only one of the slits, and 
half of which on the average pass through Si, pro 
dure an interference pattern that is desfnncd In 
closing one of the slits? Or. to put it different^ 
how can closing or opening a slit thiough whTih a 
photon does not pass affect the likelihood of that 
photon reaching an\ particular point on Q ? 

The principle of complementarity meets the^r 
difficulties wifii the assertion that the possibilitv of 
demonstrating that the photons have well-defined 
trajectories through one or the othei slit fa parti 
clelike property) is complementary to the possibil 
ity of demonstrating the wavelike property of inter 
ference Tn the double-slit experimental setup 
which has been described, until the photon is lo 
cali/ed at Q> (by the visible evidence that a ihenu 
cal effect has occurred in a photographic film) it 
is not possible to locate the photon at any particu 
lar point in space, nor is it legitimate to insist that 
the photon must have passed through only one of 
the slits. Moreover, according to the principle of 
complementarity, modifying the experimental 
setup so as to localize the photon at one of the slih 
and thereby to determine through which slit the 
photon passes, necessarily destroys the interfer- 
ence pattern. This last assertion is supported by 
analysis of various photon-detection schemes, rec- 
ognizing that the proposed experiments perforce 
are entirely Gedanken (in the mind) ; an actual 
measurement of the slit through which the photon 
passes demands extreme precision, and to this date 
(1960) has not been attempted. It is concluded that 
quantum mechanics involves no inconsistencies or 
paradoxes. From the standpoint of the complemen- 
tarity principle, the questions of the preceding pa r * 
agraph, and other similar difficulties, rest always 
on the specious assumption of more information 


Fig. 2. Double-slit experiment. 


than actually is obtainable. See Superposition, 
PRINCIPLE of. 

Tl ie limitations on the experiments are imposed 
I the requirements of the uncertainty principle, 
pL (1). and wave-particle duality, Eqs. (2). To 
illustrate the analysis, suppose indicators (sym- 
bolized bv circles), free to move in the vertical y 
direction, are placed immediately behind the slits 
S and S 2 in Fig. 2; the recoil of an indicator 
sonifies a collision with a photon and places the 
photon at the indicator. In order that the recoil 
establish the slit through which the photon has 
passed, the uncertainty in the vertical location of 
earh indicator must be much less than d/2. Ac- 
rording to Eq. (la), this means that the vertical 
momentum p u °f each indicator will be uncertain 
In an amount A/)„ > > 2 h/d. There can be no as- 
surance that the indicator has recoiled unless 8p w , 
the momentum transferred from photon to indica- 
tor. equals or exceeds A p y . When the slits are nar- 
row and X > > d, a momentum transfer 8p i; de- 
flools the photon through an angle 0 ~ 8 p f/ /p, and 
i hanges the point F where the photon strikes the 
screen by an amount A Y = OX X 8p v /p, with 
p ~ h A, Eq. (2a). It follows that when there are 
observable recoils localizing the photon at one of the 
slits, then AF >> XX/ttH; that is, AF > > F/tt, 
wheie 1/2 = XX 2d is the distance between ad- 
ijrcnt maxima and minima of the interference pat- 
vin Thus, determining the slit through which the 
photon passes necessarily gives the photon an un- 
conttollable random vertical deflection (on the 
screen (Aj), which is very much larger than the 
distance between adjacent maxima and minima. 
Flie photons now spread with uniform intensity 
ovei vertical distances AF, which are large com- 
pared to the original widths of the light and dark 
interference bands; in other words, the interiu- 
1'iicr pattern is destroyed. 

Quantization. In classical physics, the possible 
numerical values of each observable, meaning the 
possdde results of exact measurement of the ob- 
servable, generally form a continuous set. For ex- 
ample. the x coordinate of the position of a particle 
mav have any value between — oo and -foo; 
similarly p f , the x component of momentum, may 
heue any value between — oo and -foo; the kinetic 
energy T of a particle may have any value between 
U and -j-x; the total energy (kinetic plus poten- 
hdl | of an electron in the field of a proton may 
have any value between — oo and -foo; the orbital 
angular momentum vector 1 of a particle moving 
ln a central field, for example, an electron in a 
Hydrogen atom, may have any magnitude between 
A and oo ; if the magnitude of 1 is known to he /, 
l hen, since the plane of the orbit may be arbi- 
trarily oriented, the z component of 1 may have 
ttn y value between —l and +/. In quantum me* 
thanics, the possible numerical values of an ob- 
^tvable need not form a continuous set, however. 

or some observables, the possible results of exact 
me ®surement form a discrete set; for other ob- 
serv ables, the possible numerical values are partly 
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discrete, partly continuous; for example, the total 
energy of an electron in the field of a proton may 
have any positive value between 0 and +oo, but 
may have only a discrete set of negative values, 
namely, -13.6, -13.6/4, -13.6/9, -13.6/16 
ev Such observables are said to be quan- 

tized; often there are simple quantization rules 
determining the quantum numbers which specify 
the allowable discrete values (see Quantum num- 
bers). For example L 2 , the square of the orbital 
angular momentum of a particle, must equal 1(1 + 
l)h 2 , where / is zero or a positive integer; the 
only allowed values of J-', the square of the total 
angular momentum (orbital angular momentum 
plus intrinsic angular momentum oi spin), are 
J 2 - id + 1 )A 2 where j = 0, 1/2, 1, 3/2, 2, . . . ; 
that is. jh is an integral or half-integral multiple 
of h/2ir. If the magnitude of the total angular 
momentum is given by some one of these values, 
]h = 3A/2 for example, then the only allowed 
values of the z component ], of J are: —3 A/2, 
-h/2< h/ 2, 3A/2; that is, for a given the al- 
lowed values of ]<* = — /, —j- j- 1, — j f 2, . . . , 

J — 1, /, in units of h. On the other hand, the pb- 
servables x , p r , and T for a relativistic particle are 
not quantized and these observables have precisely 
the same allowed values in quantum mechanics as 
they do classically. In the formal theory, each ob- 
servable is a linear operator, whose eigenvalues 
(characteristic values) are the allowed values of 
that observable. The set of eigenvalues is termed 
the sped rum of the operator, which spectrum may 
he discrete, continuous, or mixed. 

The fact that nature is quantized has been amply 
verified experimentally. For instance, the quantiza- 
tion of energy and momentum in light waves is 
demonstrated in the photoelectric and Compton 
effects, described earlier. 

Stern-Gerlach experiment. The quantization of 
angular momentum is strikingly exhibited in the 
Stern-Gerlach experiment, wherein a beam of, for 
example, hydrogen atoms moving through a region 
of space containing an inhomogeneous magnetic 
field breaks up into two separate beams. Classi- 
cally, the force on a hydrogen atom in an in- 
homogeneous magnetic field depends on the angle 
between the magnetic field and the plane of the 
electron’s orhit. Thus, classically, the original 
beam, in which all orientations of the plane of the 
orbit are possible, is expected to’ spread out or 
defocus in the inhomogeneous magnetic field, but 
is not expected to form two distinct focused beams. 
Formation of two beams agrees, however, with the 
quantum mechanical prediction that the square of 
the total angular momentum of atomic hydrogen is 
J 2 /= 3A 2 /4 = %(%+ 1 )A 2 , and therefore, that the 
vector J (which classically always is perpendicular 
to the orbit plane) must be either parallel or anti- 
parallel to the applied magnetic field (along z ) ; 
for these two directions of J, and only for these 
two, the value of /* equals one of the permitted 
values h = — h/2 or J, * A/2. The Stern-Gerlach 
experiment also can be performed with beams of 
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other atom** and molecules, as well as with neutron 
beams. In all eases, the observations agree with 
quantum mechanical expectation. Refinements of 
the experiment yield accurate measurements of the 
parameters characterizing the magnetic interac- 
tions of atoms, molecules, and atomic nuclei. See 
Magnetic resonance; Molecular beams; Nu- 
clear moments. 

Atomic spectra . Spectroscopy, especially the 
itudy of atomic spectra, probably provides the 
most detailed quantitative confirmation of quantiza- 
tion. Granting that the energy in a light wave is 
quantized, it follows from conservation of energy 
and Eq. (2b) that when an atom emits a photon of 
frequency /, its initial energv E, and final energy 
Ef after emission are related by the equation 

(3a) 



E, - E f = hf 

Similarly* when a photon of frequency f is ab- 
sorbed. the initial energv E',, and final energy E'j 
after absorption, satisfy 

E' f -- E/, = hf (M) 

Tn quantum mechanics, as in classical mechanics, 
an electron remains in the virinitv of a proton, that 
is, it is “hound" to the proton, when and onl\ when 
the magnitude of its kinetic energv T is less than 
the magnitude of its negative potential energv V 
(V is set equal to zero at infinite separation). Thus, 
the total energv of a stable hvdrogen atom neces- 
sarily is negative; in other wolds, the onlv allowed 
energies of atomic hvdrogen are — ft / n' J , where n 
is an integer and R — —13.6 ev. Consequently, the 
radiation emitted hv atomic hvdrogen must consist 
of a discrete set of frequencies, or lines, obeying 
the relation, from Eq. (3 a ) , 


pre< ise as foi hydrogen. All the 
however, that the discrepancies ___ 
Schrbdinger equation cannot be solved 15 ^^ ” 
manv-electron atoms, so that the theoretical V " 
dictions necessarily are approximate. If ^ 
mations were not necessary (for example if 
feet computing machines were available), the/” 
every reason to think that the predictions of th* 
Schrodinger equation would be exactly correct * 
cept for the aforementioned small relativistic a j 
field theory effects. 8 

Probability considerations. The uncertainty and 
complementarity principles, which limit the experi- 
menter’s ability to describe a physical system 
must limit equally the'i experimenter's, ability 
predict the results of measurement on that system 
Suppose, for instance. 


1 h \n s mV 


(4) 


where m and n are integers, m > n. This simple 
argument provides a convincing explanation of the 
observation that atomic hydrogen has a line spec- 
trum and not a continuous spectrum ; in other 
words, it radiates discrete frequencies rather than 
a continuous hand of frequencies. The observed 
lines very accurately satisfy Eq, (4) ; moreover, 
except for small relativistic and quantum field 
theory effects, the nonrelativistic Schrodinger 
equation accurately predicts not merely the fre- 
quencies of the lines, hut also their relative in- 
tensities and widths. Because, on the average, the 
levels E, and E f of Eq. (3 a) endure only for a 
limited time, their energies are uncertain by an 
amount Aft, as explained in the earlier discussion 
of the uncertainty principle; therefore, the ob- 
served lines have a width not less than A/ ~ 
h l (Aft, -f Aftf) according to Eq. (3a). Heavier 
atoms have more complicated line spectra than 
hvdrogen, and the frequencies they emit cannot he 
described by formulas as simple as Eq. (4). For 
these atoms, the agreement between experiment 
and the predictions of the nonrelativistic Schrb- 
dinger equation, though always very good, is not as 


a very careful measure- 
ment determine s that the x coordinate of a particle 
is precisely r = r 0 . This is permissible in nontela 
tivistic quantum mechanics . Then formally , the 
particle is known to be in the eigenstate cor 
responding to the eigenvalue x =■ Xn of the x oper- 
ator . Under these circumstances, an immediate 
repetition of the position measurement again will 
indicate that the particle lies at x = r„; if the 
particle is moving in a one-dimensional force field 
described hv the potential l'(x), the particle’s po- 
tential energv will he exactly J ( Vn). Knowing thai 
the particle lies at r — r 0 makes the momentum p 
of the particle completely uncertain, however, a< 
cording to Eq. (la). A measurement of />, imnfrdi 
atelv after the particle is located at \ = r (> multi 
vield any value of p, from — x to 4- so ; a measure 
ment of T = p, V2m could vield anv value from 0 to 
Too, and in frfet, the average or expectation \ dint 
of T in these t ircumstances would he infinite. 

More generally, suppose the system is known to 
he in the eigenstate corresponding to the eigen 
value o of the observable A. Then for any ohserv 
able ft, whhh is to some extent complementary to 
4 , that is. for wlueh an uncertainty relation of the 
form of Eqs. (]) limits the accuracy with whnli 
A and ft can simultaneously he measured, it is not 
possible to predict which of the manv possible 
values ft a* ft will he observed However, it is pus 
sihle to predict the relative probabilities PA ft) «>i 
immediatel} thereafter finding the observable B 
equal to ft, that is, of finding the system in the 
eigenstate corresponding to the eigenvalue ft = ft 
If the system is prepared in the eigenstate a of 4 
a great many times, and each time the observable 
B is measured immediately thereafter, the average 
of these observed values of ft will equal the ex- 
pectation value of ft, defined as 

(B) = 2pP a (0) 0 

summed over all eigenvalues of ft; when the spec- 
trum is continuous, the summation sign is replaced 
by an integral. To the eigenvalues correspond 
eigenfunctions, in terms of which P ( ftft) can k 
computed. In particular, when a is a discrete 
eigenvalue of A , and the operators depend only on 
x and p r , the probability P t Aft) is postulated to k 
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p a (fi) dx v*(x,ff)u(x,a) ((>) 


I t H (,„ ) IS the eigenfumlion < orresponding 
" * | « i ( x.j 8) is the eigenfiiru lion correspond 

,0 > to li = /?, «wd l ^ e asterl ‘ , ' v denotes the com 
(oniugate Since measurement of A in the 
state A = « rai,st y> eld t * ie resldt A = a, it is nec- 
; s ; ary that the states u(x,a) satisfy the normaliz- 
f a nd orthogonalizing relation 


I f“ dx u*(x,a')u(x,a) | 2 = S aa > (7) 

I J— 00 1 

| w |ier< 8,-0 when a -A </ (eigen functions orthog- 
(||H |I dl1 d 8 = 1 when a = o' (eigenfumtions 

1 noimih/ed) , the eigenfunctions v(x,(i) are simi- 
'itrlc orthonormal Ihe integral in Eq (6) is 
‘ t ,'|ed the protection of «(*,<*) on The 

ptoiection ot the eigenfunction corresponding to 
| n on the eigenfunctions of the \ opeiator is 
,{ Xa ) and | // ( jt a ) | dx is the probability that 
the* system known t< be in the eigenstate A ~ o, 
vmII ht found in the inteival Jt to \ 4- dx 

Ilu formalism just desenbed embodies the cs 
nihil fcatuie that euh measurement on in in 
liwduil system as it develops new infoimation 
iMttvmrilv loses or makes untrut some informa 
ti m ^ained in the past in fact this formalism 
1 ids to a rigorous derivation of the uncertainty 
if 1 it ions 1) For example suppose fi is measured 
with the system in the state 4 a and it is 
1 uml th it H [3 e\a<llv Ihe act of measurement 
fit iess it il\ md unavoidably distill hs the system 
with the result that liter the measurement tht svs 
mi is m tlu eigenstate i (/3 x) Afte r the measure 
mt nt the relore it no longer lstertain that / — a 
itl » r tht probability of finding 4 = a is /Mo) 
v\ hr h by F c | (6) equiJs/ J ([j) Thus after start 

m r with t <\ and then measuring fi = [3 it i 
I M i to finu that 4 equ iK o' a tv Of course as 

ti sst d pieviously these considerations die unim 
i Ml mt lor mat lost opu systems where the Innita 
li ii" imposed by the uncertainty print iplt are 
in onseqtK ntial Lven if all observations were 
Mnmtly u t urate by usii il standards when the 
n menhim p of a 1 g mass at i is measmed the 
I *t ion i immediately thereafter should he in 
l |s tmguishable from x Were i' and \ distinguish 
d.h the parlitlc position seemingly would have 
hinged dise ontinuously from i to \' etmtrary to 
‘h (lissit d (rnae rose opu ) experience 
I his formalism yiehls predictions in exe client 
V^ement with obseivation, furthermore it can be 


e< n ilia! the formalism is internally consistent 
* ,ls <quenll\ the following doctrine embodied in 
die formalism. appears well established although 
11 s possible to predict the average of a large num 
,u 1 °1 observations on identical systems the re 
,J h of a measurement on a single (microscopic ) 
w<in generally is unpredictable and largely a 


jnditei of chance Nonetheless, some physicists 
luv ' if fused to accept this inherent indeterminancv 
nature and believe that this doctrine is a serious 
( p h if nt y of present physical theory To put the 


problem in simplest terms consider a giam of ia 
dium <onf, miing approximate Iv 10 1 atoms Ac 
c ending to generally accepted tlieoiy, it is not pos 
stble to prtdut when any one atom will clecav hut 
it is possible to pie die t very accurately the average 
number of atoms decaying every second The ob- 
je< tors to this doe trine feel that it must be possible 
to predu t the subsequent history of every individ- 
ual atom, failure to do so represents, not an in- 
herent indeterminism in nature, but rather a lack 
of obtainable information -and therefore a lack of 
understanding concerning the mechanism of ra 
dioactive decay To mention but one possible alter 
native nomelativistn quantum theory can he rein 
teipreted in term" of hidden variables which m 
pi me i pic determine the piecise behavior of an in 
dividual system hut whose values arc not aster 
lamed in measurements of the type which now can 
be earned out Ibis alternative has not led to new 
predu lions however and contains some unappeal 
mglv i d ho( featuits Sc < (aisuhy PitoBMmm 

IN PHYSICS 

Wave function. Winn the sysftm is known to be 
m the eigenstate < or responding to i *= cv the 
eigenfunction u{ \ a) is the wave function that is 
it is ilit function whose projection on an eigc nfunc 
turn t{\/3) of an\ observable fi gives the prob 
ability of measuimg H - [3 I ht wave function 
\f.{x) may be known exactly in other words the 
state of the system in iv ht known as exactly as 
possible (within the limitations nt unc er taintv and 
< omplc me nt li ltv ) even though \j 1 \ ) is not the 
eigenfunction of i known ope r Hot I hrs < rrcum 
stance arises bet msc the w ivc function obeys 
Sthiodingcr s wave equatu n Knowing the value 
ot (/ ( i ) it time / 0 the wave equation corn 

pletelv determines yl\) at ill future times In 
gc nt ral howtyer if i/(yO) -//(co) that is if 
i/(x/) is an e igenfune tion of / it t = 0 then 
(/ ( r /^ will not be an eige niurn turn of 1 at lettr 
tune- t 0 for example suppose at t - 0 a fiee 
piitule (i particle moving under no fonts) is 
known to he in an eigenstate for whie b the uneti 
tainty in x rs (AO( (Ai) is approximately the* 
x interv il within which |^( i Of is not negligibly 
small ‘suppose furthei that at t - 0 the product 
of the uncertainties in positron and momentum is 
as small is possible (A*) (A p )< /i, compare 

Fq (\a) 1 lu u it e an lie proved that (Ai), the 
uncertainly m i at time/, sjtisfres 

(A*), [(A^o’+^fApJo 2 ] 1 2 (8) 

wheie m is ihe particle mass Equation (8) is 
readily interpreted The root mean square spread 
at tjme t results from (Ar) 0 and from an uncer- 
tainty m the distance the particle has tiaveled the 
latter uncertainty is /(At; )o - f(A/> ) 0 / m If 
(Ajc)o = 0, meaning \l/(x,Q) is an eigenfunction of 
the x operator, (Ax) t i* infinite showing that 
[ p(x,t) cannot be an eigenfunction of the x opeia- 
tor When the particle is free, the piojections of 
the wave function on the eigenfunctions of the mo- 
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mentum operator do not change with time, cor- 
responding to the classical result that the mo- 
.mitwi of a free particle does not change. Thus, 
lity of measuring any value of the mo- 
WesAum does not change, (Ap r )f * (Ap r )o, and 
Eq> (8) shows that (Ax)t (A p r )t grows with time 
particle, whatever the value of (A*)o, 
f (Ak#)o (Apjr)ossfc- Nonetheless, $(x 9 t) 
no less exactly than the initial wave func- 
tSoti ty(xf)). The magnitude of A* A p x at any in- 
stant is no measure of the exactness with which 
the state of the system is known ; increased uncer- 
tainties in position or momentum may be the price 
for increased certainty in the value of some other 
observable. 

A system described by a wave function is said 
to be in a pure state. Not all systems are described 
by wave functions, however. Consider, for example, 
a beam of hydrogen atoms streaming in the x di- 
rection out of a small hole in a hydrogen discharge 
tube. According to the formal theory, if the beam 
were described by a wave function if/( t), then 

\p(x) = CO) u*(z) + C U) a ( 2 ) w 

where u*(z) is the eigenfunction corresponding to 
finding a hydrogen atom with its z component J z 
of total angular momentum equal to h / 2\ 11 ( z ) is 
the corresponding eigenfunction for finding J+ = 
—h/2; lC,(x)l 2 is the probability of finding J z = 
h 2 af any point x along the beam; \C (r)|" is the 
corresponding probability of finding — — h/2. 
Since there are only two possibilities. = d -h/2, 
|£ + (t)| J -f jC (x )/“ = 1, and since there seems no 
reason to favor either of these possibilities, it is 
reasonable to suppose that |C + (*)| 2 = | C (x)j 2 = 

V>. As Eq. (9) shows, however, to specify ip(x) it 
is necessary to know not merely the relative mag- 
nitudes of the complex numbers CJx) and C (*), 
but also their relative phase. It can he shown that 
each choice of relative magnitude and phase of C, 
and C corresponds to a direction y for which 
there is probability 1 of finding J ^ = h/ 2, and 
probability zero of finding = —h/2 (see Trans- 
formation 111 lory, quantum). Thus each choice 
of relative magnitude and phase of C and C puts 
the system in an eigenfunction a f (y) or u (y), 
that is, in a pure state. On the other hand, the dis- 
charge tube singles out no particular direction in 
space, so that in a Stern-Oerlach expeiiment the 
original beam must break up into two beams of 
equal intensity, whatever the direction of the ex- 
ternal magnetic field. Consequently, the original 
beam is not in a pure state, but can be regarded as 
a statistical ensemble or mixture of pure states 
oriented with equal probability in all directions. 
Equivalently, Eq. (9) can be used for the original 
beam, provided calculations are averaged over all 
relative phases ol C , and C . The distinction be- 
tween mixtures and pure states is strongly analo- 
gous to the distinctioa between polarized and un- 
polarized light beams; consequently, beams of 
particles in puie spin states are termed polarized. 


Schrddinger equation. The 

\f/(x,t) - A(\) exp 

describes a plane wave of frequency/, wavel en 
A, and amplitude /1(A), propagating m the p 
tive x direction (see Wave motion). The previ * 
discussion concerning wave-particle duality 8 , ^ 
gests that this is the form of the wave function for 
a beam of free particles moving in the x direction 
with momentum p » p X9 with Eqs. (2) specifym 
the connections between /, A and E t p. Diffeientiat 
ing Eq. (10), it is seen that 




Eip = hf+ = 


hfy 
1 dt 


(Ha) 

(Ml 


Since, for a free particle E = p*/2m , it follows 
also that 


-h 2 dhp hdf 

— - =■ noi 

2m dx 2 i dt 

Equation (12) holds for a plane wave of aibi 
trary A, and therefore, for any superposition of 
waves of arbitrary A, that is, arbitrary p, Coiw 
quentiy, Eq. (12) should be the wave equation 
obeyed by the wave function of anv particle mm mg 
under no forces, whatever the projections the 
wave function on the eigenfunctions of p, E qua 
tions (13) and (12) further suggest that for a par 
tide whose potential eneigy V ( x ) (hanger, in other 
words for a /article in a conservative lone fitld 
\p(xj) obeys 


— h 2 d 2 ^ 
2m dx 2 


+ V(x)yp - - 


h dip 
1 dt 


(HI 


[see Forcf) Equation (13) is the time-dependent 
Schrodinger equation for a one-dimensional (along 
x), spinless particle. Noting Eq. (116), and oh 
serving that Eq. (13) has a solution oi the form 

tf/(x ,t) = if/(x) exp (— lEt/h ) (141 

it is inferred that of Eq. (14) obeys the 

time-independent Schrodinger equation 




(W 


Equation (15) is solved subject to reasonable 
boundary conditions, for example, that p must be 
continuous and must not become infinite as > ap 
proaches =boo. These boundary conditions restrict 
the values of E for which there exist acceptable 
solutions if/(x) to Eq. (15), the allowed values of 
E depending on V(x). In this manner, the allowed 
energies of atomic hydrogen listed in the earlier 
discussion of quantization are obtained. When a 
ip(x) solving Eq. (15) exists, all probabilities in- 
ferred from the corresponding i//(x t t) are inde- 
pendent of time; see Eq. (6). Thus, the allowed 



I , gifs E of Eq. (15) arc the energies of the 
{"nonary states (states not changing with time) 
wVh’/sWein (see Siationary siaii). 

; lh ( forms of Eqs. (11 a), (IQ, and (15) sug- 
i t i lt the classical observable p 3 must be re- 
i placed b> the operator (h/i)(d/dx). With this 
[ replttt ement 

(xpx-pTx)'l' m ify (16) 

In other words, whereas the classical canonically 
■ conjugate variables x and p z are numbers, obeying 
the commutative law 

xp x — PxX = 0 (17a) 

the qinntum mechanical quantities x and p x are 
noncommuting operators, obeying 

xpr — p,x = ih ( 176) 

In tl,e formal theory, the noncommutativity of x , 
p lead 4 - directly to die uncertainty relation (la). 
Tor a derivation of Eq. (la) from Eq. (176), as 
well ^ for generalizations and more sophisticated 
derivations of Eqs (11), (13), and (176), see 
MuRIX MICHANlCb. QtJANIUM THFORY, NONRELA- 

PMsric also IIamii ton’s equations of mo- 
iio\ 

Correspondence principle. Since classical me- 
i hani( s ami Maxwell’s electromagnetic theory ac- 
Mirdlclv describe macroscopic phenomena, quan- 
tum me< hanu s must have a classic al limit in which 
it is equivalent to the older classical theories. Al- 
1 1 i ( tii git theie is no rigorous proof of this principle 
for arhitranlv complicated quantum-mechanical 
m ■>l<ms its validitv is well established bv numer- 
ous illustrations, such as those mentioned in the 
pic ceding discussions of the uncertainty principle 
ind wave particle duality In general, the classical 
limit is jpproac hed when (l) 6 — » 0, (ii) the mass 
l>e« omes laige, (iii) wavelengths become small; 
liv) dimensions become large, (v) quantum num- 
liors hec orne large (The notation 6 — » 0 refers to a 
mathematical operation in which one adheres to a 
fixed set of values of the other quantities involved 
and considers the effect of making h smaller and 
^mailer) These simple criteria must be employed 
iditiouslv, since they have not been stated in terms 
dimensionless parameters; obviously the classi- 
fy! limit in (n) for instance, cannot depend on the 
unit of mass. Nonetheless, these criteria are useful 
guides, for example, Eq. (17a) is the limit of Eq. 

( 176) as 6— > 0. 

before the introduction of the Schrddinger equa- 
tion (1926) made possible exact determination of 
energy levels and related quantum numbers, the 
r orrespondence principle was very effectively em- 
planed as a heuristic means of arriving at the quan- 
tization rules. In particular, for periodic orbits, 
there was evolved the rule 

£pdq**nh ( 18 ) 

where n is an integer ; q and p are canonically con- 
jugate position and momentum variables, and the 
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integration is performed along the orbit for one 
complete cycle. See Hamilton-Jac obi theory; 
PmtlRBAriON (quantum mm hanics) . 

Equation (18) is not always exact, hut nonethe- 
less is useful, especially in the limit of high quan- 
tum numbers. In the case of a one-dimensional 
harmonic oscillator, for example, whose classical 
frequency is / and whose potential energy is V (*) 

27 r 2 m/ 2 * 2 , Eq. ( 18 ) implies that the allowed ener- 
gies are 

E - nhf (19 a) 

whereas the correct result, deduced from the Schro- 
dinger equation, is 

E = (n + h) hf (196) 

{see Harmonic oscillator). The existence of the 
zero-point energy Y> hf in the ground state n = 0 
has been confirmed in anal>ses of molecular spec- 
tra, and has significance for many phenomena; for 
example, see Ionic crysials. 

Quantum statistics; indistinguishability. Equa- 
tion (18) mean® that the allowed orbits, plotted as 
functions of q and p, have area nh % the area be- 
tween two allowed orbits equals h. Since, in classi- 
cal statistical mechanics (i) all orbits are allowed; 
and (ii) the statistical weight of a volume dq dp of 
q , p (phase) space is proportional to dq dp, the 
correspondence principle suggests that in quantum 
statistics each allowed orbit replaces a set of clas- 
sical orbits which cover an area h when plotted in 
the q, p plane (see Boltzmann staiistics; Quan- 
tum statistics; SlAtlSIKAL MM HANK S ) It fol- 
lows that in quantum statistics: (i) each allowed 
quantized orbit should have the same statistical 
weight, which may be set equal to unity; (ii) with 
unit weight for a quantized orbit, the weight of an 
unquantized volume dp dq of phase space must be 
(dp dq) /h Because the average number of atoms 
in a state of energy E is proportional to exp 
( -F 'kT), where k is Boltzmann’s constant and T 
the absolute temperature, it is reasonable that 
quantum statistics yields different predictions than 
classical (Boltzmann) statistics when the energy 
level spacing is large compared to kT. However, in 
the limit that the level spacing becomes small com- 
pared to kT , which corresponds to the limit 6 — » 0, 
quantum statistics must be equivalent to Boltz- 
mann statistics The quantum theory of specific 
heat and the theory of black-bodv radiation illus- 
trate and confirm the considerations of this para- 
graph. See Heat radiation; Specific hlai of 
solids. 

Quantum statistics is further complicated by the 
fact that identical particles are indistinguishable. 
Classically, if two He atoms in their ground states 
are placed in a box, the statistical weights of states 
are computed as if the atoms can be distinguished, 
that is, as if each atom had an identifying mark. 
Quantum mechanics lejects the possibility of this 
identification, and simultaneously modifies the sta- 
tistical weights which otherwise would be used in 
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computing statistic al averages Formally, this mod 
lhoation is accomplished In insisting that tor a 
system of identical particles, the wave function 
must he symmetric in the cooidinates of all the 
particles, including spin coordinates specifying 
spin orientations if the partic les have intc gral 
spin, namely 0, /?, 2 ft, , and antisymmetric 

in the coordinates of all the particles including 
spin coordinates if the particles have half integral 
spin namely ft 2 dft/2 Sft 2 (see Bos* Ein 

STFIN STATISTICS FlHMjDlNAC SlATISIl(s) \ 

symmetric wave function is unchanged undei mtei 
change of coordinates foi example for two parti 
cles f(ri rj = cos ( *, - r_) is symmetric an 
antisymmetuc wave function changes sign undei in 
tcrchange of coordinates tor example \p(x it ) ~ 
sin ( ti - v„) is antisymmetric It is postulated 
that wave fune tions having othei symmetiv prop 
cm ties than these specified heie never occur and 
therefore must riot lit* included in any enumeration 
of available slates even though without these sym 
metrv rest! i< tions they might he a< ceptable solu 
tions of the Sehrodmger ecpiation (for the manv 
paitule system) 

These symmetry restrictions have profound < on 
sequences for macroscopic as well as microscopic 

sic ms and aie extremely well established for nu 
clei as well as atoms The reason foj the conntc 
tion between spin and statistics is bound the scope 
of this article hut appeals to he a < onsequenc e of 
requirements imposed hv the spe< ial theory of rel 

ativitv Sec Exclusion prinupl* |tc, ) 
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Quantum numbers 

The integial or half integral numbers which char 
ac te rize the disc re te e nergv state s of an t lenn ntar> 
j>di t icle oi system of particles such as an atom or 
molecule In quantum mechanics then possible 
values arc obtained hv solving the wave equation 
foi the appropriate system Since angular momen 
turn and the component of angular momentum m a 
given direction, are frequently restricted to quan 
tiztd values, inamv kinds of quantum numbers give 
a measure of the corresponding angular momentum 
in quantum units of ft/2r , or ft, where h is Planck’s 
c onstant 

For atomic systems the important quantum num 
hers aie called the principal quantum number, the 
orbital quantum number the spin quantum number 
the total angular momentum quantum number, and 
the magnetic quantum number 

The principal quantum number, n , appears m 
the expression for the energies of the hydrogen 
atom which are proportional to — 1 /ji 2 ( see Atomic 
strik TURF AND spfftra) Possible values of n are 


1 2, 3 etc In the original Bohr theory, n appealed 
as the sum of the radial and a/imuthal quantum 
numbers, measuring the coi responding momenta 
and was formerly referred to as the “total quantum 
number ” 

The orbital (azimuthal) quantum number / 
gives the orbital angular momentum of a single elec 
tron m a particulai energy state It can be shown 
that this angular momentum is y/I{l f 1) h 
Quwii m mm hanks) If the stutc has principal 
quantum number n possible values of I are 0 1 

2 (n - 1) Closely related to I is the quan 
turn number I of the total orbital angular momen 
turn of two or more elections, which is also sonic 
hints called the azimuthal quantum number Lice 
trons are denoted s p d ttc for values of / = () 1 
2 etc and atomic states \ P, D c tc for / - Q 
1 2 etc 

The spin quantum nurnbtr S, spec ifies the n 
sultant angulat momentum of the election spins 
The spin of each electron is s = 1 quantum unu 
and possible values of S represent llgc bran sums 
of the individu il \s Hie spin quantum number de 
termincs the niulhpln it v of an atomic term this 
multiphc itv Ire mg 2S | 1 

The quantum numhti of the total angular mo 
mentum / lepic scuts m I S coupling tlifr quin 
ti/ed vector resultant of / and S It can he defined 
lor an atomic state whelhc i or not I S « oupling, jv 
ipprnpnate For a single electron tills quaifhmi 
numbe r is rc pre serried b\ a small l 

Tin magnetic cpi mtum nnrnhei M me asines the 
component of 1 piopctecl in a fixed direction such 
as that of an/apfilicd dec tile ot m ignetn field 
I he symbols M, 1\1 mi and m re pit sent tlir 
quantized e omponr nts of I S / s respeetiv 1\ 
\ny magnetic quantum number givts ac cur lie I 
the component of the corresponding angulai mo 
mentum in units of h 

Other quantum numbeis are necessary foi t 
description of the energy states of molecules md 
atomic nuclei and foi the ehaiac tenzation of the 
several elementary particles found m hightneig' 
nuclear ph\sns See Fimvomaky iariicii Mo 
I M T I AR S1RI ( n HV AND SPM IRA Nl C I FAR SlRU 
TIIRI [FA/ 1 

Quantum statistics 

The statistical desenption of particles or system 1 ' 
of partie les whose behavior must he described In 
quantum me< hanie s rather than hv classical me 
ehanie s As in classical that is Boltzmann stati** 
ties the interest renters on the construction of ap 
propnate distribution functions However, whereas 
these distribution functions in classical statistical 
mechanics describe the number of particles in 
given (in fact finite) momentum and positional 
ranges m quantum statistics the distribution fun c 
tions give the number of partie les in a group of 
discrete energy levels In an individual energv 
level there may be according to quantum n* e 
chanics, either a single particle or any numbei of 
particles This is determined by the symmetry char 



163 


ltUr of the wave function* For antisymmetiir 
a/( functions only one particle (without spin) 
riiav occupy a state, for symmetric wave functions 
,nv Tiumher is possible Based on this distinction 
il n ie are two separate distnbutions the F c 1 in i 
|)iri< distribution tor systems which die descubed 
J)\ antisymmetric wave lunctions and the Bose 
i in tc m distribution foi systems des< nbeci bv svm 
m , ti m wave func tions 

In icJalivistu quantum tbcor\ it is shown that 
j irtic lc s having integer spin iiMessaiilv obey 
pnse I instun statistics while those basing half 
intern r spin necessarily obey Feimi Dn n statis 
t J( ^ (Particles obeying Bose b instcin statistics aic 
often called bosons, paiticlcs obeying Feimi Diiac 
stiti^Mcs fermions) For suflu ic ntlv high tempeia 
tuifs both toims ot distnbution functions go over 
into the familiar Bolt/mann distnbution although 
^tinllv speaking no system is coriectls descubed 
tins distnbution In practice of couise the 
If Jt/m'inn distribution gives an exceedingly good 
eh sc upturn of the experiments but there aic situ 
itious mm h as those involving the behavior ol elec 
lion- in metals and I ic|ind helium whtie the cjuan 
turn eh s< upturn is csscntiil Sec Bosi- Finsihn 
i \ 1 1 s 1 1 ( s IirmiDiiiac sFxiisncs see a/so 

tfol I / M \ VS SIMISIICS | \C I I SION HUM II I l 
km l|( IlllOin Ol M M II H Ol \MI M MH HAN 
|s Ol \MI M IHlOlcy \ONKH A IIVISIIC Ot \N 
II M I II M IK Y 111 I \ 1 1\ Is 1 |( Slix ( Ol AM I l VI MY 
IIWlcsl S| \ IIslK AL MlCHVNICS | M l)R | 

Quantum theory, nonrelativistic 

Hit mod) in llirmx of nnlttr anil its inieraition 
Mill c Ic c liom ipjx tic licbilion applicable to --vs 
I m- nl mite nil particles which move slowlv coin 
I ir< cl to tlu vclocitv ol light and winch ire ncitliei 
if ilc d noi dc strove d 

Mils ii tn |c details tlu form ll strut lute of quari 
turn tin or \ which c in he simimin/etj in tlu foim 
I postuhtts is unc (jmvcu al as m Ntwlons laws 
I c 1 issK i| mec h unc s a less logically ngoious 
I tc sc illation is adopted here howtvei Fven so the 
n uh i unfamiliar with (juantum tlieoiv is advised 
rc ul first mother article ( sc < Qt ami M Mr 
mi \ >i( s ) which more qualitatively discusses the 
novel (fiom the standpoint of classical physics) 
hiturcs of nonrelativistic quantum theory 

Ihe-c two articles attempt to make convincing 
thr thesis that the formalism of nomelativistic 
Wiintum theory is an unarbitrarv and physically 
n tunable extension of the older classical theories 
belief in quantum theory stems as much from ac 
Mptance of this thesis as from the broad range 
barely hinted at in these articles, of successful ap 
plication of the theory tor added details concern 
,]1 K special formal topics see Matrix mi-thanks, 
bdni RRArioN (quantum mi- chanics) , Spinor, 
Fransf-orm ation thi-ory, QUANTUM For general- 
nations of nonrelativistic quantum theory to rela- 
J, Msti( panicles (particles with speeds close to the 
ve b‘dty of light), or to systems in which paiticle 
Nation and destruction can occur, see Quantum 


Quantum theory, nonrelativistic 

n fc TRony navik s. Quantum i iilu rm ory, Quan 
ri M THEORY, Kir LA I IV IS TI( 

WAVE FUNCTION AND PROBABILITY DENSITY 

Basic to quantum mechanics is the belief that 
the wave piopeitics of matter are associated with 
a function ihe wave function obeying an equation 
called a wave. equation I he simplest possible 
wave m thre e dime nsional spa< e is a so called sea 
lar wave m which the wave disturbance is wholly 
c harac teri/ed bv a single function *p(x\zt ) — 
fpirl) It is natural theiefoic to postulate that a 
wave function c j{\yzt) provides a eomplett de 
sciiption of the simplest possible physical system 
namely a single pulnle moving in a force field 
specified by a potential l (r) It is further postu 
la ted that </ (i f) 1 which classuallv would he ]>ro 
portion il lo ihe wave intensity is the probability 
densiiv that is c f/{rt) dr is the probability at 
time t ol finding the partic Ic m the volume 
dxdyd * d\ of spate lying between x and x f - dx 
v md v | r/> - and ^ 4- d 

Theie is the obvious gene i ali/ation that a wive 
lunctior ijj (r i r,/) will complete lv described 

sy sic m of g particles with c/ (ri ,r 7 /)’ dr\ 

d\ the probability at time t of smiultane 
ously finding paitielc 1 in the volume element 
dr ] -d\\dy\tL\ paitich g ,n dr, Molt 

o\ct for a sy Me m of g distinguishable particles 
t lie piohahihty P (i W/i ol finding jiarticle y in the 
volume e Ic men! dr at r - v v z of physical space 

is 

Pj[r)dr = di\{dr x dr, i c/r y i dr, 

<l(ri r,,rr i r , ) 1 (1) 

when in \I ( r i r,) is integrated over all j>o 

siiions ol particle - 1 to / — 1 and yd 1 lo g, with 
r put c qu il to r 

Normalization. Because each of the particles 
1 g must he sornewhen in pfivsic al spac e 

V q ( 1 ) demands that 

I dr Pjir) - ! drt dr,\\j/(ri r 7 l =1 

(2a) 

integrated over all positions of all g particles 
When h q ( ?n ) is satisfied if is said to be normal 
i/ed If \p'{r\ r,f) is a proposed wave func- 

tion which satisfies 

f dr i dt 0 \¥\ = Trl (26) 

the prohdhihtic s spec ified hv \p' are found from Eq 
(1) using the normalized \jj = C x/ \p' exp (try), 
provided ( is not infinite that is provided \p' is 
quadiatie ally mtegrahle, the phase factoi exp (ir;), 
r) being real c an be chosen arbitrarily Though the 
absolute probabilities P,( r) are not defined when 
^(n .r^) is not quadratically integrable, |^'|~ 

may lemain a useful measure of the relative proba 
bility of finding particles 1, , g at rj, , r q 

One need be concerned only with wave functions 
which can represent actual physical systems It is 
postulated that an admissible (physically possible) 
wave function ^'(ri, ,r g ) is quadratically mte- 
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grable (type 1), or fails to be quadratically integra- 
ble (type 2) only because \p' vanishes too slowly or 
at worst remains finite as infinity is approached in 
the 3#-dimensionaI space of rj, . . . , r g . Convinc- 
ing physical and mathematical reasons can be 
found for excluding wave functions other than 
these types. One-particle wave functions ip'( r) of 
type 2 correspond to classically unconfined sys- 
tems, for example, an electron ionized from a hy- 
drogen atom; for these systems ^(r) = oo x/2 ip' = 0 
has the obvious interpretation that an unconfined 
particle is sure to be found outside any given finite 
volume. Such a ^'(r) also can represent a very 
large (effectively infinite) number of independ- 
entlv moving identical particles in a very large (ef- 
fectively infinite) volume, for example, a beam of 
free electrons issuing from an electron gun; in this 
event |^'(r)| J , although it continues to describe 
the likelihood of observing an electron, can be 
thought to equal the actual number density of elec- 
trons at any point r, with C *- oo in Eq. (2b) indi- 
cating that the number of particles in all of space 
is infinite. These considerations can be extended 
to quadratically nonintegrable many- particle wave 
functions t//(r 1? . . . ,r y ). 

Spin. The preceding formalism accepts the pre- 
sumption of classical physics that a particle is a 
structureless entity, about which “everything” is 
known when its position r is known. This presump- 
tion is inaccurate (and therefore the formalism is 
not wholly adequate) for systems of electrons, pro- 
tons, and neutrons, these being the fundamental 
particles which compose what usually is termed 
stable matter. In particular an electron, proton, or 
neutron cannot be described completely by a single 
wave function ip(r,t). For each of these particles 
two wave functions *p x ( rj) and ipo(Tj) are re- 
quired, which may be regarded as components of 
an over-all two-component wave function tp(r.t). 
The need for a multicomponent wave function has 
the immediate classical interpretation that the par- 
ticle has internal degrees of freedom, that is, that 
knowledge of the position of the particle is not 
“everything.” ft can be shown that these internal 
degrees of freedom are associated with so-called 
intrinsic angular momentum or spin; .see Spin 
(quantum mechanics). For electrons, protons, or 
neutrons the spin is VJi, where fi = h/2n, and h is 
Planck’s constant; the only allowed values of ,s ? , 
the z component of the .spin, are dcY> (in units of 
A). Thus when the system contains a single parti- 
cle of spin Vi, an electron, 9ay, \\p] (r,J) I 2 dr can be 
interpreted as the probability of finding, in the vol- 
ume dr. an electron with s? = +%; |^'>(i\J)| 2 is 
the probability density for finding an electron with 
s, “ — The normalization condition replacing 
Eq. (2a) is 

Sdr riMr,0| 2 + |Mr,0| 2 ] = 1 (3) 

This formalism is readily extended to many- 
particle systems. For example, when the system 
contains g particles of spin Vi. the over-all wave 
function \p has 2° components \pj; |^i (ri, . . . ,r^)| 2 


is the probability density for finding each of par. 
tides 1 to g with spin oriented along +z; and the 
normalization condition is 

L / dri • • • dr„ |^,(n, . . . ,r e )|* 1 ( 4 ) 

summed from / = 1 to 2 ff . The appropriate rein, 
terpretations when the wave function is not quad- 
ratically integrable are obvious. Complications 
arising from particle indistinguishability are dis 
cussed later. 

OPERATORS 

Whereas in classical mechanics particle coordi- 
nates r and momenta p are numbers which can he 
specified independently at any instant of time, m 
quantum mechanics the components of r and p are 
linear operators, as also ate functions /(r,p) of 
the coordinates and momenta. It is postulated that 
(i) the operator x (here distinguished by boldface 
from the r coordinate to which x corresponds) sim- 
ply multiplies a wave function ip(x) by x, that i\ 
xip ~ xtp; (ii) the operator corresponding to thf 
canonically conjugate x component of momentum 
of that particle is p, = (h/i)d/dx, that is, p ( ip = 
(h/i) dip/dx. Thus A\p denotes the new wave func- 
tion i //' = Aip resulting from the linear operation A 
on a given wave function \p. When A , /?, C art 
linear operators, and £ are any two functions 

A(\p 4- £) -= A\p 4- 

(A + B)\ p =■ A\p + B\p (5) 

AB\P =- A(B+) 

Moreover, if £ ^nd \p c an he added or equated, then 
£ and ip must nave the same number of components 
and depend upon the same space and spin eoordi 
nates; if £ — corresponding components of £ 
and \p are equal. A spin-independent operatoi per 
foims the same operation on each component of a 
many-component wave function, for example 
(p r ip)j = Piipj = (h, i) dip) /Ox. Spin-dependent op- 
erators are more complicated; for instance, in a 
one-particle system of spin Y> the components of 
\p' = s £ ip, where s g denotes the z component of the 
spin operator, are 

\p'\ = Y>hipi \p'‘> — —Yih\p2 

using the notation adopted previously in the dis- 
cussion of spin. 

The operators A and B are said to commute 
when, for any \p , A(B\p) = B(Aip ), implying 

AB-BA = 0 (6) 

The operator (AB — BA) is termed the commu- 
tator of A and B. Any operator f(A) expressible 
as a power series in the operator A commutes with 
A . Performing the indicated operations, 

(xp T — p T x)\p = ih\p (7) 

Equation (7) shows that pairs of operators need 
not commute. In a ^-particle system, all particle 
coordinates %u Ti* • • • • *o* tv* z a commute 
with each other; all momentum coordinates pi* 



. . * pj? commute with each other; any component 
of ri or pi commutes with all components of 

r>, . . , r p and of p, p y ; the x coordinate 

of any particle commutes with p v and p s of that 
particle, and so on. 

Hermitian operators. An operator A relevant to 
a given system of g particles is termed Hermitian 
if 

£ f c/n ■ • • dr a £,*(A\p), 

= E / *1 • • • dr„ (A£),*}fr , (8) 

i J 

for all pairs of sufficiently well-behaved quadrati- 
oally integrable wave functions 

£(n r„), lp(r^ r„) 

In Fq. (8) the asterisk denotes the complex con- 
jugate, and the sum is over all components j of 
£. 4\p, A£, *p. Evidently every particle coordinate 
x,. yi. z i, . . . , x ft . y,„ z,, is a Hermitian operator, 

as is any reasonably well-behaved / r f/ ). 

Recalling that quadratically integrable functions 
vanish at infinity, integration by parts shows that 
even component of pi, . . . . p„ is Hermitian. as is 

anv / (pi p, ; ) expressible as a power series in 

(omponents of pi, . . . ,p„; for example, in the 
simple one-dimensional spinless case 



It implied that £ and ip are continuous; other- 
wise the integration hv parts yields extra terms on 
ihc right side of Eq. (9). Similarly. p,~ has the 
desired Hermitian property (8) only when £ and 
c' <u c continuous and have continuous first deriva- 
tives at all points. 

When A , R, C are individually Hermitian 

fi*l (ARC • • • )f| =/[(•• • CRA)t\*f (10) 

foi simplicity the integration variables and the 
summation over components are not indicated ex- 
plicitly in Eq. (10). When A and B are Hermitian, 
(10) implies (i) ¥i(AB 4- BA) is Hermitian; 
AR and BA are not Hermitian unless A and 
ft commute. For example, xp r and p,x are not 
Hermitian, but %(xp r + p, x) is; clasically, of 
,0 urse, there is no distinction between xp r , p r x , or 
vp, -f p,x ). By appropriately symmetrizing, tak- 
ing note of Eq. (10), one can construct the quan- 
,um mechanical Hermitian operator corresponding 

anv classical /(n, . . . ,r fl ; pi p ff ) express- 

•l>le as a power series in components of coordinates 
a nd momenta. * 

II one supposes that the forces acting on a quan- 
him mechanical system of g particles are precisely 
the same as in the classical case, the energy oper- 
ator the classical Hamiltonian 

H(r u . . . ,r„;pi p 9 ) » T + V 
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where the kinetic energy T = p{ 2 /2mi + ■ • • + 
p g 2 /2m g ; V (n, . . . ,r p ) is the potential energy; 
m, is the mass of particle i (see Hamilton’s equa- 
tions of motion). Quantum mechanical nonclassi- 
cal forces, with associated potential energy opera- 
tors more complicated than V (rj. . . . ,r p ), are not 
uncommon, however. For example, the interaction 
between two neutrons is believed to include space 
exchange : 

V\f/j( ri,r 2 ) * J(r u )P n \f/,{ruTt) - (1 1) 

where J (r\->) is an ordinary function of the dis- 
tance ri 2 between the particles, and the space ex- 
change operator P j 2 interchanges the space coor- 
dinates of particles 1 and 2 in each component of 
ip. See Nuclear structure. 

Real eigenvalues. The eigenvalue equation for 
an operator A is 

Au(<x) = (12) 

where the number a is the eigenvalue, and the cor- 
responding eigenfunction m(o) is a not identically 
zero wave function solving Eq. (12) for that value 
of n. The eigenvalue equation Hu — fill for the 
energy operator H has special importance and is 
known as the time-independent Schrbdinger equa- 
tion. Since the eigenvalues o are identified with the 
results of measurement, it is desirable that (i) the 
eigenvalues cx all he real numbers and not complex 
numbers; (ii) the corresponding eigenfunctions 
form a complete set. the meaning and importance 
of which is explained subsequently. Property (i) 
is important because actual measurements yield 
real numbers only, for example, lengths, meter 
readings, and the like. If the eigenvalue of A were 
complex, it could not he maintained that each 
value of n represented a possible result of exact 
measurement of A. This assertion is not negated by 
the fact that it is formally possible to combine real 
quantities into complex expressions; for example, 
tilt coordinates of r in the xy plane form the com- 
plex vector x -j- iy. 

The eigenvalues a n belonging to the quadrati- 
cally integrable eigenfunctions u(a n ) ^ u n of a 
Hermitian operator A are necessarily real. In the 
notation of Eq. (10), letting £ = if/ = u n in Eq. 
(8), and employing Eq. (12), 

= Slh*(0C n Un) = fu n *(All n ) = f(Au n )*U n 

= f(a n u n )*u n = a n *fu n *Un (13) 

The equality of the first and last terms of Eq. (13) 
demonstrates that a Tl = a n *. For this reason it is 
postulated that all “observable” operators are Her- 
mitian operators, and conversely that all Hermitian 
operators represent observable quantities; hence- 
forth all operators are supposed Hermitian. In ad- 
dition it is necessary to require that the allowed 
eigenfunctions preserve the hermiticity property 
(8); otherwise Eq. (13) would not hold. For the 
important class of Hamiltonian operators H = 
T + V, except for highly singular (discontinuous) 
potentials, the boundary conditions that u and 
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du/dx must be continuous guarantee reality of the 
eigenvalue corresponding to a quadratically inte- 
grate u solving Eq. (12). Admissible wave func- 
tions, defined following Eq. (2b), may be quadrati- 
cally nonintegrable, however. It always is assumed 
that the physically desirable properties (i) and 
(ii) that were discussed in the preceding paragraph 
follow from the equally physically desirable 
simple requirement that the eigenfunctions 
of A must be admissible, provided that //, du/dx. 
etc., satisfy the continuity conditions which make 
Eq. (13) correct for quadratically integrable u n . 
In systems containing a single spin less particle this 
assumption has been justified vigorously for opeia- 
tors of interest; the widespread quantitative suc- 
cesses of quantum theory suppoil the belief that 
the assumption is equally valid in move compli- 
cated systems. 

Orthogonality. The eigenvalues a corresponding 
to quadratically integrable eigenfunctions tvpi- 
cally form a denumerable (countable) though 
possibly infinite set, and compose the disciete 
spectrum of 4. The admissible nonquudiatically 
integrable eigenfunctions typically ton expend to a 
continuous set of real eigenvalues composing the 
continuous spectrum of A An eigenvalue or is de- 


generate, with older of degeneracy d - ' 2, if there 
exist d independent eigenfunctions ii\, . . . , u,i 


corresponding to the same value of n, wheieas 
every d -f- 1 such eigenfunctions are dependent. 

The d functions aie (linearly) <le- 

pendent if the equation 

ciip-i -f • • --f (4',j = 0 (14) 

can be true with not all the constants c i, ... r,i 
equal to zero. Eigenvalues which aie either dis- 
crete, or continuous, or both, ma\ be degenerate. 
While so-called accidental degeneracy can occur, 
degeneracy of the eigenvalues a of A oidinuiily is 
assoc iated with the existence of one or more opera- 
tors which commute with 4. In the absence of de- 
geneiacv the* eigenfunctions u(a) are uniquely in- 
dexed h\ cv, and can be chosen to satisfy the 
orthonormal (orthogonality and normalizing) re- 
lations | compare Eq. (4)1 

53 ( dr i • • • dr 0 u,*(a)i/j(a') = d aa > or 6(a - a') 

1 05 ) 

In Eq. (IS) the Kronecker symbol 8„ is employed 
when tv lies in the discrete spectrum; 8„, r = 0 for 
« / o'. 8„ =*1 for o - o'. The Dirac delta func- 
tion 8(o — o') is employed when o lies in 
the continuous spectrum; 8(o- o') =0 when 
o o', but lias a finite integral, namely 

J m da S(a — a) — J * da' 5(a — a') — 1 (16 a) 

For a wide variety of functions /( o) these proper- 
ties of 8(o - o') imply that 

£ da f(a) 5(a — a ) 

= / 'l clot f (a) 6(a' - a) - f(a') (16*) 


When Eq. (15) holds, u(a) are said to be normal- 
ized on the o-scale. Evidently 8 (a;) is highly sin- 
gular at r = 0, and is an even function of x. 

Equation (15) asserts that eigenfunctions coire- 
sponding to different eigenvalues always are orthng. 
onal, that is, that the integral in Eq. (15) equals 
zero whenever o /- o'. For discrete o (or o') tin's 
assertion is readily proved bv an argument simij a i 
to Eq. (13) ; in fact, the orthogonality for o ■/ < r ' 
holds whether or not the eigenvalues aie degener- 
ate. When o and o' both lie in the continuous spec- 
trum. however, the integral of Eq. (15) doe*, not 
converge and therefore actually is not defined 
Thus the della function S(o — o') primarily is a 
useful formal device; here and elsewhere in the 
theory delta functions always are eventually intr 
grated over their arguments, as in Kqs. (16). mi< Ii 
integration makes expressions like the left side o! 
Eq. (15) effectively convergent. A mathematicalK 
vigorous justification of the use of the* delta fum 
tion in quantum theory, or a rigoious justification 
of Eq. (15). cncounteis difficulties. These are h»- 
lated to the difficulties in establishing rigorously 
the aforementioned properties (i) and (ii). For 
operators and eigenfunctions of physical interest 
experience suggests no reason to doubt the basic 
correctness oi the mathematical procedures of non 
relativistic quantum theory. See Dpi km on imnin 

ILLUSTRATIVE APPLICATIONS 

♦ 

The immediately following subheadings apple 
the preceding formalism to Mime* leprpspntatiw 
problems involving a one dimensional spin less par 
tic le free to ryOve in the r direction onlv ; in even 
case, one begins | » \ seeking the appropriate soln 
tion to Eq. (12). As subsequent discussion makes 
clear, results for this simplest of systems aie peili 
nent to more complicated systems. 

Momentum. Equation (12) is 

h du „ 

prU - — nku (I/) 

\ dt 

where fik is the eigenvalue; conventionally the ei 
gen functions are indexed by the wave number A 
Solutions to Eq. (17) have the form u(xji) ' 
C{k) exp \ikx ), where C(k) is a noirnalizing con- 
stant. When k is real, u ( r,A ) is finite for all r. 
— x * x co. Consequently the spectrum is con- 
tinuous, and includes all real k , — oc ^ k x 
II k has an imaginary part, that is, if k = Ai I /A_. 
k> / 0, then u(x, k i + ik > ) is not admissible .since 
it heroines infinite at either r - -foe or t = 

If the eigenfunction could vanish identically f< >r 
\x\ iZ a * If would be quadratically integrable for 
complex k; in this event the eigenfunction would 
be discontinuous at x = a, however, since 

\C(k) exp [ ikx] \ ¥* 0 

unless C(k) =0. Thus the requirements that u be 
admissible and continuous ensure that the eigen- 
values of p r are real, as asserted previously in the 
discussion of real eigenvalues. The u(x 9 k) are 
quadratically nonintegrable, as expected for the 
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continuous spectrum; each u(xjc) can be regarded 
a? representing a beam of particles all moving with 
the same velocity. Because exp | ikx ] is periodic 
with wavelength A. = 2-tr/k , such a beam will dem- 
onstrate wavelike properties; in fact, p r = hk - 
h / A, in agreement with the de Broglie relations. 
This agreement is not trivial ; although the conclu- 
sion that the quantum-mechanical momentum op- 
rrator is p, = (h/i) d/dx can be argued starting 
troin the de Broglie relations, the form of p r also 
<an he inferred directly from Eq. (7), which in 
turn can be argued from the formal analogy be- 
tween the properties of the commutator and the 
Poisson bracket, without any reference to the de 
Broglie relations. See Canonical transj ohma- 
tions. 

Normalized on the k scale, the eigenfunctions 
are 


u(x,k) = ~^/^ plkx (IBu) 

foi which, corresponding to Eq. (15), 


j J dx u*(k)u(k r ) 


l 

2 7T 


dxe tik '- k)jr 


8(k-k') 

(18/,) 


F.q. (186) amounts to a nonrigorous statement of 
the Fourier integral transform theorem that when 
anv sufficiently regular 


xp lx) = - r dk c tkr c(k) (1%) 

V Z7T J r 

il.cn r(k) = ~~7 = r^ f dx e~ lkr \f/(x) (1%) 

V Z7T J-'f 

( sf c Fourier series and integrals). Ecjuation 
(1%) can be derived by mathematically rigorous 
procedures. The quantum-theoretic derivation mul- 
tiplier Eq. (19a) by ( 27 t ) 1/1 exp (- ik'x) and in- 
tegrates over all x. There is obtained, after inter- 
changing the orders of x and k integration, 

\ ?w J-l dx e ~’ k Z 'f'( x ) 

= f die c(k) C dx c ,! - k "~ k ' )T 

27 r J — m J — 

= r dk c(k) 5(k - k’) = r(k') (20) 

J — CD 

Kinetic energy. For the kinetic energy T , = 
Pr 2m Equation (12) is 


T x u = — 


h 2 d 2 u 


Eu 


2m dx 2 

The eigenvalue is E. Admissible solutions are 


( 21 ) 


u(x,E) 


C(E) exp 


(i,vss) 


(22) 


"her, VE must be real. Thus the spectrum is con- 
tinuous and runs from E = 0 to E = -Too. The 
jrfuare root mav be either positive or negative in 
H (22) so that there are two independent eigen- 
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functions at each value of E ; that is, the spectrum 
is degenerate. The eigenfunctions may be labeled 
u+(x y E) and u. (x,E ) ; normalized on the E scale 

« ± (*,£) = (~ t e ) ' ™p (±i mE ) < 23 > 

In Eq. (23) the square root always is positive, a + 
and u individually satisfy Eq. (15), but the sets 
and u are orthogonal to each other. Introducing 
k = \Z2mE/h, the eigenfunctions can he labeled by 
the single parameter k, — oo ^ k % oo, instead of 
by E, 0 E % oo, and the subscripts -f- or — . 
Evidently the u(x.k) of Eq. (18a) are eigenfunc- 
tions not only of p x hut also of 7\ ; each u(x,k) 
corresponds to a different eigenvalue of p Xt but 
u{x,k) and u(x y —k) correspond to the same ei- 
genvalue of T Interpreted physically, these results 
mean that the energy E of a free particle is known 
exactly when its momentum p x is known exactly, 
and that E ~ pr/2rn = (—p,)”/2m just as in clas- 
sical mechanics. The normalizations (18a) and 
(23) are different because dE — ( h 2 k/m ) dk. The 
eigenfunctions 

u' + (x,E) = [t/ H (x,E) + u (*.&’)] 

( 2m \ r , — 

idk:) ,;,,s h V2m/ ' : (2U) 

I u^(x,E) - II (x,E ) | 

" \h*b) S,n h V 2mh (m 

also are normalized on the E scale, and are an al- 
ternative set to u . ( x % E ) of Eq. ( 22 ) . 

Typical energy operator. Equation (12) is 

Hu = (T x 4- V)u = ~ 4 F(r)] u - Eu (25) 

where the operators in the brackets operate on u. 
Typically, but not always (see the two subheadings 
immediately following). V(x) is an everywhere 
smooth finite function which approaches zero at 
x = dtoo. Figure 1 is a plot of such a V (*), having 
attractive force centers (negative potential en- 
ergy) near x — and a repulsive region (posi- 
tive potential energy) near x — 0; the minimum 
potential at x = =ta is Vo < 0. 

Rewrite Eq. (25) in the form 

~ « Ku (26 a) 

K(x,E) - ^ |F(*) - E\ (26b) 

When K > 0, Eq. (266) implies that cl/dx(du/dx) 
has the same sign as u; for example, du/dx in- 
creases with increasing x if u > 0. In other words, 
at points x where K(x y E) > 0. solutions of Eq. 
(26a) are convex toward the x axis; where 
K(x y E) < 0, u(x t E) is concave toward the x axis. 
Provided V (x) decreases to zero sufficiently rap- 
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idly. £(±x,£) < 0 when E > 0, so that at r * 
±oo solutions to Eq. (25) are approximated by lin- 
ear combinations of the oscillatory functions of Eq. 
(24); when E < 0, however, K(±x,£) > 0, so 
that at x = ±oo solutions to Eq. (25) are approxi- 
mated by linear combinations of the convex func- 
tions [compare Eq. (22)] 

u\(x,E) - exp [x(2m\E\) l,2 /h\ (t>J . 

Ui(x,E) = exp [—x(2m\E\) 1,2 /h] ' 

Function ui is infinite at x = +oo ; a 2 is infinite at 
^ — oo. Thus, for E < 0, every admissible solu- 
tion of Eq. (25) must behave like u\ at x == — oo 
and like 112 at x = + 00 , that is, must be asymptotic 


to the x axis at both x = ±00 and Jf = - x. When 
V 0 ^ E * 0 there are values of x wheie the solu 
tion is concave, so that a smooth (satisfying the 
boundary condition that u and du/dx must be ton 
tinuous) transition from a curve like G or L (Fiji 
2) on the left to F on the right may be possible 
When E < Vo solutions to Eq. (25) arc evcrvwheu 
convex and, like F , G, L of Fig. 2, never are asvmp 
totic to the x axis at both x = ±x. 

It is concluded that ( 1 ) the continuous sped rum 
includes all positive values of E , 0" E ^ x, and 
at each such E there are two independent, non 
quadratically integrable (oscillatory at x = ±x) 
eigenfunctions, as in the previously disc ussed ex 
ample of kinetic energy; (ii) theie are no eigen 
values E < F ( >; (iii) there may, but need not be 
discrete eigenvalues F () < £ < 0 corresponding to 
quadratically integrable eigenfunctions. The low 
est eigenfunction, for E = E 1 , has the least region 
of concavity and therefore joins F of Fig. 2 to 0 
without crossing the x axis, as in Fig. 3. The eigen 
function u(x,E>) corresponding to the next highei 
eigenvalue E = £2 > £1 has one node (one zero) 
decreases less rapidly at x = ±x than u(x,E 1 ). 
and links F to L ; the next higher eigenfunction 
corresponding to E\ > £2 has two nodes, again 
Jinks F to G, and so on. 

The horizontal lines in the neighborhood of 
x = ±a in Fig. 1 show the energy levels of the two 
lowest eigenvalues £ 1 , £ 2 . The points xu * 2 » where 
£ = Vu and where the curvature of u(xS 1 ) 
changes sign (Fig. 3), are the turning points (ve- 
locity equals zero) of a classical particle oscillat- 
ing with total energy £1 in the attractive potential 
well at x * —a; x 4 are similar turning points 
near x = a. For E\ < £ < E 2 a solution u(x f E) 
starting out as does F at x = +00 crosses the 
x axis but becomes negatively infinite at x «= — 00 ' 
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Fio. 3. Eigenfunctions for the two lowest eigenvalues of the Hamiltonian with the potential of Fig. 2. 


because it is insufficiently concave to join smoothly 
with E: this makes understandable the general re- 
sult that eigenvalues corresponding to quadrati- 
rallv integrahle eigenfunctions are discrete. 

Potential barrier. Consider Eq. ( ) with 
f'u) - 0 for x 0; E(.i) = V\ ^ 0 for x > 0, and 
(I* E < V \, as shown in Fig. 4 a. As previously ex- 
plained, ti and du/d . r must be everywhere continu- 
ous. even though E(;r) is discontinuous at r — 0. 
Recollecting Eqs. (23), (26), and (27), for 

(I *. E < I i, there must he one and only one inde- 
pendent eigenfunction, having the form 

u i a , A ,1 = exp [ i\ (2mE ) 

i R exp f — ix{ 2mE) v/ ' 2 /h | x < 0 (28«) 

ii ( \,E ) = S exp [— x ( 2m\E — Ei | ) l/ ~/h \ x ^ 0 

(286) 

In Eq. (28) R and S are constants. It is reasonable 
and customary to interpret the first exponential in 
Eq. (28 a) as a beam of particles moving with mo- 
mentum p, = (2 mE) 1/2 toward the classical barrier 
w tinning point x = 0; the second exponential in 
Eq. (28a) represents a reflected beam. Since the 
amplitude of the incident beam has been normal- 
,/e d to unity [not a normalization consistent with 
Eq- (15) J, | R\ 2 must be the reflection coefficient of 
barrier. The continuitv requirements at x = 0 
v if Id 

iff l ' 2 +(Fi-£) ,/f 

= iff 17 * - \Vx - ffj T/ * , 9Q v 

2iE 112 ( ) 

" /£ l/2 - (X - 

showing that I/? j 2 = 1 in agreement with classical 
expectation for E < V x (see Reflection and trans- 
mission coefficients). The eigenfunction u(x t E ) 
^ fetched in Fig. 4 a. Since |u| 2 ¥* 0 at x > 0, par- 
6cles penetrate the classically inaccessible region 
to right of the barrier; because |u| 2 * 0 at 


x = +oc, all particles eventually are turned back, 
liowever. consistent with \R\- = 1. This penetra- 
tion, and Eqs. (28) and (29), closely resembles the 
penetration (and corresponding classical optics 
expressions) of a totally reflected light wave into a 
medium with smaller index of refraction. Hence 
Eqs. (28) and (29), which are unforced results of 
solving Eq. (25) for V(x) of Fig. 4a, manifest the 
wave- particle duality inherent in the quantum the- 
oretic formalism. 

For the harrier of finite thickness a (Fig. 46) 
there are two solutions at every 0 < E < Ej. The 
solution representing a beam incident from the 
left, transmitted with coefficient |7’| 2 and reflected 
with coefficient j/?|-. is found from Eq. (28a) to- 
gether with 

u( x s E ) = C exp [— x(2m\E — Ej) X f %1 /K\ 

+ D exp [ x(2m\E — Ej | ) 1/2 /ft] 0 < x < a 

(30a) 

u(x,E) - T exp ( ix(2mE ) l/J /h] x > a (306) 


Equations (30) mean that, except for the incident 
exp | ix (2mE ) 1 / 1 -] at x = — oo, the solution at 
x = ±oo must consist of waves traveling out to- 
ward infinity; a similar outgoing boundary condi- 
tion specifies the continuum solution E > 0 repre- 
senting more complicated collisions, for example, 
the scattering of a beam of particles by target par- 
ticles in a foil (see Scattering experiments, 
atomic and molecular; Scattering experi- 
ments, nuclear). Outgoing boundary conditions 
are employed in classical wave theories as well. 
See Scattering (electromagnetic radiation). 

‘ The continuity requirements lead to 


m 2 - 


VJ sinh 2 [(a/h) V2m{V x - £)]> _1 

l+ ~ mv\ - E) ' 1 


(31a) 


and |R| 2 = 1 — |f| 2 , as is necessary if \R\ 2 and 
T 12 are to represent respectively reflection and 
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transmission coefficients. Equation (31a), and the 
corresponding expression when E > Vu resemble 
the equations for transmission of light through 
thin films. When (a/h)yj2m(V i — E) is »1, Eq. 
(31a) is closely approximated by 

m* - Jr i r- h) «p \- ‘M2m\E- VW/h] 

1 (316) 

where the exponential factor, sometimes termed 
the barrier penetrability, is «1 The transmission 
through a less simple barriei V (x) than Fig 4 b is 
measured by the penetrability factor 

P = exp f n dx (2m | /t - V(x) |) 1/2 02) 

where Xu Tj are the turning points E = J (xj ) = 
V{\i). The barrier penetrability governs the rates 
at which (i) an in< ident proton, whose kinetic en- 
ergy is less than the height of the repulsive Cou 
lomb potential barrier surrounding a nucleus is 
nonetheless able to penetrate the nucleus to pro- 
duce nuclear reactions, (n) o-parlic les can escape 
from a radioactive nucleus; (lii) electrons can be 
pulled out of a metal by a stiong electric field. 
See Finn i mission; Fpsion, nuclear, Radioac- 
nviiY 

Harmonic oscillator. The potential H*) = 

¥±Kx°< Fig. 5, describes a classical harmonic oscil- 
lator whose equilibrium position is \ — 0, the < las- 
sical oscillator frequency is i = (2 tt) VA m. 
Since V(x) becomes infinite at x ~ ±oo. there is 
no continuous spectrum, but there must Ire an in- 
finite number of discrete eigenvalues Various so- 
phisticated methods exist for finding the eigen- 
functions and eigenvalues (see Harmonic nsni la- 
tor). The energy levels turn out to he 

E ri = (n +%)Ai (33) 

where n = 0. 1, 2, . . , (Fig 5) The corre- 

sponding fust three eigenfunctions w 0 (£), u i, u z 
are sketched in Fig 6. with £ = x (mK ) 1/1 /fi 1 a 
convenient dimensionless variahle; the dashed ver- 
tical lines indicate the turning points at £ = 
±V2n -f 1. Figure 7 plots the probability density 
|u(£)H for n = 10. The classical probability of 
finding a particle in the x interval dx is propor- 
tional to the time spent in dx The curved dashed 
line in Fig 7 plots the classical probability density 
for a classical oscillator whose energy is E\o = 
2 M>/n, Eq. (33). 

The agreement between the classical probability 
density and the average over oscillations of 
|am(£)| J illustrates the connection between classi- 
cal particle mechanics and the more fundamental 
dual wave-particle interpretation of quantum theory. 
With increasing n the oscillations of !//,(£)’“ be- 
come more rapid and the agreement with the clas- 
sical probability density improves, in accordance 
with the correspondence principle. These harmonic 
oscillator results are a good first approximation to 
the energy levels and eigenfunctions of vibrating 


V(x) 



V(x) 



Fig. 4 (a) Reflection from an infinitely thick barrier 

(b) Reflection from a barrier of finite thickness 


atoms in isolated molecules and in solids. .See 1 M 
TTCF VIBRAIJONS; Mol F(1 II AR S 1 Rllf TURt AND SPH 
TRA; SpJ- Lit IC H FAT Ol SOI1DS. 

EXPECTATION VALUES 

Suppose B is an operator that commutes with A 
If Alin = otnUm BAu n = /?(a n M„), so that, using 
Eq. (6), 

A ( Bu n ) = cr n (Bu n ) (34) 

Equation (34) means that Bw, x also is an eigen- 
function of A corresponding to the eigenvalue An 
When «n is not degenerate, Eq. (14) means Bu n 
must be a multiple of a„, that is, Bu v = /?«n. P 
being a constant; thus u n is simultaneously an 
eigenfunction of the pair of commuting operator* 
A, B. When the order of degeneracy of a n ^ 
Bu n need not be a multiple of u n , but d independ- 
ent eigenfunctions u n \{a^f3\), . . . , u ni i(anfld) 
always can be found, such that a n *(an,/3*) * s an 
eigenfunction of B corresponding to the eigenvalue 
/?«, as well as an eigenfunction of A corresponding 
to ot n . If all the /3„ are different, u n i, ... , Und* be* 
ing eigenfunctions corresponding to different ei- 



V(x ) 
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Fig 5 Harmonic oscillator potential. 


u 0 (£) 



u,(£) 




F| 9 6 Harmonic oscillator eigenfunctions (a) n = 0 
l b ) ti 1 ( c ) n = 2 (L Pauling and E. B Wilson , Jr , 
Production to Quantum Mechanics , McGraw-Hill, 
1935) 


lvalues of /f, are mutually orthogonal (see the 
earlipi discussion on orthogonality). If all the /?* 
a, e not different, a third operator C, simultaneously 
commuting with A and D , is sought, and so on. For 
Hie ^\stenr of g particles of spin V 2 , one determines 
111 this fashion a complete set of simultaneously 
“Hnmuting observables, A , /J, C, . . . , whose cor- 
rpv 3)cmding eigenvalues a, /?, y, . . . (except for 
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accidental degeneracy) uniquely index an ortho- 
normal set of 2 "-component eigenfunctions 

u,(r u • • • = 1 to 2 * 

satisfying 

///* (o,/3,y, . . .) u (rv',/?',y'. . . .) 

= 8 ( 0 -,*') S (/? — /?') 8 (y — y') ■ • • (35) 

In Eq. (35), and henceforth unless specifically in- 
dicated otherwise, the integral is in the simplified 
notation of Eq. ( 10 ). Equation (35) generalizes Eq. 
(15) ; 8(0 — 0 ') is replaced by a Kronecker sym- 
bol 8 , r when 0 , o' are discrete, and so on. 

The meaning of property (ii) mentioned in the 
earlier discussion of real eigenvalues can now be 
explained. The eigenfunctions of an operator A 
having been indexed as in Eq. (35), anv sufficiently 
smooth quadiaticallv integrable 2 "-component wave 
function i/'(ri, . . . ,r v ) can be expressed in the 
form 

i//(ri, . . . ,r (; ) = f da f dfi f dy * * • 

X t ( 0 ,//, y, . . .)/y(ri, . . . ,r„ ,nr,/?,y. . . .) (36) 

where each eigenvalue is integrated over its entire 
spectrum, with the understanding (further to sim- 
plify the notation) that in the discrete ^pectmm 
integration is replac ed by summation Employing 
Eq. (35) the constants r ( o,/?,y, . . ) are found to 

be 

r(n, /?,*>, . . .) = fn ; *(nr,/?,y, . . A if/ (371 

Equations ( 36 ) and ( 37) are c oiwstent with the of- 
ten instructive interpretation that t(n\/?,y. . . .) 
are the protections of the vector if, on a complete 
set of orthogonal unit veclois w(o,/3,y. . . .) in an 
infmite-dimensional vectoi spate. 

Probability considerations. When ip is normal- 
ized, Eqs. (4). (16), (35), and (36) imply 

I dn I d/3 f dy * * |c(o./3,y, . . )T ~ 1 (38) 







Fig. 7. Probability density for harmonic oscillator in 
state n s 10. (L Pauling and E. B. Wilson, Jr., Intro- 
duction to Quantum Mechanics , McGraw-Hill, 1935 ) 
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in the notation of Eq. (36). Equations (36) and 
(38) make it reasonable to postulate that whenever 
a system is instantaneously described by the nor- 
malized quadra tically integrable ^(ri, . . . ,r f/ ), 
the instantaneous probability of finding the system 
in the state corresponding to A = a is 

P(a) = SdfiSdy • • ■ |c (**,/?, y, . . .)| 2 (39a) 

Similarly, the simultaneous probability of finding 
the system in the state corresponding to A = a and 
B = f3 is 

P(a,(3) = S dy ■ • |c(a,/?,y, . . .)\ 2 (39 6) 

and so on. Clearly Eqs. (1) and (2) are a special 
case of Eqs. (38) and (39), in which the coordi- 
nate operators, x u y u z u ... , x,„ y 0 , z Q 

of the g spinless particles form the complete set 
of simultaneously commuting observables, and 
^(xi,yi,Zi, . . . ,x g ,y Q ,z g ) is the projection of ip on 
the eigenfunction simultaneously corresponding to 
xi = x\, yi = y\ z„ ^ Zp. 

The total probability SdaP(a) is unity, Eq. 
(38), and therefore anv measurement of the ob- 
servable A must yield a number equal to one of its 
eigenvalues. Moreover, by the very meaning of 
probability, the average or expectation value of the 
observable A must be 

(A) = f daaP(a) (40a) 

(see Probability). Equation (40a) shows that the 
same operator may have diffeient forms in different 
representations. For instance, in the momentum 
representation discussed earlier . where <r = k , 
/M (A:) must equal simply hkc(k) ; consequently, 
to satisfy Eq. (7), xr(k) must equal i (dc/dk) . 
When ip is a wave function for which Eq. (8) holds 
with £—ip, Eqs. (5), (12), (35), and (36) imply 
that 

(A) = ftp* (Aip) (406) 

is equivalent to Eq. (40a). Equation (406), usually 
more convenient than Eq. (40a), predicts the ex- 
pectation value of any given observable in an arbi- 
trary physical situation described by a reasonably 
well-behaved quadratically integrable wave func- 
tion; expectation values are not defined for non- 
quadratieallv integrable \p. Equation (8) guaran- 
tees that (A) computed from Eq. (406) is a real 
number, necessary if (A) is to represent the results 
of measurement (see the earlier discussion on real 
eigenvalues) . 

Uncertainty principle. A precise measure of the 
spread or uncertainty in the value of A is AA de- 
fined by 

(AA) 2 = ((A - (A))*) = (A 2 ) - ((A)) 2 (41) 

Here (A/f) J is the average square deviation of A 
from its average (A). The quantity A A = 0 when 
and only when \p is an eigenfunction of A, that is, 
Aip = aip, in which event (A) = «, (A 2 ) = a 2 . The 
discussion following Eq. (34) implies A A and AR 
simultaneously can be zero; that is, A and B are 
simultaneously exactly measurable, whenever the 


commutator AR — BA is zero. If AB — BA ^ 0, in- 
troduce A' = A — (A), B' = B — (B); use Eqs. 
(10) and (406) ; and employ the so-called Schwarz 
inequality. Then 

(A/1) 2 (AB) 2 = f(A't)*(A'yP)f(B'+)+(B't) 

* ij(^v)*(bwi 2 = uitm'bwi 2 

(42) 

But 

A’B’ = V>(A'B' - B'A') + Vi(A'B' 4- B'A') (43) 
which, after further manipulation, leads to 

(AA)*(AB)-^Vi\{AB - BA)\* (44) 

Equation (44) is the rigorous quantum theoretic 
formulation of the uncertainty principle. When 
A = x, B = pc, Eq. (7) yields 

(Aa) (A p x ) it h/2 ( 45 ) 

This simple derivation of the uncertainty principle 
demonstrates anew the necessity for a dual wave 
particle interpretation of the operator formalism 


TIME DEPENDENCE 

The proceduies developed thus far predict the 
results of measurement at any given instant of time 
to that the wave function \p{x,t () ) is known, (uven 
ip at t {) , to predict the icsults of measurement at 
some future instant /, it is nciessury to know tlu 
time-evolution of ip from to to t. It is postulatecbthat 
this evolution is deteimined by the time dependent 
Schrodinger equation 

/ Hyp = ih ( 10 ) 

dt 

where H is the Hamiltonian or energy operatoi 
ip is supposed to he a continuous function ol t ll 
// were a numbei, the solution to Eq. (46) would 
be 

P(t) = exp ^ 

Equation (47) remains valid when H is an opeia 
tor, provided one understands that 


— iH(t — /o) 




U - <o) 


+ M(c-<o)r 

+ 2 A 2 + 


with / the unit operator, lip = ip; the right side of 
Eq. (48) is the usual series expansion of the ex- 
ponential on the left side. These so-called opera- 
tional methods, which manipulate operators like 
numbers, are widely employed in quantum theory; 
they must be used cautiously, but usually lead 
rapidly to the same results as more conventional 
mathematical techniques. 

When Hip (to) = Eip(to), that is, when ip(t o) IS 
known to be an eigenfunction u(E,to) of the en- 
ergy operator, Eq. (47) shows that ip(t) 255 
u(E,t) = u(E,to) exp [— iE(t — t 0 )/h\, so that 
\u(E,t)\ 2 *= \u(E,to)\ 2 ; similarly the expectation 
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l u<M| (A) of all operators A are time-independent 
when the system is in a stationary state u(E,t). In 
an arbitrary state i(/(t), Eqs. (5), (10), (406), and 
l4ti) imply, assuming that A is not explicitly time- 
dependent, for example, A = A( r,p) but not 
((r.p.t), that 

:'«> H 

= ^ j yrmt) - m)*A*) (49) 

= j \r(AH - HA) 1*1 = jr {(AH- HA)) 

Fqiiation (49) uses the notation of Eq. (10). Of 
tonrse ((AH — HA)) = 0 whenever $(t) is a sta- 
tionary state u(E,t). Equation (49) shows, how- 
ever that if A commutes with the Hamiltonian, 
then (A^ is independent of time whether or not the 
^teni is in a stationary state. Consequently, opera- 
tor^ commuting with the Hamiltonian are termed 
(onslauts of the motion; a system initially described 
hv an eigenfunction u(E 9 /3, y, . . .) of the simulta- 
nnuislv commuting observables //, /?, C, . . . , re- 
mains in an eigenstate of ff, B, C as the 

wave function evolves in time. 

Fqiiation (19) is < losely analogous to the classi- 
( a! mechanics expression for <IA (r,p)/c/^, where 
l(rp) is the classical quantity corresponding to 
the quantum mechanical operator A If A is put 
equal to / in Eq (49), one obtains 

j, s ri = !h i [rm) ~ m) vi m 

lliercfore the lequiiement that H be Hermitian, 
fq (8), which has been justified on the grounds 
that the eigenvalues of H must he real, has the 
lurther important consequence that the right side 
of I q (SO) is zero, that is, that Eq. (2//) is obeyed 
U all times t > to if it is obeyed at t = to. This re- 
sult is nec essary for the consistency of the formal- 
u rn otherwise it could not be claimed that \if/(t ) ,J 
from Eq (46) is the probability density at t > to. 
I'm a single spinless three-dimensional particle, 
with // = p 2 /2m 4- V (x,y,z ), it follows directly 
Irom Eq. (46) that 


h ^ + ^ x Sz + ^y Sv + t~z S ‘ = 0 (51fl) 



and so on. In Eq. (51a) S T , S v , Sr can be inter- 
preted as the components of a probability current 
ve(lor S whose flow across any surface enclosing a 
volume r accounts for the change in the probability 
°f finding the particle inside r. See Equation of 

CONTINUITY; MAXWELLS EQUATIONS. 

Foi a nonquadratically integrable \f/ in the one- 
partirle case where Eq. (516) is applicable, the 
Probability current at infinity generally has the 
value '^| 2 v, where v i 9 the classical particle veloc- 
,ty at infinity ; the one-dimensional plane waves of 
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Eq. (18a) trivially illustrate this assertion. Conse- 
quently (see the preceding discussion of normaliza- 
tion), S of Eq. (516) is interpietable as particle 
current density when |^|- is nonvanishing at infin- 
ity. These considerations may be generalized to 
more complicated systems and are important in 
collision problems, where the incoming and outgo- 
ing currents at infinity determine the cross section. 

Invariance. Extremely general arguments sup- 
port the view that the form of the Schrodinger 
equation (46) for any g-particle system isolated 
from the rest of the universe must be (i) transla- 
tion invariant, that is, independent of the origin of 
coordinates; (ii) rotation invariant, that is, inde- 
pendent of orientation of the coordinate axes; and 
(iii) reflection invariant, that is, independent of 
whether one chooses to use a left-handed or right- 
handed coordinate system. 

The only known failures of these general re- 
quirements occur for reflections, in a domain out- 
side the scope of nonrclativistic quantum theory, 
namely in phenomena, such as beta decay, that 
are connected with the so-called weak interactions. 
Correspondingly, it can be inferred that the Hamil- 
tonian operator H for any such isolated system 
must commute with (i) the total lineai momentum 
operator p/e = pi -f • • I p^; (ii) the total angu- 
lar momentum operator J; (m) the parity operator 
P , which reflects every particle through the origin, 
that is, changes n to — ri, . . . , r q to —t q . For ad- 
ditional information, see Parity (quanium me- 
chanics) ; Symmetry laws (physics). In quantum 
mechanics as in classical mechanics, therefore, 
linear momentum and total angular momentum are 
conserved, that is, are constants of the motion. 
Since for an infinitesimal displacement e in the x 
direction, 

Ji, *1, *2 + €, ya. *2, ...» Xg + e, z g ) 

“ ^(xuYuxu • • • *Xgtfg**g) 

, (W . 

* \d*i d %2 dx t ) 

-4'+ <Prz4' ( 52 ) 

the connection between p\ x 4 * • • 4 p gx and 
translation in the x direction can be understood; 
the connection between J and rotation is under- 
stood similarly. Because a discontinuous change in 
position, from r to -r, is inconceivable classically, 
the conservation of parity concept has no relevance 
to dassical mechanics. 

Transition probability. Frequently the Hamil- 
tonian H of Eq. (46) has the form /fo4-F'($), 
where the time-dependent potential energy F'(t) 
represents an externally imposed interaction, for 
example, with measuiing equipment; it is supposed 
that V'{t) = 0 for t < 0 and t > ti. Usually the 
system is in a stationary state u(E x ) of // 0 at times 
t < 0, and one wishes to compute the probability 
of finding the system in 9ome other stationary state 
u(Ef) of Ho at times t > t\. From Eq. (36) and 
the discussion preceding Eq. (49), 
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\p{t) «= / dE d/3 c(E,ft<t) exp (— iEt/h ) u(E,f3) 

(53) 

which, when substituted in Eq. (46) for times 
0 tu yields 

ihS dEdp d - C -^j^ l) - exp (-iEt/h) u(Kfi) 

= / dE dp c(E,0.t) exp (-iEt/h) V'(t)u(F4 3) (54) 

In Eqs. (53) and (54). E is a of Eq. (36) and /? 

stands for ail other indices /?, y necessary 

to make a ( E ) a complete orthonormal set; if 
E'(g) were zero the projections c(E,ft) would 
equal S(E — E,) 8(/? — /i, ) independent of time. 

Most problems in quantum theory cannot he 
solved exactly ; therefore some approximate treat- 
ment using perturbations must be devised. In the 
present case it is assumed that c(E,/3.t) do not 
change appreciably from their initial values at 
t = 0. so that it is a reasonable approximation to 
replace c(E % /3j) bv r (£,/?, 0) on the right side of 
Eq. (54). With the further approximation that V ' 
is constant during the interval 0 _ t ' 1 i, one 
finds, using the notation of Eq. (10). that 


\ c (Ef$/Ji )\ 2 - 


, j u*(E f .p f )l"u(E,.p,) 


]2sin 2 


'’•n 2 'fab 

h^ 1 '■> 


(55) 


where ho i = E f — E,. 

Equation (55) shows that the probability of 
finding the system in some new stationary state 
u(Ef,/3f) after the system is no longei peiturbed 
is proportional to (i) [TV | ', the squaie of the ma- 
trix element of the perturbation between initial 
and final states; (ii) an oscillating factor which 
for given ti has a peak t\~ 4 at = 0. 

Sin' Hi'ci )/j is plotted as a function ol «> in 

Fig. 8; evidently |r(E,,/?/)| J is relatively small for 
energies such that |o>j The most likely 

occupied states after the perturbation conserve en- 
ergy {Ef = £,), and the spread in energy of the 
final states is = h A<o ~ ^2irh/t^ — h At, where 
t\ — A t is, for example, the duration of the meas- 
urement. Thus Eq. (55) provides a version of the 
uncertainty principle between energy and time. As 
t\ approaches infinity the area under the curve in 
Fig. 8 becomes proportional to / 1 , since the main 
peak has a height proportional to tr and a width 
proportional to 1/ti. Therewith one obtains a 
widely employed formula giving the approximate 
transition probability w per unit time for making 
transitions, under the influence of a steady per- 
turbation V\ from an initial stationary n (£„/?, ) 
to a set of final states of the same energy, namely 


w~--p(E f ) IF',,1* (56) 


where p(Ef) = dp dy . . . is the density of inde- 
pendent final states in the neighborhood of E = 
Ef * E t% = /?/, y = y /, and so on. For instance, 
with iii a plane wave e tkg moving in the z direction, 


Eq. (18a), and Uf a plane wave in some other di- 
rection, Eq. (56) yields the Born approximation 
to the cross section for elastic scattering by a po- 
tential. Equation (56) is also applicable to proh- 
lems outside the domain of nonrelativistic quan- 
tum theory, for example, to the theory of /?-decav 
wherein new particles are created. 

The preceding considerations are important for 
understanding how a measurement of an operator 
A not commuting with the Hamiltonian H o dn 
cause an initially stationary state u(E) to evolve 
into an eigenstate a (a) of A. Equations (46) 
(49), with H = T +V = //<>, the unperturbed 
Hamiltonian, hold only in the intervals between 
measurements; during the measurement uiE). 
though an eigenfunction of // ( >, is not a stationary 
state of the complete Hamiltonian. This paragraph 
doe 1 - not do justice, however, to the subtle ques- 
tions involved in the quantum theory of measure- 
ment. 

FURTHER ILLUSTRATIVE APPLICATIONS 

When g particles arc noninteracting, the Hatnil 
Ionian has the trivially scpaiahle form H fJ]-\ 
//•j - b * * • -f H,,, and 

( H i "f~ * ‘ * d- H if ) | // 1 ( r i ,E i ,o i ) ■ * u t) ( i | 
— [E i | * * • + h q ) 

[ ii\ (rj,/?i.ari ) • • ■ u q ( r, h E lh c*„ ) | (57 1 

where u \ ( Ti,E\*(y\ ) arc a complete oithonorayil sH 
of eigenfunctions of H\ foi particle 1. and mi on 
Thus, because an opeiation performed solely on 
particle 1 always commutes with an operation 
performed y/dely on particle 2, the pioducts 
• ■ • u q (t q ,E, h a q ) aie a complete oi 
thonormal set of eigenfunctions of H - 11 it 
■ * * 4- //,,,* also the energy levels of H are the sei 
of possible sums ol individual particle energies 



Fig. 8. Plot of v». w = (E f — E t )/n. (I- *• 

Schift, Quantum Mechanics, 2d ed., McGraw-Hill, 1955) 



£> £ I + ■ • • + Eg- Similarly, if H(x) = T, + 
(/(jt), with eigenfunctions u(x,E r ), is a Hamilto- 
nian for a one-dimensional spinless particle, then 
ilf iv qiiadratically integrahle 0(*,y,z) describing a 
three-dimensional spinless particle can lie expanded 
in d sct ies of products u(xj\ r )u(yji u ) u{z % E?) . This 
paidgraph explains the relevance, to three-dimen- 
sional many-particle systems, of the results obtained 
foi the illustrative applications previously dis- 
cussed. The immediately following subheadings 
lontinue to illustrate the general formalism. The 
reader is cautioned that the remaining contents of 
this aiticle. although very important, especially for 
applications to atomic and nuclear structure, are, 
for the most part, admittedly more condensed than 
the material presented heretofore. 

Parity. Because P-if/i r) = P\p( — r) = 0(r), the 
|)jnt\ operator has but two eigenvalues, namely 
and 1: the corresponding eigenfunctions are 
^ld to have even or odd parity. Evidenth P com- 
mutes with lhe harmonic oscillator Hamiltonian 
p 2m H (1 / 2)Kx\ The harmonic oscillator ei- 
genvalues arc nondegenerate, and therefore every 
hdiinoni< oscillator eigenfunction (Fig. 6) has ei- 
ihcr even or odd parity. Similarly the eigenfunc- 
tions //' , // of 7\, Eq. (24). have even and odd 
pdi it y respectively ; eigenfunctions ol T, which do 
not have definite par it v also exist, however. Eqs. 
I_M). because the eigenvalues E are degenerate 
I lie eigenfunctions of p, do not have definite par- 
ih Ei| (lKfl). because p,P I Pp, - 0. that is, 
\) do('^ not commute, but instead anticommiites. 

with P 

Time evolution of packet. A wave function 0 
i»*presenting a single (spinless) particle localized 
in the neighborhood of a point is termed a wave 
pulsct. Assuming H = p 2 2 m f E(r). Eq. (49) 
Melds 

(x) = <x// - Hx) = f Px \ (58«) 

dt m / 

employing Eq. (7). Similarly 



Equations (58) mean (i) the average position of 
du* paitic le, that is. the center of the packet, moves 
"ith a velocity given by the expectation value of 
dm momentum; (ii) the acceleration of the center 
( d the packet is found from the expectation value 
(l f the classical force - dV dx. Equations (58) il- 
lustrate the correspondence between quantum and 
tkissital mechanics and show that the classical de- 
"inptmn of particle motion is valid when the spread 
°f the packet about its mean position can be ig- 
nored. When the particle is free, H *= p L ’/2m, Eqs. 
(41), and (49) lead to 

(A*)f 2 =* (A*) 0 2 -f /“ (xp + px)o — 2(x)o(p)ol 
m ) 

+ ~ 2 (A P *W (59) 
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where the subscripts t , 0 refer respectively to ex- 
pectation values at / and at initial lime zero. Equa- 
tion (59) shows that although an unconfined free 
wave packet may contract for a while, ultimately 
it will spread over all space: when the minimum 
spread happens to occur at / - 0. the term linear in 
t vanishes in Eq. (59). 

Orbital angular momentum. The quantum me- 
chanical operators reptesenting the components of 
orbital angular momentum L have the same form 
as in classical mechanics, namelv for each particle 
L, ~ yp K — zp u% and so on. Using Eq. (7) 

L 2 L Z - L Z L 2 = 0 (60a) 

L X L U - L y L x - ihl.t (t)0b) 

and so on, where L~ ~ L 4- L,p f According 
to Eq. (41), theielore. (i) L and L* aie simulta- 
neously exavtlv measurable; (ii) once the values 
of L J and L z are specified, the values of L r and L, t 
must be uncertain. In spherii al coordinates z - 
r cos 0 % x =■ r sin 0 cos </>, y = r sin 0 sin 0, L r and 
L ' become 

U = h ~ (61«) 

l <90 

< 6is > 

Equation (12) for L is solved by // ( </>,z/i ) - 
exp ( inn />), where mh is the eigenvalue. It can be 
argued that //(0.m) must have \ unique value at 
am point \,v,z, meaning «(0 -f 2 t r,m ) = w(0.m). 
so that m must be a positive or negative integer, or 
zero. With (1 <90-’ - —rri m Eq. (616). the eigen- 
values uf L turn out to be / (/ I- 1 ) fi~ where / = 0, 

1 independent of m, except that for each / 

the allowed value'- of the magnetic quantum num- 
ber rn are m = --/, / [ J / — 1 , / ; thus 

ea* h / has order of degeneiacy 21 f 1. Because lr 
ami L commute with P , the eigenfunctions u(l,m) 
have definite parity; in tact. 

Pu ( Km ) = ( - 1 ) 1 u ( l.m ) 

In a two particle system, the components of the 
total orbital angular momentum L = Li -{ La obey 
the same commutation Equations (60) ; as a result 
the eigenvalues of lr and K (hut not the eigen- 
functions ) are the same as in the one-particle case. 
lr and 1 commute with Lr and Lr. hut lr does 
not commute with L w or L 2 - Consequently the 
total orbital angular momentum eigenfunctions are 
labeled by /, m, / 1 , /-. For given /j, the possible 
values of I are the positive integers from l = / 1 -\- l •> 
down to / = |/j — In | ; the corresponding eigenfunc- 
tions have parity ( — )K'h independent of /, m. 
These rules for combining angular momenta are 
readily generalized to more complicated systems 
including spin, are well established, and form the 
basis for the vector model of the atom. See Atomic 
STRUCTURE AND SPECTRA. 

Coulomb potential. The Hamiltonian for an (as- 
sumed spinless) electron of mass m f in the field of 
a fixed charge Ze is H » p 3 /2m, + E(r), where 
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V (r) = — Ze-/r . In spherical coordinates, Eq. (12) 
for the eigenfunctions u(r,6 y <f>) is 


Hu 



Eu 


(62 a) 

with Ir defined by Eq. (616). Now H commutes 
with L 2 and L £ and r-H is separable; that is. 


r*H{rft4) = H\(r) + (2m.) U.*(0,*) 


[compare Eq. (57)]. Thus u(r)u(L,m) are a com- 
plete set of eigenfunctions; Uu(r) u(l,m) = 
/(/ -f 1 )h 2 u(r) u(l,m) , and therefore the radial ei- 
genfunctions u(t) — u(EJ) must satisfy 


‘-A 2 1 d_ 
.2 m 0 r 2 dr 



+ 


/(/+!) A 2 

2 m e r 2 



u(r) = Eu(r) 


(62 6) 


The positive term /(/+ l)A J /2m„r 2 acts as an 
added lepulsive potential; it can be understood in 
terms of the classical centripetal force needed to 
maintain the angular momentum. For E < 0, ad- 
missible solutions to Eq. (626) must be exponen- 
tially decreasing at r = oo ; moreover, because of 
the r 1 and r 2 terms in Eq. (626), an eigenfunc- 
tion u(EJ) which behaves properly at r = oo be- 
comes infinite at r = 0 unless E is specially chosen. 
Thus (as alwavs) the quadratically integrable 
eigenfunctions form a discrete set The correspond- 
ing bound state energies E ' 0 are 


_ m e ZV 
' " 2AV 


(63) 


In Eq. (62) the principal quantum number n - 1. 
2, 3, . . . ; for given / and n the number n, ^ 0 
of zeros (between r = 0 and r = co) of the cor- 
responding u(EJ) is n T — n — / — 1. Because 
dx dy dz — r 2 sin Q dr dO d<f> , the radial probability 
density is r-\u (r,EJ) [ 2 . Figure 9 shows the radial 
probability density plotted vs. r (in units of the 
Bohr radius oo = A J /m r e 2 ss 5 X 10 9 cm) for sev- 
eral low-lying stationary states of atomic hydrogen, 
Z = 1. The notation for the eigenfunctions is stand- 
ard in atomic physics: the principal quantum 
number is supplemented by a lower case letter 5 , 
p, d, . . . corresponding to / = 0, 1, 2, . . . ; for 
example, a 3d state has 1 = 2 and therefore n r = 0 
or no radial nodes, as in Fig. 9. The eigenfunction 
u(l * 0, m = 0) is a constant; that is, an 5 state 
is spherically symmetric; |u(r,0,<£) I 2 is propor- 
tional to cos 2 0 or to sin 2 0 in p states, and so on. 
The eigenfunctions, although they are spread over 
all space, have their maxima at about the radii 
expected on the older Bohr theory of Eq. (63). 

In the actual hydrogen atom the nucleus, of mass 
is not fixed. The Hamiltonian is 


tj_pA + PS_ Ze * 

2 m e 2M \r\ — r 2 \ 


(64a) 


where the subscripts 1 and 2 refer to the electron 
and the nucleus respectively. Introducing the cen- 


ter of mass (X,Y,Z) ^ R = ^ + 

Mr 2 ], ( x,y,z ) = n — r 2 , Eq. (64a) takes the 

sepai able form 


H - P r2 — 

2(M + m e ) 2p r 


(6 4b) 


where (p«) r s? p x = (h/i)d/dX, etc., are the com- 
ponents of the total momentum pn = pi -f p j; 
Pr = (h/i)d/dx, etc.; and the reduced mass /i =t 
m t M (M + m, ) l . Therefore p« is a constant of the 
motion, as asserted in connection with Eq. (52) ; 
moreover Eq. (646) is separable in R and r. In 
other words, the center of mass moves like a free 
particle, completely independent of the internal r 
motion (see Center oi- mass). Comparing Eqs 
(62a) and (646), and recalling Eq. (57), the ei 
genvalues of Eq. (64a), after the kinetic energy of 
the center of mass is subtracted, are given by Eq 
(63) with /< (depending on m f /M) replacing m e 
The independence of internal and center-of-mass 
motion means that the temperature broadening of 
spectral lines can be explained quantum methani 
cally in terms of the classical Doppler effect for a 
moving fixed-frequency source. This paragraph il- 
lustrates the correspondence between the classic al 
and quantum theories. 

The eigenvalues E of Eq. (63) have order of do 
generacy n 2 ; this degeneracy stems from (i) the 
fact that V (r) is spherically symmetric, which per 
mits H to commute with L, (ii) a special *>m 
metry of Eq. (62a) for the specially simple Cou 
lomb potential, causing solutions of Eq (626) for 
different / to have the same energy For an arb) 
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Fig. 9. Radial probability density in atomic hydrogen 
(F. K. Richtmyer, E. H. Kennard, and 7. Lauritsen, In- 
troduction to Modern Physics, 5th ed., McGraw-Hill 

1955) 







trary spherically symmetric V (r ), the bound-state 
eigenvalues E(n r J) of Eq. (62b) do not coincide 
for different /, and each bound state has degener- 
acy 2 / f- 1* corresponding to the 2/ + 1 possible 
values m = — / to / of the magnetic quantum num- 
j )el m ; an energy level associated with orbital an- 
golai momentum / has parity For any such 

Mr) the bound state energies (i) increase with 
mcTeasing n, for a constant value of /, for the 
-aiTie reasons that were discussed in connection with 
the eigenvalues of Eq. (25) ; (ii) increase with in- 
, , casing / for constant n, because the rotational 
kinetic energy (2m^r 2 ) V(/ 4* 1 )fi“ increases. Ex- 
( ppt for these regularities, the order and spacing 
<»f the levels depends on the details of V (r). For 
potentials F(r) decreasing more rapidlv than 1 r, 
the total number of bound states generally is finite, 
whereas this number is infinite for the Coulomb 
I if) = -Zc-'r. 

Removal of degeneracy. The Hamiltonian of 
Eq (62 a) is spin-independent, which is whv Eq. 
(62c/) ha*- been treated as if the wave function had 
only one component; compare the remarks follow- 
ing Eqs. (5). Corresponding to any one-component 
sol ul ion n of Eq. (62a) there are two independent 
two-r omponent eigenfunctions: (i) \j/\ = //, iff* = 0 
.ind (ii) i/'i = 0, — a; compare the earlier dis- 

union of spin. Thus for an electron the degener- 
m of the energy levels in a Coulomb field is 2 n 2 : 
similarly the degeneracy for neutrons, protons, or 
ele* trons iri an arbitrary spherically symmetric po- 
tential is 2(2/ -} 1). The energy operator foi an 
electron in an actual atom, for example, hydrogen, 
is not sjen-independent. however Relativistic ef- 
feds add. to the central V (r ) of Eq. (62cz). non- 
icntral spin-orbit potentials V'(r) | />, s, 4~ L u s u 4 
/ s 1 F'(r)L • s: here s is the spin operator and 
alleys the same commutation equations (60) as L. 

Equations (60) show that V'(r) L*s commutes 
w it Vi / s-\ (L f s)- and L . -f 5., but not with 

/' or s*, illustrating the principle of conservation 
of total angular momentum J = L s; rompate 
the remarks preceding Eq. (52). Consequently, re- 
tiring to the final part of the discussion of orbital 
angular momentum (i) J 2 = / (/ -f 1) h 2 ; (ii) for 
given / ^ 0 (and s = V>), j has but two possible 
values / ± f iii ) the energy levels are labeled 
hy j and have a (2/4- l)-fold degeneracy corre- 
sponding to the 2/4 1 possible orientations of 
J - — / to +/; (iv) because 2L • s = (L 4- s)~ — 
^ — s\ levels of different / have different energies, 
and the splitting of the energies depends predicta- 
bly °n l; (v) (and s T ) no longer are constants 
°f the motion although L 2 and s 2 - (V 2 ) • (%)^ 2 
st, ll are. Moreover, because 2/ + 1 = 2/ + 2 for 
/ = / -f M>, and = 21 for j — l — V 2 , the total num- 
ber of independent eigenfunctions associated with 
^ven / (and n t ) remains 2(2/ -f 1) ~ (21 4- 2) + 
(2/). 

In the independent particle model of atoms and 
nuclei, one assumes that to a first approximation 
J** particle, particle i f say, moves in a potential 

l r i) which has been averaged over the coordi- 
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nates of all the other particles, so that V (r,) de- 
pends only on the distance of i from the atomic or 
nuclear center. To a first approximation, therefore, 
the energy levels are associated with configura- 
tions of one- particle eigenfunctions, for example, 
the ground state of atomic Be is l.s 2 2s 2 . In higher 
approximation one introduces two-body interac- 
tions F(r,,r,) which may be said to mix different 
configurations. The considerations of this and the 
paragraphs just preceding, together with the ex- 
clusion principle discussed subsequently, account 
for the periodic system of the elements and are 
the basis for the highly successful nuclear shell 
model. 

The observation that splitting the levels does not 
change the number of independent eigenfunctions 
illustrates a general prineiple and justifies the pos- 
tulate that the statistical weight of a disnete level 
equals its order of degeneraev (.see Boltzmann 
siaiistics; Statistic al mkc hanic.s) . This prin- 
ciple ean be understood on the basis that the mim- 
bet of bound-state eigenfunctions should be a con- 
tinuous function of the parametets in a reasonably 
well-behaved Hamiltonian; beenuse this number 
by definition is an integer, it must ehange discon- 
tinuouslv and. therefoie. except under unusual 
mathematical circumstances, cannot change at all. 

In an exteinal magnetic field li the Hamiltonian 
of a manvelec tron atom (i) no longer is independ- 
ent of the orientation of the coordinate axes, so 
that the degeneraev associated with this symmetry 
is removed; (ii) retains symmetry with respect to 
rotation about the magnetic field, so that (with the 
z axis along H) commutes with the Hamiltonian. 
Thus in a magnetic field a level associated with the 
total angular momentum quantum number j should 
split into 2] f 1 levels, each of which is associated 
with one of the magnetic quantum numbers — ; to 
4 7 . This prediction is thoroughly confirmed in the 
Zc- man effect and in the Slein-Cerlaeh experiment. 
Sec ZttMAN FI I- F.c t. 

Radiation. The classical Hamiltonian for a 
charged particle in an electromagnetic field has 
the form 

//= 2U P -t) +e * (65) 

where A and < ft are the scalar and vector potentials, 
respectively (sec Electron motion in vacuum). 
It is postulated that when properly symmetrized, 
that is. when A • p + p • A replaces the classical 
2 A • p (see the earlier discussion on Hermitian 
operators), H of Eq. (65) is the quantum mechan- 
ical energy operator. The presence of terms linear 
in p modifies some of the formulas which have been 
given, for example, Eq. (51a). When plane waves 
of light (frequency /, wavelength A., and moving 
in the z direction) fall on a hydrogen atom, A is 
proportional to cos [27r(z/A — //)]. and e<f> is the 
Coulomb potential V (r) of Eq. (62a). 

Proceeding as in Eqs. (53) -(56), noting that A 
contains terms proportional to exp (27ri/0 and 
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exp ( — , and neglecting the small (as can be 

shown) A- terms, one obtains an expression simi- 
lar to Eq. (55), except that to ± 2irj replaces 
a> == h ■ 1 (E f — E , ) . In other words, after a long time 
there are appreciable transition probabilities only 
to final states / whose energies satisfy Ef — E t d= 
hf = 0, in agreement with the notion that a quan- 
tum of energy hf has been emitted or absorbed; 
the 4- sign corresponds to emission, the — sign to 
absorption. The corresponding transition probabil- 
ities are given by Eq. (56) with V proportional to 
exp [2 tt/z/A], and u t , iif stationary state atomic 
wave functions satisfying the radiation-unperturbed 
Ecr. (62 a). The final expressions are analogous to 
the classical formulas for emission or absorption 
of radiation; for instance, when the wavelength A 
is large compared to atomic dimensions, expanding 
exp [27 t/z/A] in powers of z \ shows that the lead- 
ing term in the transition probability is the matrix 
element, between initial and final states, of the di- 
pole moment ez corresponding to classical electric 
dipole emission or absorption (see Elkctkom ao 
nktic radiation). Because z changes sign on re- 
flection through the origin, the dipole matrix ele- 
ment vanishes unless //, and /// have opposite 
parities. This is one of the selection rules for elec- 
tric dipole radiation; other selection rules, con- 
nected with angular momentum conservation, are 
obtained similarly. See Sklkition milks (phys- 
ics). 

The theory starting with Eq. (65) is termed 
semiclassical, because it does not replace the clas- 
sical A. <f> hv a quantum mechanical operator de- 
scription of the electromagnetic field. This semi- 
classical theory has led to the induced emission 
and absorption probabilities in the presence of ex- 
ternal radiation, hut not to the spontaneous prob- 
ability of emission of a photon in the absence of 
external radiation. The spontaneous transition 
probabilities can he inferred from the induced 
probabilities by thermodynamic arguments. The 
spontaneous transition probability is deduced di- 
rectly, however, without appeal to the arguments of 
thermodynamics, when the radiation field is quan- 
tized. 

PARTICLE INDISTINGUISHABILITY 

For systems of g identical, and therefore indis- 
tinguishable. particles, the formalism is further 
complicated because the probability P of finding 
a given particle in a specified volume dx dy dz of 
space must he P\ -f /\> 4- • • ■ | P„ n where P i, 
. . . , P 0 are the probabilities given previously for 
distinguishable particles; expectation values and 
normalizations must be reinterpreted accordingly. 
Moreover, the Pauli exclusion principle asserts 
that the onlv physically permissible wave functions 
must change sign when the space and spin coordi- 
nates of any pair of indistinguishable particles of 
spin V> are interchanged (see Exclusion princi- 
ple ). To amplify this assertion, consider the four- 
component wave function of the two electrons in 
atomic, helium : 


if = ^ + (r i,r 2 ), \MrjXj), if. A ri,r 2 ), f..(ri,r 2 ) 

I^-m (ri,ro) |- is the probability density for finding 
both electrons with spin along 4*2, and so forth. 
The exclusion principle requires 

(ri,r L >) = — ^♦ + (r 2 ,r 1 ) 
i* (ri,r 2 ) = — i// (r.j.ri) 
if.- (rj.r-j) = —if. A r 2 j\) 

fn the independent particle approximation, all com- 
ponents of the ground-state eigenfunctions of 
atomic He are composed of products w(ri)i/(r a ). 
where // ( r ) is the lowest Is eigenfunction solv- 
ing Eq. (62a) for ihe spherically symmetric 
V (r) appropriate to He. In this approximation, 
therefore, \p^ = \jj - 0; if = i/(ri)a(r 2 ), 
is necessarily equal to — i*.(rj ) « (ra) . Of the four 
independent Is- eigenfunctions originally possible, 
only one remains, which can he shown to he a total 
spin zero eigenfunction; the exclusion principle 
literally has excluded the three eigenfunctions cor- 
responding to Total spin one. 

These results are summarized by the rule tlmi 
at most two electrons. .s\v — ± 'A can occupy one- 
particle states with ihe same quantum numheis 
r/,. /, and m “ — / to /. By the general principle 
explained previously in the discussion of removal 
of degeneracy, the introduction of two-particle in- 
teractions F(ri.rj) does not change the number of 
independent eigenfunctions consistent with tly 1 ex- 
clusion principle. In the next higher l.s2.s configu- 
ration of He. i//,, will equal W|„(ri ) w-j s (r-j) — 
U\ A r-j ) u.iAt\ ) . This antisymmetrized wave func- 
tion makes ryi'n classical exchange energy contribu- 
tions, of the form 

Hu 1 * ( r 1 ) tin* ( r- ) V ( r 1 ,r- ) u 1 „ ( r j ) //-, ( r \ ) 

to the expectation value (F(ri,r-)) of the interac- 
tion energy. Exchange energies are important l<»r 
understanding chemical binding. 

Except for the complication of spin, this article 
presupposes that electrons, neutrons, and proton" 
are immutable structureless mass-points. Actualh 
modern theories of nuclear forces, and high-energv 
scattering experiments, indicate that this assump- 
tion is untrue. When creation, destruction, or other 
alterations of fundamental particle structure arc 
improbable, however, the general separability A 
internal and center-of-mass motion [see the discus- 
sion following Eq. (646) ] implies that each funda- 
mental particle is sufficiently described hv the 
position of its center of mass and by its spin 
orientation, that is. by the many-component wave 
functions used here. 

In circumstances wherein more obviously com- 
posite systems undergo no changes in internal 
structure, they too can be treated as particles. F 01 
instance, in the slow collisions of two atoms the 
slowly changing potentials acting on the electrons 
do not induce transitions to new configurations- 
and the collision can he described by solving & n 
equation of the form (62a) for the relative motion * 
in rapid collisions electron transitions occur, an 
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the many-electron Schrodinger equation must be 
enl p]oyed. Similarly, since a deuteron is a neutron- 
proton bound state, with total angular momentum 
„ n itA, in a deuterium molecule (i) each deuteron 
ran be treated as if it were a fundamental particle 
(l f spin 1: (ii) the wave function of a deuterium 
molecule must he symmetric under interchange of 
the space and spin coordinates of the two deuterons, 
which interchange involves successive antisymmet- 
iic interchanges of the two neutrons and of the two 
piotons. In other words (when they can be treated 
a „ particles) deuterons and other composite sys- 
tems of integral spin obey Bose-Einstein statistics; 
composite systems of half-integral spin obey Ferrni- 
Duac statistics. 

When the particles composing a many-particle 
astern can he represented by nonoverlapping wave 
pickets which spread an amount «A* as the cen- 
ter packet moves a distance equal to its width Ar, 
individual classical particle trajectories can he dis- 
tinguished; under these circumstances, therefore, 
the particles, whether or not identical, are in effect 
distinguishable classical particles, and one expects 
Bosc-Kinstein and Fermi-Dirae statistics to reduce 
to the classical Maxwell-Boltzmann statistic's. The 
well-known condition foi the validity of classical 
«t t it ist ics in an electron gas, Nh' (2nm k T) « 1, 

implies that such packets can he constructed; liere 
\ the election density, k is Boltzmann's constant. 

I i** the absolute temperature. In the lower vibra- 
tional slates of a molecule such packets cannot be 
(onstnuted for the vibtating nuclei, however (cnin- 
paic the eailier discussion of the harmonic oscilla- 
tor i, so that quantum statistics cannot he ignored, 
foi example, in the specific heat of IL at low tem- 
peratures. See Quantum siamsihs. [ e.<». ) 

Bibliography: P. A. M. Dirae, Principles of 
Quantum Mechanics , 4th ed.. 1958; H. A. Krameis, 
Quantum Methanics , 1957; 1. D. Landau and 
1 M Lifshitz, Quantum Mechanics , Non-relativis- 
tu Theory, 1958; I,. Pauling and E. B. Wilson. Jr.. 
Intrmluf tion to Quantum Mechanics , 1935; L. I. 
Muff, Quantum Mechanics , 2d ed., 1955; see also 
\NTTf\t mechanics. 

Quantum theory, relativistic 

Hie form of quantum mechanics applicable to a 
^vstorn containing a fixed number of unchangeable 
p.irtnles whose velocities are equal or nearly equal 
the velocity of light ; when particle creation or 
annihilation can occur, quantum field theory must 
be employed (see Quantum heid theory). In 
1‘tiKtice. relativistic quantum theory (as defined 
Imre) is limited to single-particle systems; there is 
not yet a well-established relativistic generalization 
fhe nonrelativistic many-particle Schrodinger 
^nation. This article presupposes familiarity with 
fhe contents of three other articles (see Quantum 
mechanics; Quantum theory, nonrelativistic: 

Relativity). 

Invariance. It is a fundamental tenet that the 
or mal structure of nonrelativistic quantum me- 
Panics, for example, the Schrodinger equation. 


Quantum theory, relativistic 

must he invariant with respect to rotations and re- 
flections of the coordinate axes. Acceptance of the 
special theory of relativity implies that quantum 
mechanics must he invariant with respect to Lo- 
rentz transformations, which generalize and in- 
clude spatial rotations and reflections. Thus, non- 
relativistic quantum theory is a first approximation 
to a mote rigorously correct Lorentz-invariant the- 
ory, whose departures from the simpler nonrela- 
tivistic theory are most important when particle 
velocities approach the velocity of light. Sec Lo- 
ren rz TR ANSI ohm ATIONS; SYMMETRY LAWS ( PHYS- 
ICS ) . 

In relativistic (as in nonrelativistic) quantum 
theory, the formalism must embody wave-particle 
duality, for example, the basic wave property of 
superposition: it is also desirable to assume that 
the wave function \p(t) at any time t > 0 is deter- 
mined solely by the values of ^ at / =- 0. The very 
successful nonrelativistic Schrodinger equation 


(hi/ 

lh l - w 

has the simplest fverv nearly the onlv) form con- 
sistent with these requirements. Consequently, one 
postulates that the iclativ ist ic wave equation also 
has the fonn (1). With the relativistic Hamiltonian 
operator //. this postulate preserves the correspond- 
ence between dassjcal and quantum-mechanical 
motion in the limit h — ► 0. Unfortunately, with 
p, " ( h // ) ( (1 <H) etc., inserting the usual relativ- 
istic frec-particlc Hamiltonian // = x/pV J -f m~V 4 
into Fq. (1 ) yields an equation which is unsatisfac- 
tory on several counts; for example, if the square 
root is interpreted bv its senes expansion in powers 
of /#, the equation involves spatial derivatives of in- 
finitely high order. 

Dirac equation. If it is assumed that classical 
relativistic mechanics docs not exhaust the pos- 
sible quantum-met hanic al energy operators, the 
simplest free-particle Lo r enl/-invariant equation 
of the form (1 ) is 
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(see Relativistic mechanics). In Fq. (2). the cele- 
brated Dirac equation (P. A. M. Dirac, 1928), ^ is a 
four < omponent wave function meaning (in non- 
relativistic language) that the particle has spin;/? and 
a = rv z , ct,„ ctz are spin-dependent hut coordinate- 
independent operators represented by four-rowed 
square matrices. With ih d\f//dt = E\f/, there is a 
continuum of eigenfunctions of Fq. (2) correspond- 
ing to all positive energies E £ m< 2 . When E ap- 
proaches the particle rest energy me 2 , that is, when 
the particle velocity approaches zero, these eigen- 
functions of Eq. (2) have a pair of vanishing com- 
ponents. Since only two of the four components are 
appreciable in the nonrelativistic limit, if appears 
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that Eq. (2), despite its four components, corresponds 
to a particle of spin s *= a conclusion which can 
be demonstrated rigorously from the transformation 
properties of ^ under spatial rotations. See Spinor. 

When a spherically symmetric potential operator 
V(r) is added to the Dirac Hamiltonian, and the 
small components are eliminated, the resultant two- 
component equation includes a spin-orbit interac- 
tion needed to understand the level splitting in 
atomic spectia. With V = —e~/r, and m equal to 
the electron mass, the energy levels coincide with 
the observed levels of atomic hydrogen, except for 
very small quantum-electrodynamic and nuclear 
corrections. In an external magnetic field B, where 
(as in the nonrelativistic case) p is replaced by 
p — eA/c in the Dirac Hamiltonian, the resultant 
two-component equation contains an added inter- 
action -- (e / mc)s*B. Thus, the Dirac equation 
predicts the election has a magnetic moment of 
magnitude ( e/mc ) (A/2), a prediction in accord 
with a variety of observations. For these reasons, 
it is considered established that the Dirat equation 
correctly describes the motion of an electron. Pro- 
tons and neutrons, which also have spin A/2, ap 
parently are not destnbed bv the Dirac equation in 
its simple form (2), sint e the Dirac equation does 
not predict correctly the magnetic moments of these 
particles; the /t-meson, whose magnetic moment 
seems to be predicted correctly, piesumably does 
obey the Dirac equation. See Elimintarv arti- 
cle; Meson. 

Hole theory of positron. The free-particle Dirac 
equation (2) also has a continuous set of negative 
energy levels E ~ —me 2 which somehow musf he 
inaccessible; otherwise all electrons would con- 
tinually be making transitions to negative energy 
states, and thence to states of even more negative 
energy, etc. Since electrons obey the Pauli exclu- 
sion principle, Dirac suggested that these infinitely 
many negative energy levels normally are inacces- 
sible to laboratory electrons because they already 
are occupied by other unnoticed electrons. Absorp- 
tion of a photon of eneigy hf 2 me- can knock a 
negative-eneig> electron into a positive energy 
state, leaving behind a “hole" in the sea of occupied 
negative energy states. It can be shown that this 
hole moves as if it were a positively charged elec- 
tron. Thus, taken together with the ex< lusion prin- 
ciple, the Dirac equation predicts the existence 
of the positron and the phenomenon of pair pro- 
duction; similarly, an electron can fall into a hole, 
observed in the laboratory as annihilation of a posi- 
tron-electron pair. In quantum field theory, a hole 
theory of the positron can be avoided, however. See 
Pair production (flectron-positron) ; Posi- 
tron; Positron ium. 

Klein-Gordon equation. Whereas, for a relativis- 
tic electron, all four components are needed, it ap- 
pears (1959) possible to describe a neutrino, whose 
spin also is Vih but whose (rest) mass is zero and 
velocity always is c, by means of only two com- 
ponents. See Neutrino; Parity (quantum me- 


chanics). Other Lorentz-invariant equations havi 
been proposed, in particular the Klein-Gordoi 
equation 
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obtained from E 2 = p 2 c 2 + m 2 c A using E s ih S/dt 
Pr s (A/0 (d/dx), etc.; in fact, Eq. (2) implies 
Eq. (3). Using Eq. (3) alone for an electron, ignor- 
ing the subsidiary conditions implied by Eq. (2) 
leads to difficulties connected with the fact that Eq 
(2) does not have the desirable form (1). Although 
Eq. (3) is acceptably Lorentz-invariant for parti- 
cles of arbitrary spin, as yet it is not known whether 
any particles obey Eq. (3) without subsidiary con 
ditions. .See Quantum ri fctrodynamics. |kg] 
Bibliography : See Quantum theory, nonrei.a- 
tivistic. 


Quarrying 

The process of extracting stone for commercial use 
from natural rock ledges. The industry has two ma- 
jor branches. A dimension-stone branch involves the 
preparation of blocks of various sizes and shapes to 
be used as building stone, for memorials, and in 
vaiious other ways The second major branch of the 
quarrying industry is the preparation of crushed 
and broken stone Different methods and equipment 
are used in the two branches. 

Dimension stone. Although numerous and 
widely scattered, only a small proportion of rod 
denosiN satisfy the reauirernents for building and 
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New England granite quarry. Four parallel wire saws 
are cutting blocks 36 in. apart; the four wires appear 
emerging from their cuts at the lower right. ( H . E. 
Fletcher Granite Co.) 

ornamental use Hence selection of a suitable de- 
posit is of pnmar> importance. The major problem 
in dimension-stone quarrying is to secure large, 
HMind, and relatively flawless blocks of stone of at- 
tractive color and texture. Explosives which t^nd to 
shatter stone must be used sparingly. For the softer 
tvpes of stone, such as limestone, marble, and sand- 
stone, separation of blocks is usually accomplished 
with channeling machines which travel back and 
forth on a track and cut a narrow channel by a 
chopping action. The channels may be 10 or 12 ft 
deep and 4 ft apart. A modern method of making 
initial cuts for primary block separations is by use 
of the wire saw which is simply a wire belt to which 
^nd or other abrasive is fed with a stream of wa- 
ter. When this belt, traveling under tension, is 
brought in contact with the rock, it cuts a channel 
about Vi in. wide. This equipment is now used suc- 
cessfully in Pennsylvania slate quarries, in a New 
England granite quarry, and in some Indiana lime- 
stone operations. Another method of making pri- 
mary cuts is known as drilling and broaching. It 
insists of drilling a row of holes close together 
an< l 0,, tting out the webs between them with a drill 

or Caching tool, thus making a continuous chan- 
nel. 

If no horizontal open-bed seam9 are present in a 
formation, the masses of stone, separated by 
channeling or otherwise, are set free at the quarry 
nor by driving wedges into horizontal drill holes, 
ne laige masses of stone are subdivided into 
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smaller blocks, usually by the plug-and-feather 
method. The feathers are elongated soft-iron plates, 
used in pairs (one down each side of a drill-hole ) ; 
and the plug is a steel wedge placed between a pair 
of feathers. When they are inserted in a row of shal- 
low drill holes and sledged lightly in succession, a 
fracture is made. 

In some slates and many of the harder rocks, such 
as granites and quartzites, the primary breaks are 
usually made by discharging light powder charges 
in deep drill holes. The charges are small enough 
to fracture without shattering the stone. 

The rough blocks arc hoisted from the quarry 
with powerful derricks and are fashioned into fin- 
ished products by sawing, planing, tubbing, and 
polishing in mills equipped with a great variety of 
stone-working machines. 

Crushed stone. Quarrying to obtain crushed 
stone is an entirely different process. Rows of holes 
are sunk, even as much as SO or 100 feet, with per- 
cussion or rotary drills to the bottom of a retreat- 
ing bench within a quarry. Charges, some reaching 
several tons of explosives, are fired simultaneously 
in these holes. Thus masses of stone, possibly thou- 
sands of cubic yards, are shattered and thrown to 
the quanv floor ready for loading. This is known 
as the prirnarv blast. If some masses of stone are 
too large for loading, they may be reduced in size 
by secondary blasting with ‘-mall charges of dyna- 
mite inseited in boles dulled with a jackhammer. 
Another method of breaking such masses is the use 
of a drop ball. A steel ball that may weigh several 
Lons is hoisted with a derrick and allowed to fall on 
the stone, which it shatters by impact. 

Stone is generally loaded with revolving, crawler- 
tread electric shovels which may have dippers rang- 
ing from %~-\5 yd 1 capacity, depending upon the 
size of the crushing operation. The stone is loaded 
into dump cars or trucks with which it is hauled to 
the primary crusher, usually of the jaw or gyratory 
type Such crushers reduce the stone to about 6-in. 
size. 

The finer materials from the crusher discharge 
are removed with a screen, usually of the rotary 
type. Stone which will not pass through the screen 
is carried to smaller secondary crushers that reduce 
it to 1- or 1%-in. size The crushed stone is graded 
by screening to various sizes depending upon the 
specifications of the users. Most screens are of the 
shaking or vibrating type. 

Limestone is the rock most widely used in crush- 
ing, but granite and basaltic rock are also utilized 
extensively. Sandstone is employed in some locali- 
ties. Crushed stone is used principally as concrete 
aggregate or road stone, but some varieties, partic- 
ularly limestone, have many other applications. 
Great tonnages of limestone are available in the 
tailings from the lead and zinc mining operations 
in Missouri. See Mining* open-cut or pit; Stone 

AND STONE PRODUCTS. [o.B.] 

Bibliography : O. Bowles, The Stone Industries , 
2d ed., 1939. 
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Quartz 

The most abundant and widespread of all minerals. 
Quartz is an important rock-forming mineral that 
occurs as a subordinate constituent of many igne- 
ous, metamorphic, and sedimentary rocks; it is the 
principal constituent of sandstone and quartzite 
and of unconsolidated sands and gravels. Quartz 
has the chemical composition SiOj, silicon diox- 
ide. It crystallizes in the trigonal trape/ohedral 
class of the rhombohedral subsystem. The lattice 
type is hexagonal. Quartz often occurs as well- 
formed crystals. The hardness is arbitrarily desig- 
nated as 7 on the Mohs scale of relative haidness. 
The specific gravity is 2.650. The fracture of crys- 
tals is subconchoidal, but more or less distinct 
cleavages are sometimes obsened on the rhombohe- 
drons (1011) and (0111) and on the prism (lolo). 
Ordinaril), quartz is colorless and transparent, and 
the luster is vitreous. Amethvst is a puiplc or blu- 
ish-violet gem variety, and citrine is an orange- 
brown gem variety: most citrine sold commercially 
is produced bv heat treatment of amethyst. Rose 
quartz is a massive type found in pegmatites. 
Quartz also may have a smokv yellow to dark 
srnoky brown color, varying to brownish-black and 
almost opaque. .See Ami ihysi. 

Properties. Quartz is enantiomorphous; crystals 
are either right-handed or left-handed, and corre- 
spondingly rotate the plane of polarization of 
transmitted light. It also is piezoelectric. Twinning 
is common in quartz. The chief twin laws are the 
Dauphine law, in which the twinned parts are re- 
lated by a rotation of 180° around the r axis, and 
the Brazil law (or optical twinning) in which the 
tv\inned parts are enantiomorphs, of different hand. 
Quart/, also known as a-quartz or low-quartz, is 
one of seven knovwi polymorphs of silica. It is sta- 
ble below about 57'3°C; heated above this temper- 
ature it inverts reversibly to high-quartz. 

large flawless crystal* of quart/ are employed 
for the manufacture of quaitz oscillator plates, as 
prisms in optical spec tiograph* and a* other npti 
cal devices. Natural quart/ crystal* of commercial 
grade are principally obtained from Brazil, but in 
recent years crystals of adequate qualils h ue been 
synthesized by hydrothermal techniques. .See Crys- 
tal optics; PlEZOf I FCTRIf CRYSTAI ; Pit ZOKLFC - 

tricity; Poiarized light; Spectroscopy. 

Varieties. The varieties of quartz may be classed 
into two broad categories: coarse-crystalline, in- 
cluding euhedral crystals and massive granular 
types, in which the individual grains are visible to 
the unaided eye; and fine-crystalline, comprising 
massive types in which the individual grains or fi- 
bers are distinctly seen only under the microscope. 
Coarsely crystallized quartz includes varieties 
based on color, structure, and inclusions. The fine- 
crystalline types of quartz usually have a waxy to 
dull luster, and are weakly translucent to opaque. 
They are characterized by a slightly diminished 
specific gravity, due to porosity, and by greater 


ease of attack by chemical agents. The fine-erys. 
talline types of quartz are loosely divided into two 
main groups on the basis of particle shape. These 
comprise the fibrous kinds, including chalcedony 
carnelian, agate, and their color valiants; and fine 
granular kinds, chiefly flint, together with jasper 
and its variants. These materials have a very exten- 
sive varietal nomenclature that has arisen for the 
most part from their use since ancient times as gem 
or ornamental materials. See Agatt ; Chalctdomy, 
Gem; Jasper. 

\< m J 

Quartz clock 

A clock that uses the piezoelectric property of a 
quartz crystal. When a quartz crystal vibrates, a 
difference of elec trie potential is produced between 
two of its faces. The ciysfcal has a natural fre 
quency of vibration, depending on its size and 
shape, and if it is introduced into an oscillating 
electric circuit having nearly the same frequency 
as the crystal, two effec ts take place simultaneously 
the crystal is caused to vibrate at its natura, 
frequency, and the frequency of the entire circuit 
becomes the same the natmal frequency of the 
crystal. 

In the clock, the alternating current from the 
oscillating circ uit is amplified, and the frequency 
subdivided in steps such as fiom 100 kc to 1 kc 
finally driving a synchronous motoi and geai train 
to di*plav time bv hands on a c loc k fac e. # 

The natural frequency of a quaitz crystal p 
nearly constant if pieouutions are taken in c lifting 
and polishing it, and if it is maintained at marly 
constant temperature and pressure After a c r\ st il 
has been placed in operation, the frequency 
changes slowly, as a result of physical change 
When allowance is made for such changes, the 
best crystals run for a >ear with accumulated 
errors of less than 0.1 sec. See Osc ill a ior 

The practice at astronomical observatories that 
determine time is to rely on the average indication 
of several quartz clocks to cany the time Irorn one 
astronomical determination to the next, and to 
smooth out the accidental errors of the astrononu 
cal observations. In this way, the mean solar time 
is known at any instant with a precision of a few 
thousandths of a second. See Clock. 

|g.m.( I 

Quartzite 

A metamorphic rock consisting largely or entirely 
of quartz. Most quartzites are formed by meta- 
morphism of sandstone; but some have developed 
by metasomatic introduction of quartz, SiOs« often 
accompanied by other chemical elements, for ex- 
ample, metals and sulfur (ore quartzites). The ge- 
ological relations and the shape of quartzite bodies 
serve to distinguish between them. The meta^>- 
matic quartzites are often found as contact pt°d 
nets of intrusive bodies. See Metamorphic ro<k s ’ 
Metasomatism; Sandstone. 



The transition from sandstone to quartzite is gra- 
dational. All stages of relic clastic structures are 
encountered. Some sandstones are soon completely 
metamorphosed. Others are very resistant, and in 
many highly metamorphic quartzites of the Pre- 
cambrian. there are relic structures still to be ob- 
served. 

Pure sandstones yield pure quartzites. Impure 
sandstones yield a variety of quartzite types. The 
i-cment of the original sandstone is in quartzite re- 
mstallized into characteristic silicate minerals, 
whose composition often reflects the mode of devel- 
opment. Even the Precambrian quartzites corre- 
spond to types that are parallel to present-day de- 
posits. 

Carbonate cement reacts with silica to produce 
silicates during high temperature metamorphism. 
However, ferric silicate has never been observed. 
The Fe-jOx pigment in deposits of desert sand re- 
sist any degree of metamorphism. Therefore, old 
Precambrian quartzites exhibit the same red color 
as the present-day sand of Sahara. 

I luder the conditions of regional metamorphism, 
cement composed of clay gives rise to sillimanite 
(■r k\ anile, potash-rich cement yields potash feld- 
spar or mica, lime and alumina yield plagioclase or 
rpidote. dolornitie cement yields diopside or trem- 
■ditc. and sideritc cement yields gruenerite. Wol- 
lcHonitc will crystallize from pure calcite cement. 
Sm li quartzites oceur as folded layers alternating 
with lu\ers of olliei .sedimentar y rocks. 

In some leldspathie quartzites thin dark micace- 
ous l,t\ers parallel to the foliation superficiall v slig- 
ht telic bedding. Many of the Moine schists of 
.Scotland illustrate this. True bedding is marked, 
however, by thin strings of zircon, iron ore, or 
other inherited concentrations of the heavy min- 
euik 

Under the condition of contact metamorphism, 
•he cement of the original sandstone will recrys- 
tallize and minerals of the hornfels facies will de- 
velop. Quartz itself is usually stable. However in 
ver\ hot contacts, against basic intrusions, quartz 
may invert to tridymite, which again has reverted to 



^aterloo quartzite showing schistosity developed by 
s ©aring on the bedding planes. Dodge County, Wis- 
Cons «n. ( USGS ) 
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quartz; or it may even melt. Such vitrified sand- 
stones resulting from partial fusion of inclusions in 
volcanic rocks are called buchites. They often con- 
tain fritted feldspar fragments, corroded grains .of 
quartz, and a matrix of slightly colored glass cor- 
responding to the fused part of the sandstone. See 
Hornfels; see also Quartz; Silicate minerals. 

[t.f.w.b.] 

Quaternary 

The latest major division of Cenozoic time (Ceno- 
zoic Era) ; the name refers collectively to all the 
geologic deposits (Quaternary System) that over- 
lie or are vounger than the Tertiary deposits, and 
also to the time (Quaternary Period) during which 



these deposits accumulated. The name was pro- 
posed bv .1. Desnoyers in 1829 as an addition to tlm 
standard names of rock groups (Primary, Second- 
ary. and Tertiary ) that had been in use since 1760. 
Although Primary and Secondary have since been 
generally abandoned. Tertiary and Quaternary still 
remain in rather wide use. The Quaternary System 
is commonly subdivided into a Pleistocene Series 
and, above it, a Recent Series. .See Cenozoic: 
Pleistocene; Recent. |r.kf. | 

Quaternary ammonium salts 

Analogs of ammonium salts in which organic radi- 
cals have been substituted for all four hydrogens 
of the original ammonium cation. Substituents mav 
be alkyl, aryl, or aralkyl, or the nitrogen may he 
part of a ring system. 

For identification of tertiary amines and other 
purposes, direct alkylation with an iodide, sulfate, 
or sulfonate (for example, methvl-p-toluene sul- 
fonate) is the preferred method of preparation. 
The resulting quaternary ammonium salts are gen- 
erally strong electrolytes and are converted to 
quaternary ammonium hydroxides, very strong 
bases, by silver oxide, alcoholic potassium hydrox- 
ide, or anion-exchange resins (see Amine). Tri- 
methylbenzylammonium hydroxide, sold as Tri- 
ton B, catalyzes many condensation reactions of 
the aldol and Michael types. 

A quaternary salt, methylallylbenzylphenylam- 
monium iodide, containing four different groups on 
nitrogen, proved to he resolvable (1899), clearly 
establishing that nitrogen is tetrahedral in these 
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compounds. In general, optically active quaternary 
ammonium salts racemize readily, suggesting the 
possibility of an equilibrium between the tertiary 
amine and the alkyl compound from which they are 
generated. 

Surface activity of quaternary salts depends on 
the fact that many surfaces are negatively charged 
colloids. Hence, positively charged cations are at- 
tracted to such surfaces. Most commercial uses of 
these salts take advantage of this property. Cat- 
ionic surface-active agents of this type are rather 
obviously incompatible with anionic surface-active 
agents such as soaps, since the high-molecular- 
weight cation and anion react to form a less-solu- 
hle salt of still higher molecular weight. Account 
must be taken of this fact in their manufacture 
and use as pharmaceuticals and disinfectants. 

Examples and uses of important salts are di- 
methylethylolevlammonium bromide, an antistatic 
agent for textiles (it may hold water on the sur- 
face) and a disinfectant in medicine and sanita- 
tion; 1-stearamidoinethylpyridinium chloride, a 
water repellent for textiles; dimethyldioctadecyl- 
ammonium chloride, a fungicide, emulsifier, paper 
softener, and corrosion inhibitor; tetraethylammo- 
nium chloride, a ganglionic blocking agent; tubo- 
curarine chloride, a muscle-relaxing agent; and 
choline bicarbonate, a parasympathomimetic 
agent. 

High-molecular-weight quaternary ammonium 
salts have proved useful in establishing theories of 
electrolytes, particularly those involving a choice 
between dissociation and ion-pair formation. See 
Ammonium salt; Surface-active agent. [l.b.c.I 

Bibliography : C. A. Lawrence, Surface-Active 
Quaternary Ammonium Salts , 1950. 

Quaternions 

An associative, noncommutative algebra based on 
four linearly independent units or basal elements. 
Quaternions were originated in Dublin, Ireland, on 
October 16, 1845, by W. R. Hamilton (1805- 1865), 
who is famous because of his canonical functions 
and equations of motion which are important in 
both classical and quantum dynamics. 

The four linearly independent units in quater- 
nion algebra are commonly denoted by 1, /, /, k t 
where 1 commutes with /, /, k y and is called the 
principal unit or modulus. These four units are 
assumed to have the following multiplication table: 

1*- 1 i 2 = f = k 2 = ijk = -1 

Hjk) « (ij)k « ijk 

li-il 1/ = jl lk~kl 

The i , /, k, do not commute with each other in mul- 
tiplication, that is, ij ^ ji, jk ¥= kj , ik ¥* ki , etc. But 
all real and complex numbers do commute with 
i, /, k; thus if r is a real number, then ic = ci, 
jc = r/, and kc = ck. On multiplying ijk = — 1 
on the left by i, so that iijk = £ ( — 1 ) = — i, it is 
found, sime i 2 = —1, that jk = i. Similarly jjk » 
ji = — k; when exhausted, this process leads to all 


the simple noncommutative relations for i, £ 
namely, 

ij = —ji = k jk = — kj * i ki = — ik = j 

More complicated products, for example, jikjk = 
—kki * i, are evaluated by substituting for any 
adjoined pair the value given in the preceding se- 
ries of relations and then proceeding similarly to 
any other adjoined pair in the new product, and no 
on until the product is reduced to ±1, ±/, ()r 

±k. Multiplication on the right is also permissi- 
ble; thus from ij = k , one has ijj = kj , or 
—i = kj. Products such as jj and jjj may be writ- 
ten and / J . 

All the laws and operations of ordinary algebia 
are assumed to be valid in the definition of quater- 
nion algebra, except the commutative law of multi 
plication for the units i. j k. Thus the associative 
and distributive laws of addition and multiplied 
tion apply without restriction throughout. Addition 
is also commutative, for example, i + / = / -f i. 

Now if $, «, b . r, are real numbers, rational or 
irrational, then a real quaternion q and its conjj- 
gate q' are defined by 

q = s + ia -f jb + kc q' = s — (in + jb -f k( ) 

In this case qq' — q'q — s' + | c' = A 

and N is called the norm of q; the real quantih 
T = \//V is called the tensor of q, and s . a , h , < , au 
components (or coordinates) of q. The part 
y = ia -f y b = kc is the vectoi of q. and it mas 1 m 
represented by a stroke or vector in a frame ol 
cartesian coordinates, u, 6, c being its compnntnh 
Let now p^*= w - f ix f jy -|- kz be another real 
quaternion; if pq = 0. either p nr q or both arr 
zero, which is called the product law. If, for exam 
pie, p = 0, then all of its components u\ r. y, c. are 
zero. When p = q, that is p — q — 0, then one 
must have w = s, x = a. y = 6, z = c; otherwise 

(w —s) + i(x — a) + j(y — b) f- k(z - < ) - 0 

would constitute a linear relation between 1, u 7- ^ 
which would be in conflict with their original dofi 
nitions as linearly independent. 

Multiplication. The product of two quaternion** 
may he found by a straightforward process, and 
in full is 

pq *= ws — (ax + by + cz) 4- i (aw -f sx -j- cy — bz) 

+ j(bw + sy + az — ex) + k(cw + sz + bx - n\) 
qp - ws - (ax A- by A- cz) A- i(aw + sx - cy -j- bz) 

+ j(bw + sy - az -f cx) + k(cw + sz — bx - f «v) 

and hence 

PQ - QP - 2 

[ i(cy — bz) -h j(az — cx) + k(bx — o,y)\ 

which is zero only when cy — bz = az — cx * 
bx — ay * 0. This shows that pq ¥* qp except un- 
der special conditions; quaternion multiplication 
is not, in general, commutative. 

In q, if any two of a, b, c are zero, one has, in e *’ 
feet, an ordinary complex number; if all of b,c 
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a r(» zeio, then q = and js an ordinary real number 
0 f scalar Hence real quaternions include the real 
jrul ordinary complex numbers as special cases It 
11 be evident that leal quateimons are a kind of 
( vie nsion of the ordinary complex numbers z = 

x v 1 r 

So far the case in which a 9 ft, < are complex 
|ii in! ltie s has not been included, thus making q a 
( oniplc \ quaternion and for piesent puiposes mm 
pbx quateimons will be put aside 

If rnav be noted that the invention of vec toi anal 
V sis was inspiied by Hamilton’s quaternions as 
( irl\ 1846 18S2 a Rev M O’Brien published 
pjptrs in which he assumed i- = j - A =1 and 
t } ul s paved the way to the dot oi inner product of 
u ,lor inalvsis Fundamentally quaternion algebra 
jroudis much deeper concepts and consequences 
inti in sonic piactical problems it piescnts char 
ubantages ovei vector analysis 
Division. In the division of quaternions itcip 
r ,K ils of the cjuatcmion units /, 7 , A are easily 
Imind thus 


A 1 - -A AA 1 = -k L = 1 

\l it complicated quotients ma\ he evaluated if 
u is nken to observe the defined conventions 

Mm 

<J ] = iJJ '= i 
but 

J* J = W 1 = ^1 ' = *7 - 1 

It i lust to wnte dcnommatois with negative ex 
I nulls md pldce them piopeilv in the nurnentor 
l iv oid triors Similarlv the tecipioeals and qt 
ii nN ot ital quaternions vield unufiic results Ii in 
/ s t- m -j- jb I Ac all of s a ft < art not zero 
th« ii 

I q = r/ qq' =* q' N W = s 4 a 4 ft f f 

I 'other if p - u \ tx f jy f kz is a ond real 
1 ‘ itf i nion then 

p 'q ■= pq’ qq' = pq' N 

\ ' ci diti^lv teal quaternions admit of division If 
rr 7 p the n r - p fq = pq'/ \ , and if qr = p, 
T f l ’p = c/'p /V Henee both right division and 
h division vield unique quotients If, for exam 
pic v = 7 -= 1 b ~ V- 2, < = 0, then /V = 1 4 
: * 2 1 0 - 0, this result is one reason whv the 
I discussion has been limited to real quaternions 
j H unilton adopted the name vectors for directed 
nf< * in space If vectois are denoted with Greek 
etlers then a = ix -f jy 4 kz is a vector whose 
( ninpom nts along a conventional right-handed ree 
tan Ruldr caitesian coordinate svstem are t, y, z, re- 
* ne( t J vclv If ft = ix' 4 jy' + kz' is another vector 
ar SdmC C00r< ^ Jnate then their products 


a ft ■* — (xx' + yy' 4 zz ') + i(yz' — y'z) 

+ j{x'z — xz') 4 k(xy f — jc'v ) = — i/ + y 
fta = — (xx' 4 yy' + zz/) — \i(yz' — y'z) 

+ J (x'z — xz/) 4 k ( ty' - x'y ) ] = — i/ — y 

Both products yield a scalar u and a vector y as a 
sum and such a sum is by definition a quaternion 
Further, 

aft 4 fta = -2(xx' -f y v' -f zz') 

That is, in general, multiplication of nonparallel 
vectors is not commutative which is a special ease 
of the none omni ut al ion multiplication of quater 
n ions II one sets x = > - y' z =- z', then 

a (x + v Y z ) 

which with negative sign is the square of the 
length of the vec tor a whose c omponents are x, y , z 
J he quotient a/ ft emerges t asily sine e 

a/ ft = -aft/ (x' 4 v' 4 z' ) 

Hence a/ft has a unique value if x\ y\ /, are all 
real and not all zero I he quotient of two vectors is 
a quaternion and pre viousl) it w is stated that a 
quaternion can he defined as the ratio of two vec 
tors 

By multiplication a leal q and its conjugate q' 
are found to commute 

qq' - qq = S 4 U 4 b n f c‘ = 7 

to give a real positive scald! Further q 4 q' *■ 2s, 
and hence q and q' ar' the loots of a quadratic 
equation with real coclhcients 

t - 2st f / = 0 

Whc n this e quation is solve d m the field of ordinary 
c omplc x numbers one finds 

/ - s 4 V (a- b - j c ) 

This simple hut impoitant result emphasizes the 
fact that in asking for a solution of a given alge 
brai< equation the field of the quantities for which 
a solution is d« sited must he specified 
Applications. Next let r -= s' 4 k/ t ]b’ 4 kc' 
be another leal quaternion then 

qr = — {at/ 4 hi/ + ( <' ) 

4 / (c/s' 4e/'s 4 b(' — 6'c ) 

| / (6s' 4 b ' s 4 a/c ac') 

4 A (c s' 4 c's 4 «// a'b) 

= S 4 4 ]B 4 kC 

where S = ss' — {a</ f hi/ fee') A — as' 4 

a/% — be' — 6V, etc for B and C 

Also, 

rV = S - (/ 4 i j B 4 kC) = (qr)' 
qr(qr)' = $ 4 A 4 B 4 ( 

But qr{qr) f = qrr'q' qq'rr\ since rr' is a sea 
lar and commutes with q and q' Therefore, one 
has Euler's famous result that 
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S 2 + A 2 + B - +C- 

= (s 2 4- a- 4- 6 4 r ) (Y* -f a?~ 4- 6'- -f r'-) 

which is impoitant in number theory since it is 
used m the proof that every positive rational inte 
ger c an be represented as a sum of four squares 
The quotient of real vectors a/p is the sum of a 
scalar and vec tor and hem e is a quaternion, for ex 
ample, q If 1\ m j, //| are the direction cosines ol 
a m a rectangular cartesian coordinate flame then 

a = ao(t / 1 + pin 4 kn\) an = V 7 x 1 + >* + z“ 

& = 60 ( 1/2 4- 4 Am 2 ) 6 0 = vV 2 j y ' 2 4 - z ' 2 

and 

cr C/o || | . x 

q - « * . |/i/> 4- iwifn 2 4- r/ir /2 f i0«2rti - oti/i 2 ) 
p 0{) 

4- y(/i«2 — /j/ii) 4- A(/ 2 mi - /im 2 )] = s -f- m 

4- jb + ht - s 4- 7 

Then a = q/?, that is, q is an operator which turns 
and sti etches ft to coincide with a Tiom analytic al 
geomeliv / \l m { m i m w -j- /i^i = cos o where < > is 
the angle ( ~ ) between the vec tors cy and /? It c an 

be noted that 

/ 1 (rno^i — rrnn^) 4- m i ( /i — / rii ) 

4- (Ca/i — / 1 /« .. ) -= 0 

and hence the vector pjit y of q is perpendicular 
to cy, and the same is true for y and p This sug 
gests the relationship 

q = /0 (cos co f c sin o>) = TVq 
0(1 

where a<r/6o ~ s a 4- 6~ 4- r- — T , cos 0 = 

5 7\ and c is the unit vector e - (/a 4 y6 4 kr) 
\/a 4-6 4 -c which is peipcndicular to both cy 

and /? Because e = —1, the square of any real 
unit vector is 1 Ihc factor (Iq = cos <o 4- c sin <» 
turns p through the angle to coincide with the di 
rection ol cy and is called the versor of q V is one 
of several symbols encountered in the grammar of 
earlier quaternion theory If IV q = c os w - t 
sin n then UqU'q = 1 

There is an important result m quaternion algc 
bra which seems to be due to A Cayley With q as 
before then its reciprocal is q 1 = </' T as be 
fore If some other real quaternion is p = u 4- 
ix { jy 4- kz , then the expiession qpq 1 is called 
the conical rotation (or transform) of p, and it 
finds important application in the specification of 
motions of rigid bodies We have 

qpq~ l = { w7 2 -f i[(s 2 -f cr 2 - 6 2 - c 2 )x 4- 2(ab — cs)y 
4- 2{ar + bs)z\ -f y[2(«6 4 n)r4 (v 2 — a 1 4* 6 2 
— c 2 )y -f 2(hc — as)z) f h[2(a( — bs)x 

4- 2(as + 6c )y 4 (a 2 — a 2 — b 2 4- < 2 )z) }/T 2 
— u + iX jY 4- k/ = u 4- r 

where T- = $- 4- a 4 6- 4- c“ If 7- = 1, w - w and 

X * (s 2 4- a 2 — IV - r 2 )* 4- 2(rz6 -n)y4 2(ar 4- bs)z 
Y = 2(ab 4- ^)x 4 (s 2 — a 2 4- 6 2 — c 2 ) y 4- 2 (fee — as ) 2 
Z — 2(ar — 6s)x 4- 2(as 4- bc)y 4- (s 2 - a 2 — b 2 4- c 2 )z 


a linear transformation of -J\ T, Z, to z, y, 2 
It is easy to show that, for example, 

(s fc 4- it- — b - — c-) 2 4- 4(a6 — ts) 2 

4- 4(ac 4- 6^)" = T* = 1, 2(afc 4- cs) 

(s- 4* — 6** — t-) 4- 2(s —a 4-6“ — r 2 ) 

( ab — ca) 4- 4(6c — as) ( ar + 6a) a= 0 

Hence the coefficients of x % y, z are direction (0 
sines of the frame \ / in tilt x , y, 2 fidnic of 

coordinates and the transformation is orthogonal 
(unitary) The a, 6, c, s are huler’s parameter 
(£ 77, C, x) Clearly the angle \p between a _ 
fr -f yy 4- A 2 and y = ta f /6 4 k( is given l u 
g(ar 4- by 4 hz ) - c os $ g a known quantitv an 1 
some easy algebra shows that the angle between 
the vec toi part r of qpq 1 and y of q = s 4 ) y 
given bv the same expression Hence qpq 1 has ro 
tated cy conically about y. and the magnitude of 
the rotation comes out remaikahly enough to )» 
just 2<», where again c os «d -- s / / = s As an exam 
pie let 

a = 6 = w = 0 s = cos a * c = sin 

so q = cos to 4~ A sin o then the formulas ahovt 
yield easily 


\ = i (os Ioj > sin 2oj 
} ~ \ sin 2o) 4 > < os 2co 
/= 2 


which shows that p has been lotatcd conn ill 
about 2 and through the angle 2o # 

If X jl 1 arc t lie angles winch the yeetoi / 
ia f jb 4" kr makes with x y z respectively in J 
if / — 1, pien the relations a = c os A sm ( h 

cos/c. sin ca ( = cos 1 sin o s ~ coso and a 
b 4 t — sin a) are consistent with the ibm 
analysis Another lormulation loi s a b ( is 


a = in sip 9 - <(>) 

r = ? sin ^ + 0) 


b - 




0 

sill ^ C OS 
0 

c os c OS 


1 

2 
1 
) 


0) 

(^4-0) 


The angles 6, </> 0 art the familiar fuleinn >i 
gles relating a fixed cartesian frame to anotlier 
with the same origin, the second being assumed m 
kinematics, to be fixed in a rigid body movm P 
about a fixed point namely the c ornmon origin 
of the two frames 

If a , P , y, 8 are defined by a = s f ic k 
a 4 - ib, y = —a 4 - 16 , 8 = s — it, 1 - \/ — 1, 
cy8 — py = s 2 4- a“ 4- 6“ 4- c~ = 1, 


a = cos ® , •<*+^>' 2 /3 = i sin ^ c *^ )/2 

7 =* « sin 8 — cos 

£ £ 

I - V-l 

These are the Cayley Klein parameters which l en ^ 
themselves to homographic (bilinear) transform^ 
tions, 2 ' =* az 4 * P/yz 4 - 8 , in the complex 
plane so that the motion of a solid body m s P ace 



be represented on a plane The quantities u = 

( t - 18 are also components of a unit spinor, 
Z fun< tion ou urnn 8 ln hl 8 her algebra and in the 
(fuantuin theory (similarly for or, (3) If a = 
( ,i )w/ - i;*h <*# = ( — i 2) (tr + tr), a z = mi. 
lir |h( components of a complex vector then 
n ^ (li -f a =0 and the vector is of length 
Jt) Such a vector is the starting point foi some 
tic aimentsof spinor theory 
Rt turning now to the quatemion units 1 i % j k 
tlic\ ma> as appeals to have been first discoveud 
\ % S\ 1 v c stc i be repiesented by various matrices 
m 2^2 set being 



'1 <f] 


rvrr ol 


_0 U 

1 

o -V ij 


r ° n 

h 

0 v -]1 

J 4 

L-i °J 

_V-\ oj 


md the last three when multiplied by \/~~ 1 are 
the Ptuli spin matrices occurring m the quantum 
( 1,(01 ICS of flection spin (spin = 1 .) It has been 
houn h\ S Bochnci that no set of } X $ matrices 
|, iv, the multiplication table corresponding to 1 
j / \ set of 4 X 1 matin es due to A S F tiding 

n whn h ic piesents 1 / J A is 


I 0 0 0 

0 1 0 0 
0 0 1 0 

0 0 0 L 

0 0 0 

0 0 1 

0 1 0 

1 0 0 


f 

0 

0 

0 


"01 0 (f 

1 0 0 0 

0 0 0 1 

0 0 -1 ()_ 

no o i o" 

0 0 0 1 

1 0 0 0 

0 1 0 0 


He t m four out of a group of sixteen 4X4 ina 
tri is used bv Fddington in his fundamental t he 
r\ (i\c of the sixteen not including I he above 


n w he n multiplied bv V — 1 the matrices occur 
nil* in Dine stheoiy ol the relativist i< wave ccpii 
t i l<u the electron Another set of four matrices 

I 1 l / J k is 


1 0 

0 

0 



’ 0 

] 

0 

0“ 

0 1 

0 

0 


J 

1 

0 

0 

0 

0 0 

1 

0 


l r 

0 

0 

0 

-1 

J) 0 

0 

]_ 



0 

0 

1 

0_ 

0 

0 

1 

(f 


" 0 

0 

0 

1“ 

0 

0 

0 

1 

h ^ 

0 

0 

-1 

0 

] 

0 

0 

0 

0 

J 

0 

0 

0 

1 

0 

0 


-1 

0 

0 

0 


1 d if by oidinary matrix addition lules x 4* 
' J x d Ax i = q are formed then 


X 

*1 

*2 

*3 

-X { 

X 

-Xi 

X 2 

-*2 

*3 

X 

-Xi 


— *2 

X\ 

X 


I an d the determinant of q , \q\ has the foim 
\q\ - (x- + x , 2 + xS + xS ) 2 
I dn ,n,ri guiriR result 
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The basal quaternion elements 1, /, j /c, and their 
negatives are the elements of a non Abelian group 
of order eight whic h is called the quaternion 
group The group contains proper self coniugate 
(invariant) cyclical subgroups one of the order 1 
and significantl> three of order 4, and there are 
five eoniugate classes three of which are of order 
2 and the others eac h of order 1 

Hamilton’s inttrest m analytical geometrv led to 
nianv applications of quaternions in this field es 
peually to conics and quadric surfaces In his 
hands and c "peciallv in those of P G Tait P Kel 
land I MiAulay C ) lolv and A S Hardv there 
have been many applications of quaternions to 
classical geometrv and mathematic il physics 
These include the use of Hamilton’s partial differ 
ential opeiator 


V 


<) 
1 c*h 



"h A 


d 

<*) 


Flic gre it idvanc es made m quantum theory rel 
ativitv number theoiy algc lira and group theory 
arc associated with scholars who had an easy fa 
mill mtv with quale rmons | d m y ] 

Bibliogi fiphy H F Biker lb</'s Thtoitm ttnd 
thf 1 /ln d Th<orv 1 H ( >7 II ( Bimkman Spinor 
/ ni u mints 1956 F J ( utin 1 1 t^on s s urlathto 
nt dfssjumurs 1952 ( (htv.llcv 7/ic 4 Igfbrait 
Thf or \ of Spinors 1954 I F Dickson Algebras 
and I heir inthnutus 192J P Dienes Taylor 
Serus 19H A S 1 ddington fundamental Thf 
on 1946 11 Goldstein (lassual Mttharucs 

1950 H I Himl)ingei ind M F Grnrrhaw, Lin 
<ar 7 ransfornwtions 1956 W R Hamilton / e< 
tun s on Quaternions 185 ^ W R Hamilton Fie 
nt nts of Quatf r mans 1866 \ S Hardy FUmrnts 

of Quaff rmons 1881 G H Hardy and E TV1 
flight Thf Theory of lumbers Id ed 1955 
H Jeffi evs md B |c ffre ys Mathf mutual Physics 
Id ed 1956 ( I ]o|y Manual of Quaternion^ 

190) P Kelland and P G I ait Introduction to 
Quan rmons Id ed 1904 I D I indau and F M 
I jfshit/ Quantum Mefhanu s 1958 I) F little 
wood 1 Umitrsity Algthra 1950 ( G MacDuf 
fee in IntiodiK tion to Abstract Algebra, 1940 
T D Muinaghan in 4 (ollfttion of Papers m 
Mnnory of Sir William Ron an Hamilton Scnpta 
Matt ui iti< a 1945 A Soinmcrfcld At«>mhau und 
Spektrallimen Wellenmc chanischei Frganzungs 
band 1929 P G l ait h It merit ary Treatise on 
Quatf rmons 3d ed 1890 L 1 Whittaker, A nalyt 
ual Dynamics 4th ed 1944 


Quebracho 

A name foi a number of trees belonging to different 
genera but having similar qualities, all indigenous 
to ^outh America and valuable for both wooxl and 
hark The heartwood of one South American tree, 
Sfhmopsis lorentzu , is called quebracho (meaning 
axe-breaker) in reference to the exceedingly hard 
wood, one of the hardest known This is the world’s 
most important source of tannin The logs are 
chipped and the chip** are cooked with steam m 
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Quebracho. (From P. DeJanville, Atlas de Poche des 
P/antes Utiles des Pays C hauds, Libraine des Sciences 
Nature/les , 1902) 


copper extractors. The liquor becomes highly con- 
centrated with 40 60 f £ of tannin. It is used either 
alone or in combination with other chemicals for 
tanning all kinds of Jeathei. See Satindali-s. 

I P.D.S.J 


Quellung reaction 

A swelling of the capsule of a bacterial cell as a 
result of contact with an antiserum, a serum con- 
taining antibodies, which are capable of reacting 
with the capsular polysaccharide. The increase in 
volume is greater than could be accounted for on 
the basis of the amount of antibody which could 
be attached to the surface of the bacterial cell, and 
is thought to be due to adsorption of water. This 
reaction is sometimes employed in clinical practice 
as a method of identifying bacteria in sputum or 
spinal fluid, especially the pneumococcus, Fried- 
lander bacillus, and Hemophilus influenzae. See 

BAC TERIOLOGY, MEDICAL; IlhMOPHII If BA( TKRIA ; 

Immunoi <k,y; Ki.fbsiki.ia pneumonia* ; PNEUMO- 
COCCUS. [ P.H.Bh.J 


Queueing theory 

The mathematical theoiy of the formation and be- 
havior of queues or waiting lines. The name is also 
applied loosely to the mathematical study of a wide 
variety of problems connected with traffic conges- 
tion and storage systems. Uneven flow through a 
service point, with fluctuating arrivals and service 
times, constitutes a major topic of operations re- 
search. and some current work in queueing theory 
goes under that title. For the mathematician, 
queueing theory is particularly interesting because 
it is concerned with relatively simple stochastic 


processes which are in general non-Markovian and 
possibly stationary. See Operations research. 
Sto( n astic. process. 

Origin. The principal pioneer of queueing theory 
was A. K. Erlang, who began in 1908 to study proh 
lems of telephone congestion for the Copenhagen 
Telephone Company. He was concerned with prob 
lems such as the following. A manually operated 
telephone exchange has a limited number (one or 
more) of operators. When a subscriber attempts 
to make a call, he must wait if all the operators are 
already busy making connections for other md). 
strikers. It is of interest to study the waiting tirnpv 
of subscribers, for example, the average waiting 
time and the chance that a subscriber will obtain 
service immediately without waiting, and to e\am 
ine how much the waiting times will be affected if 
the number of operators is altered or conditions are 
changed in any other wav. If there are more opei 
ators or if service can be speeded up. subscriber 
will he pleased because waiting will he reduced 
but the improved facility will he more expensive to 
maintain; therefore, a reasonable balance must }»r 
sti uck. 

Related problems arising today in the use of 
automatic telephone exchanges and of long chs 
tame lines able to cam onlv a limited number of 
messages simultaneously have resulted in much 
mathematical studv of telephone traffic' pioblems 
since Erlang’s time. His name is commemorated 1>\ 
telephone engineers in the unit of traffic interisih 
of a channel, the erlang, which mav be defined . 1 * 
the number of requests for service (during sour 
period of Tyne) that are actually made, divided In 
the number of requests that could have been sail* 
fled if the channel had been used to full capac it\ 
the whole time. 

Similar problems arise in other contexts. In a 
factorv, a number of machines, such a*- looms ma\ 
be under the care of one or more repairmen. If a 
mac hine breaks down, it must stand idle until a tf 
pairman is free from repairing other machine 
Machines here correspond to telephone subscriber* 
breakdown corresponds to attempts to make a rail 
and repair corresponds to connection. Other e\ 
am pies of congestion situations, mathematical!' 
similar or identical to the foregoing, are aircraft 
flying around in circles waiting to use an airport 
landing strip, automobiles lining up at a turnpike 
toll booth, and (perhaps the most familiar of all' 
customers lining up at the counter of a retail ‘'hop 
waiting for service. Much of the literature of 
queueing theory uses terminology appropriate t" 
the latter example. 

Theory. One of the simplest portions of queueing 
theory will now be presented. Consider customer" 
arriving at a shop counter. Suppose that they arm? 
singly in a purely random or haphazard fashion 
specified by the following conditions: (1 ) the aver 
age number of customers arriving per unit time c 
constant, signified by A; (2) the numbers of eu 1 * 
tomers arriving during any two nonoverlapp 11 ^ 



time intervals are independent; (3) the chance that 
a t , corner will arrive during any specified time 
interval of infinitesimal duration dt is kdt. Ex- 
pressed more exactly, condition (3) means that 
the chance of one new arrival during any short time 
interval of length St is \St + o(St), and the 
Eunice of more than one new arrival is o ( Sr) , as 
$,.-4 (). Events (arrivals) having this character are 
sa j,| to constitute a Poisson process (stochastic 
process). Suppose that there is just one server and 
that if. while he is occupied in serving a customer, 
further customers arrive, the latter will line up to 
await their turn for service, in the order of their 
arrival. Suppose that the time scale has been so 
chosen that the average duration of service of a 
disiomer is just 1 unit. It will be assumed that cus- 
tomer^ do not all require the same time for service 
|,i , \ that their service times have what is known as 
(1 n exponential distribution, such that the chance 
ilijt a customer’s service time will exceed any 
particular duration t is equal to e f . This service 
I, me distribution has the remarkable property that 
bethel or not a customer now being served will 
have his service completed during the next in- 
finitesimal time interval of duration dt is independ- 
ent id how long he has already been served; the 
rliiim e of completion is just dt. It is assumed that 
the servue times of successive customers are inde- 
pendent. and that the number of persons waiting 
L- no effort on the speed of service. It may he 
unit'd that, because the mean service time of a am- 
inmri is equal to 1 unit, A is equal to the traffic 
intensity, measured in erlangs. 

The queue length L can he defined as the total 
mmdier of customers at the counter, so that L = 0 
d dine a?c no customers, and someone is waiting 
Lr sen ire if L V 2; and T denotes the length of 
t mu*' l fiat a customer has to wait before his service 
Let /,(/) denote the chance that L = r at 
f nne t. During the infinitesimal time interval {t % 
1 ' dt\ there is the chance A dt that a new cus- 
tomer will arrive, and, provided that i ^ I at time 
f . there is the chance dt that the customer at the 
Jioml of the queue will be served and depart. Hence, 
h' comparing the states of the queue at times t and 
1 * (Its it is easy to show that f,(t) satisfies the 
"Weni of differential-difference equations 

f^n = f\(t) - \f n ( f ) 

!■ '(0 =/mi( 0 - (1 +X)/rW +A/,.-iM (rs 1) 

^ ' an he proved that if A < 1 the process ap- 
P 1 "aches an equilibrium or steady state, in which 
l * ll> ‘hanres j,(t) are independent of f, and the 
dciivaiives on the left-hand sides of the above 
Rations vanish. The equilibrium values are easily 
f'Minrl to he 


/, = (1 — A)A r (r^O) 

Particular, the chance that, at any arbitrary in- 
: the server is idle is 

/o = 1 - A 
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For the mean queue length one finds 

W) . 

Now consider a newcomer to the queue. If there 
are L persons in the queue the instant before he 
arrives, the expected service time for each of these 
(including the one at the head) is 1, and so £>(T) = 
?>(L). Thus, the mean waiting time is 


^ = . i-x 

I his will he large if A is close to, but less than, 1. 
If A > 1 , it is obvious that the mean queue length 
increases indefinitely and no equilibrium is 
reached, and it can he shown that the same is true 
if A * 1. 

It has been assumed that the service limes follow 
an exponential distiihution. If instead it is assumed 
that every customer requires exactly the same time 
for service, namely 1 unit, a somewhat similar 
argument would lead to the result that, for equilib- 
rium with A < 1, 


W - 2(1- X) 


which is just one-half the previous result. Both re- 
sults arc included in a formula derived by F. Pol- 
laczek (19.H0), as follows. If the service time dis- 
tribution has mean equal to 1 and variance r and if 
all the other assumptions previously made are satis- 
fied, then the mean waiting time of a customer, in 
the equilibrium condition for A < 1, is 


m = ; 


(I -f r)X 

(i - A) 


This will tend to he large if either A is close to 1 
or r is large ( service times are verv variable ) . 

Applications. Many variants of the above prob- 
lem have been studied. Arrivals need not constitute 
a Poisson process. For example, the arrival times of 
patients at a doctor’s office can show a more even 
spacing than a Poisson process if they have been 
given equally spaced appointments, hut their at- 
riva! times will not he exactly equally spaced. The 
rule of queue discipline, “first come, first served," 
will not always apply. Some customers, for exam- 
ple. may enjoy priority and move ahead of non- 
priority customers. There may be more than one 
server, and if so, separate queues may be formed 
for each. There are then various possible rules to 
he considered for assigning a newcomer to a queue. 
It may happen that the frequency of arrivals or 
speed of service varies with the queue length; for 
example, if the queue is too long, new customers 
may be turned away. Compound queueing systems 
are formed when successive services have to be ren- 
dered to the same customers. 

What is most interesting to investigate varies 
with the circumstances. Sometimes it is the mean 
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waiting time of customers, sometimes the frequency 
with whic h the queue length exceeds a given limit, 
sometimes the pioportion of the server-.’ time that 
is idle, sometimes the average duration of a period 
during which a server is continuously occupied In 
the studv of stocking a warehouse or retail shop, 
known generally as the theory of mventoi ies. the 
frequency with which the stock will he exhausted 
is « onsidered under various reordering polic ies 
Similar < onsiderations apply in the theory of dams 
and watei stoiage See I ini- ah prch ramminu , Sys 

TF Ms FNGINFFKINC. ( I J A ] 

Bibliography A Doig A bibliography on the 
theory of queues, Biometrika , 44 ( \ and 4) # 490- 
514, 1957, P M Moise, Queues , Imentories and 
Mamtenani e % 1958 

Quince 

The quince (( vdonia oblonga) originated in 
Asia and is a deciduous, c rooked branc bed tree 
which grows to about 20 ft t vec Dm mi ons 
i*i ants) It is < ultivated in eithei bush oi tiee foim 
for its edible fruit The undei sides of the loaves aie 
densely tomentose (hairv ) , the solitary flowers up 
to 2 in across, are snowy white oi pale pink the 
fruit is a pear --ha ped or apple shaped pome char 
ac teristic allv tomentose up to I in in diameter 
aromatic sour astringent gieen tui rung c h ai vc 1 
low at maturity Used mostly for jam and jellv or 
as a stewed fruit it develops a pink < oloi in cook 
mg 

I he quince is propagated on hardwood cut 
tings oi bv budding on cpnnc c seedlings (see Bin 
nt\(, ) It mav he used as stock for dwarfing the 
pear (see (»hai tinc, oi pivnis Pr \c n Pi ah ) 
The tiee is only slightlv hardiei than the peach 
the wood being severely mimed at -15 to — 20°F 
and is subject to fire blight (Baal/us amy! morns) 
which is controlled by lemoval ot diseased twigs 



Quince (a) Flower borne on wood of the same season, 
not from an autumn fruit bud (b) Fruit showing method 
of bearing at end of a contemporaneous shoot devel- 
oped from a fruit bud of the previous season (From 
L H Bailey , The Standard Cyclopedia of Horticulture , 
vol 3, Macmillan , 1937) 


and avoidance of overly vigorous growth (see Ba< 
i f hi a , Piani disfasl) Trees aie planted 15 20 f t 
apart. Principal varieties aie Orange, Champn, n 
and Van Deman Fruits keep for only a few weeU 
There is little or no commercial production of 
fi mt in North America 

The dwarf Japanese quince Chaenomeh s japon 
ua , with orange scarlet flowers, is grown as a n „ r 
namental shrub .ScpFruii (trii) , Frith ( ihm- 
DISEASFS, Pi AN! D1SLASF (ON I HOI |ll B T 1 

Quinine 

The c hief alkaloid of the hark of the cinchona tre o 
which is indigenous to certain regions of Sou}, 
America The structuie of quinine is 



Its most important use has been in the tic ilmtnT I 
malaria 

For almost two c entui ies c iik hona baik wis<m 
plovcd in medic me as a powdci oi < \ 1 1 a < t In 1820 
P Pc lletiei ami I (aventou isolated quinmc ml 
related alkaloids from cinchona baik and the 11 
of the alkaloids as such rapidly gamed favor Mi 
joi c i < dit p dm to P Rabf lor the postulation t 
the correct structure of quinine I he difhc nil I ilx 
ratoiv synthesis of quinine, bv R Uoodwaid ml 
W Doc ring in 1914 although economic allv un 
feasible, corroboiated Rabe’s stiucturc 

Until the 1920s quinine was the best cheniotlur 
apeutu agent foi the tieatment oi malana ( linn il 
studies have defimtelv established the Miperionl 
of the newer synthetic antimalanals such as pi mu 
quine c hloioquine, and ehloroguanide Sec \i kv 
tom, Cinchona, Mai aria |smk 

Quinoa 

\n annual herb C henopodmm quinoa . 4 6 ft till 
and a native of Peru is the staple food of man\ 
people in South America These plants growl l! 
high altitudes produce large quantities of high!' 
nutritious seeds used whole in soups or ground ml' 
flour which is made into biead or cakes They are 
also used as poultry food m medicine and m in 1 ^ 
mg beer The ash is mixed with coca leayes to fla 
vor them as a masticatory In the United State* 
the leaves are sometimes used as a substitute f ()r 
spinach See Cf ni rospfrm at fs , Spicf and fH 
yoitiNo fpn 4 ' 

Quinoline 

One of a group of organic compounds containing 2 
benzene ring fused to the 2,3 positions of pyridine 
See Hftfrocycik compounds, Pyridjnf. In na m 
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jng quinolines, reference to the pyridine portion is 
made by the designation, Py, and to the benzene 
portion by Bz. Positions «, /?, and y are the same, 
respectively, as positions 2, 3, and 4. Quinoline and 
some of its homologs are obtained as coal-tar ex- 
tractives. The quinoline ring system appears in 
s\nthetic chemotherapeutic agents and in dyes, 
(iuinine and other natural alkaloids also contain 
tlm quinoline ring. Quinoline itself is useful as a 
solvent, as a source of nicotinic acid, as an acid 
acceptor and dehvdrohalogenating agent, and as 
tht* starting point in organic syntheses. 


5 4 




(VI) 


easily adds hydroxyl and alkoxyl radicals and car- 
banions to give 1,2-disubstitutcd 1,2-dihydroquino- 
lines (VII). Cyanide ion adds readily to the 4 posi- 
tion to give the 1,4-dihydro derivative (VIII), 


Properties. Quinoline (I) is a colorless, steam- 
\n!:*t ile liquid, with bp 237. 1°C. mp — 15°C, spe- 
cific gravity (15°) 1.09771. and n \ J 1.62928. The 
solubililv in water at 20°C is 0.65 r / 7 . Quinoline is a 
\Mt*akl\ basic (pK„ 4.85 at 20°C) tertiary amine 
that forms simple salts with acids, and quaternary 
*alN with alkylating agents. The molecule is aro- 
matic in chemical character. It is resistant to dis- 
i upt if in b\ heat, alkali, or acid; it undergoes sub- 
-htulinn reactions, and it shows a resonance 
energy of 69 kcal /inole. 

Ouinoline is oxidized bv nitric acid and other 
iragents f o quinolinic acid (II). In contrast, 
(fiiniolinium (piaternary salts are oxidized bv alka- 
line permanganate to give products of Py ring dis- 
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CJ 1- 1 ] 


(II) 


i upturn. Quinoline, bv either chemical or catalytic 
induction, gives 1,2,3,4-telrahvdroquinoline. For 
dm must part, reactions of such tetrahydroquino- 
lines may be interpreted as reactions of /V-alkvl 
or thosnhstituted anilines. /V-Methyl-l,2,3.4-tetra- 
b\ flrotjuinoline. or kairolin (TV), is formed by re- 
dudion of quinolinium methiodide (III). 
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which can be oxidized to a 4-cyanoquinoliniiim 
salt. 2-Methylquinolinium ethiodide condenses 
smootblv with aldehydes; the product with formal- 
dehyde represents one kind of cyanine dye (IX). 
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(IX) 

V-Benzovlquinolininm cation (X) from the reac- 
tion of quinoline and benzoyl chloride reacts eas- 
ily with cyanide ion to give the useful Heissert 
compound ( XT ) . 



I I 

uij nr, 

(HD (IV) 

The quinoline 2 and 4 positions have properties 
that distinguish them from the other positions, 
'ethyl groups at these positions are reactive. For 
example, quinaldine (V) condenses with aldehydes 
to give 2-vinyl products, and lepidine (VI) reacts 
'^ith ethyl oxalate to give a pyruvate derivative. 

alogens at positions 2 or 4 may be replaced more 
rf, adily than those at other positions. When the ni- 
,r ogen carries a plus charge, as in quinolinium 
Quaternary salts, these characteristic features be- 
Corne roore pronounced. Quinolinium methiodide 
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.Although nitration conditions are known that 
will place the nitro group at every quinoline posi- 
tion except 2 and 4, 5-nit ro- and 8-nitroquinoline 
predominate when nitric-sulfuric acid is used. Ni- 
troquinolines serve as precursors to aminoquino- 
lines. Sulfonation at 100°C with fuming sulfuric 
acid gives quinoline-8-sulfonic acid as the main 
product. 
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Bromination or chlorination of quinoline in the 
presence of sulfur occurs at the 3 position. Bz 
haloquinolines are formed by ring syntheses start- 
ing with halogenated anilines. Diazotization pro- 
cedures can convert both Bz or Fy aminoquinolines 
to the corresponding haloquinolines. 2-Chloroquin- 
oline is prepared by reaction of phosphorus chlo- 
rides with 2-quinolone or with l-methyl-2-quino- 
lone. 4-Chloroquinoline is obtained by the action 
of phosphorus chlorides with 4-quinolone, or by re- 
action of sulfuryl chloride with quinoline-ZV-oxide. 

Hydroxyquinolines other than 2- and 4-hydroxy- 
quinolines resemble the naphthols in their general 
behavior, and may be regarded as normal phenols. 
2-Hydroxy- and 4-hydrox\ quinoline exist almost 
entirely in the quinolone fotm and show special 
behavior. One property of considerable utility is 
the facile reaction of quinoluncs with phosphorus 
halides to give reactive 2- and 4-chloioquinolines. 
4-Quinolone. or kynuiine. is the decarboxylation 
product from 4-hvdroxvquinoline-2-< arboxylic a< id 
( kynurenic acid ) . 

Preparation. Quinoline ring syntheses construct 
the Py part of the quinoline pioduct by operating 
on anilines or related compounds. A useful c lassi- 
fication of quinoline syntheses depends on wheiher 
the carbon atom of position 4 in the quinoline 
product was (XII} or was not (XIII) attached to 
the ortho position of the starting aniline. 
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In the lattei category (XIII), the Dobner-Miller 
synthesis combines two molecules of aldehyde (re- 
acting possibly as the derived bimolecular o,/?-un- 
salurated aldehyde) with an aromatic amine. In 
this wav, quinaldine or 2-methvlquinoline (XIV) 



CH 3 


is obtained from acetaldehyde (that is, presumably 
from crotonaldehyde) and aniline. In common with 
some other quinoline syntheses, the intermediate 
dihydro stage is not isolated, hut is dehydrogen- 
ated in situ. In the versatile Skraup synthesis ani- 


line and glycerol are heated in the presence of sul- 
furic acid and an oxidizing agent to form Py un . 
substituted quinolines. With the rationalization 
that glycerol acts as precursor to the «,/?-un8atu. 
rated acrolein (XV), the Skraup reaction appears 
as a modification of the Dobner-Miller process. 


CHO 



(XV) 


Commercial synthetic quinoline is prepared hv the 
Skraup reaction. Syntheses with 1,3-dicarhonyl 
compounds are also possible. In the Knorr quino- 
line synthesis, aniline and acetoacelic ester (XVI) 

(H 
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react to form acctoacetanilidc (XVII), which, with 
cold concentrated sulfuric acid, cyclizes to gi\e 
4-methvJ-2-quinolone (XVIII). The reac tants iar 
he made to combine in the opposite sense to give 


< ii 

(\\» 

intermediate (XIX), which on pyrolysis fuinulic'- 
2-methv l-4-quinolone (XX) ( Coni ad-Limpac Ii 
method). When the 1.3-dn aihouyl compound is a 
diketone, for Example, ac etvlac etone (XXI). the 
products are 2,4-disubstituled cpiinolines. 

Quinoline syntheses, starting witli compounds of 
tvpe (XII), include the Kriedlander method, hv 
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which an o-ao> laniline (XXII) condenses with an 
tf-methylrne compound (XXIII), and the Pfitzinger 
scheme, by which isatin (XXIV ) combines with an 
ac etophenone to give a 2-arylcinchoninic acid 
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(XXIII) 
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(XXVI). In the Pfitzinger synthesis, one interpre- 
tation. probably an oversimplification, has the isa- 
tin molecule opening to form the o-acylaniline 
I XXV ) , which then reacts with the acetophenone 
according to the Friedlander reaction. 
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Important derivatives. 8-Hydroxy quinoline (ox- 
ino ) i 4 ' prepared by sulfonation of quinoline, fol- 
lowed bv alkali fusion of the resulting quinoline-8- 
siiltonic acid. 8-Hydroxyquinoline is a reagent of 
(onsiderablr utility in analysis for metals, espe- 
,iall\ magnesium, zinc, and aluminum. The proc e- 
dures make use ol the chelating propeities of ovine 
with metals; formula (XXVII) shows magnesium 
ovjuate. 8-IIvdroxyquinoline is also a fungicide 
t md antiseptic. 5-Chloro-7-iodo-8-hydroxvquino- 
lino (viofoim) and 7-iodo-8-hydroxy -quinoline-5 
vd | Ionic acid (chiniofon) are amehicides. Chinio- 
joii is also used in the colorimetric determination 
i > I mm and ( alcium. 



Quinoline carboxylic acids are prepared hv srv- 
<mI i ing-c losuit* procedures. bv oxidation of 
"lnups sue h as melhvl already on the ling. 01 bv 
tKiusioiniations starting with bromoquinolines. 
Hu* monocarboxvlic acids, with pK„ 4.5 5.0 (in 
"'iFr methanol), aie somewhat strongei than ben- 
/<>u d( id ( pK„ 5.27). Qiiinolinc-8-carboxv lie acid 
< ph 7.2) is an exception. The carboxvl gioups. 
rs pci tally at the 2 or 4 positions, may he removed 
l’> heating. 

Quinoline-2-carboxylic acid (cpiinaldinic acid) 
,s prepared by oxidation of 2-meth\ Icpiinoline 
i(fuinrildine) or 2-styrylquinoline, or by treatment 
<>1 Heissert’s compound (XI) with concentrated 
hvdiochloric acid. 4-Ily droxy quinaldinic- acid 
1 kvmirenie acid) and 4,8-dihydroxyquinaldinic 
a ‘ J d (xanthurenic acid) are two of the several 
metabolic products of tryptophan. The cinchoninic 
d< ids ( quinoline-4-carboxylic acids ) are prepared 
h» ling closures, by oxidation of 4-substituted 
quinolines, or by making use of compounds of the 
coon cooh 



(1) Alkali 

(2) Acid 


I 



(1) P0C1, 

(2) [H] 



U)CH, 
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type (VIII). A convenient method for preparing 
cinchoninic acid is given in (XXVIII) to (XXX). 
Nupercaine (XXXI). a potent hut somewhat toxic 
local anesthetic, is prepared from cinchoninic 
acid derivative (XXIX). 2-Phenylcinchoninic acid 
(cincophen). prepared by Pfitzinger’s isatin 
method, has been used in treatment of gout, and as 
an analgesic and antipyretic. 



CONHCH 2 CH 2 X^ 


C b Hr, 

C c H, 


N 0 — CHoCH 2 CH 2 CH 3 


(XXXI) 


The cinchona alkaloids (XXXII) are quinoline 
derivatives; in quinine and quinidine. R - CH.O; 
in cinchonine. R = H; and in cupreinr, R = OH. 
Quinine, and to a lesser extent cinchonine, have 
been used tor centuries against malarial fever. 
Quinidine, a stereoisomer of quinine, is a useful 
heart drug. 



(XXXII) 


Derivatives of 4-amino- and 8-aminoquinoline 
have attracted attention as synthetic antimalarial 
agents. Chlnroquine (XXX11I), one of the more 
effective 4-aminoquinolines, is formed by combi- 
nation of 4.7-diehloroqtiinoline with 4-arnino-l-di- 
etliv luminopentanc. The 8-aminoquinoline deriva- 
tives (XXXIV) are prepared bv alkylating 8-aini- 
noquinoline with appropriate aminoalkvl halides. 


UI.CHCHaCH.CH.NfCdl,), 


Cl 



(X\XII1) 
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Pamaquine (XXXIV), in which Ri = R 2 = ethyl, 
isopentaquine in which Ri = H, and Ro = iso- 
propyl, and particularly primaquine in which 
Ri = R 2 = H, are effective curative antimalarials. 
The necessary 6-methoxy-8-aminoquinoline for 
(XXXIV) is obtained from 6-methoxy-8-nitroquin-' 


(XXIX) 


Cinchoninic acid 

(XXX) 
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oline, which is formed in a Skraup reaction with 
2-nitro-4-methoxyani1inc. 

The quinoline dyes include those of the cy- 
anine type (IX), azo dyes (XXXV) derived 
from 2,4-dihydroxyquinoline, and quinophthalones 



(XXXV) 


(XXXVI) 



(XXXVI), from 2-methylquinolines and phthalic 
anhydride. Ser IsogriNOLiNK. [ w.j.ge. ] 


bon atoms being converted to the carbonyl group. 
p-Benzoquinone is prepared by the oxidation of 
aniline with manganese dioxide, MnO^, in the pres- 
ence of sulfuric acid. HoSO|. Oxidation of phenol, 
p-aminophenol, hydroquinone, or p-phenylenedia- 
mine will also produce p-benzoquinone. o-Benzoqui. 
none is prepared by oxidation of catechol with sil- 
ver oxide. AgjO, in the absence of water. This qui- 
none is much less stable and more reactive than the 
para isomer. 

Three of the several possible quinones derived 
from naphthalene are known, the 1,4 isomer shown 
above, 1,2-nuphthoquinnne and 2.6-naphthoquinone. 

0 


0 

2,6-Naphthoquinone 



Bibliography: R. C. Elderfield (ed.). Heterocy- 
clic Compounds , vol. 4. 1952; R. G. W. Hollings- 
hcad, Oxine and Its Derivatives , 4 vols.. 1954 
1956; W. E. McEwen and R. L. Cobb, The chemis- 
try of Reissert compounds, Chern. Revs., 55 : S 1 1 
519, 1955; J. I\ Phillips. The reactions of 8-quino- 
linol, Chern. Revs., 56:271 297, 1956; K. H. Rodd, 
Heterocyclic Compounds, vol. 4, 1957. 

Quinone 

One of a class ol aromatic diketones in which the 
carbon atoms of the carbonyl groups are part of 
the ring structure. The name quinone is applied to 
the whole group, but it is often used specifically to 
refer to p-benzoquinone. o-Benzoquinone is also 
known but the meta isomer does not exist. 



Quinone o-Benzo- 

1,4-Naphth 

(p-benzo- quinone 

quinone 

quinone) 
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9,10-Anthraquinorie 9,10-Phenanthra- 

quinone 


Preparation of quinones. Quinones are pre- 
pared by oxidation of the corresponding aromatic 
ring systems containing amino ( or hy- 
droxyl ( -OH) groups on one or both of the car- 


The naphthoquinones are prepared by oxidation of 
the corresponding aminonaphthols. 9,10-Anthraqiii- 
none is best prepared by dehydration of o-ben/oyl- 
benzoic arid which is prepared from Friedel-Crafts 
reac tion of benzene and phthalic anhydride. Dircrt 
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oxidation of phenanthrene with chromic acid \ields 
9.1()-phenanthraquinone, the furth(»r oxidation of 
which gi\es diphenvl-2,2'-dicarbo\vlic acid idi- 
phenic acid) . 

Reactions of quinones. p-Benzoquinone is easih 
reduced ti ► hydroquinone by a variety of reagents. 
The reaction is reversible, and the position of cqui 
librium can he made to depend on hvdrogen-ion con- 
centration and applied electrical potential. 



OH 

+ 2H+ + 2e ^ 

OH 

Hydroquinone 



This system (Eo = 0.699 volt) has been useful 
for the measurement of hydrogen-ion concentration 
(.see Hydrogkn ion). The E () values for many other 
quinone-hydroquinone systems have been measured. 
An intermediate in the reduction of p-benzoquinone 
or in the oxidation of hydroquinone is quinhydrone, 
a 1:1 molecular complex of these two substances. 

The most characteristic reactions of para quinones 
are those of the carbon to carbon double bonds and 
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of the conjugated system 

>c=c-c=o 

Reaction as a dienophile in the Diels-Alder process 
is quite general and occurs under mild conditions. 

0 

CH* 

II 

+ CH — > 

I 

CII 

II 
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p-Bcnzo- 1,3-Huta- 5,8,9, 10-Tetrahydro- 
quinone diene 1,4-naphthoquinone 

The remaining >(, C< bond of the quinone ring 
nun also react in the same way. Halogen adds nor- 
m.ilh to the >C= C< bond as in alkenes. Hydrogen 
lulide, however, adds to the conjugated 

>G- -C— C— 0 

I I 

astern by 1,4 addition, and this is followed by enoli- 
zalion to a hydroquinone derivative. Malonic ester 





and acetoacetic ester react similarly with utilization 
of their active hydrogen atoms. Mercaptans and 
f»rignard reagents give mixtures of normal adducts 
to the C-'O group and 1,4 additions to the 

> C=C — C— 0 


'ystom. Simple quinones do not often undergo sub- 


stitution reactions with the electrophilic reagents 
commonly used for aromatic systems. Free radicals 
from decomposition of acyl peroxides or lead tetra- 
acetate substitute as follows: 



Important naturally occurring naphthoquinones 
are vitamins K] and Kj which are found in blood 
and are responsible for proper blood clotting reac- 
tion. The long aliphatic chain has been found un- 
necessary for the clotting reaction; its replacement 
by a hydrogen atom gives Menadione or 2-methyl- 
J, 4-naphthoquinone which is manufactured syn- 
thetically for medicinal use. 

A number of quinone pigments have been isolated 
from plants and animals. Illustrative of these are 
juglone found in unripe walnut shells and spinu- 
losin from the mold Penicillium spinulosum . 9,10- 
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Juglone 
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Spinulosin 


Anthraquinone derivatives form an important class 
of dyes of which alizarin is the parent type, p- 
Benzoquinone is manufactured for use as a photo- 
graphic developer. See Anthraquinone pigments; 
Aromatic hydrocarbon; Hydroquinone; Ke- 
tone; Oxidation-reduction. [d.a.s.] 

Bibliography : L. F. Fieser and M. Fieser, Or- 
ganic Chemistry , 3d ed., 1956. 
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Rabbit 

Any of many moderate-sized, soft-furred, short- 
lailrd, jumping mammals of the family Leporidae, 
order Lagomorpha, present on all the major con- 


The cottontail 
rabbit, Sylvilagus 
flondanus , length 
to 15 in. (Cour- 
tesy L. G Keste - 
loo , Virginia Com- 
mission of Game 
and Inland Fish- 
eries) 

tinents The family is roughly divided into the 
rabbits and hares The hares are born in a well- 
timed, advanced state of development with their 
t\(s open, rabbits are born naked with their eves 
i losed 

Rabbits and hares are the most important North 
Wtk an game mammals in abundance, number of 
individuals killed, and the number of hunters seek- 
ing them .See Lagomorpha. [j.d.b ] 

Rabies 

\n acute, encephalitic viral infection; in man it is 
invariably fatal. Human beings are infected from 
ihe bite of a rabid animal, usually a dog. See Ani - 
mai mrijs. 

Infectious agent. The virus is 100-150 milli- 
tnn rons in diameter. Canine rabies can infect all 
warm-blooded animals, and death usually results, 
^ome animals show chiefly paralytic signs, whereas 
others manifest encephalitic hyperexcitability and 
v tnousness. However, the vampire bat may trans- 
mit viru , for months while apparently not infected, 
a nd in other wild animals infection may take other 
r ouises than the fatal encephalitis. The virus will 
prow m chick embryos, or in chick or mouse em- 
rvo tissue cultures. Strains freshly isolated from 
do 8 8 and man are called street virus, whereas 
drains of altered pathogenicity and a stable, short- 
e ned incubation period, produced by serial pas- 
ba & e in rabbit brains, are called fixed. Except in 



bats, street virus invariably produces cytoplasmic 
inclusion bodies (Negri bodies) in infected nerve 
cells. See Culture, embryonated egc; Culture, 
tissue; Inclusion bodies (virus). 

Pathogenesis. The virus is believed to move 
from the saliva-infected wound through sensory 
nerves to the central nervous system, multiply there 
with destruction of brain cells, and thus produce 
encephalitis, with severe excitement, throat spasm 
upon swallowing (hence hydrophobia, or fear of 
water), convulsions, and death— with paralysis 
sometimes intervening before death. 

Diagnosis. Diagnosis in the human is made by 
observation of Negri bodies in brains of animals 
inot ulated with the patient’s saliva, or in the pa- 
tient’s brain after death. Diagnosis in dogs is es- 
sential for guidance concerning human vaccination. 
A dog which has bitten a person is isolated, and 
watched for 7 days for signs of rabies; if none oc- 
eur, rabies was absent. If signs do appear, the ani- 
mal is killed and the brain examined for Negri 
bodies, or for rabies antigen by testing with fluo- 
rescent antibodies 

Epidemiology. Rabies occurs throughout the 
world, especially in India, Africa, and Europe. 
Fewei than 100 human cases are reported annu- 
ally in the United States, but a reservoir is con- 
stantly present, as shown by outbreaks in domestic 
and wild animals. In South and Central America, 
vampire bats and fruit- and insect-eating bats 
transmit the disease to cattle, and occasionally to 
man. 

Prophylaxis. The wound is cleansed immediately 
and sometimes cauterized with nitric acid. The pa- 
tient is vaccinated. Indiscriminate human vaccina- 
tion is inadvisable, because there is risk of vacci- 
nation encephalitis. Vaccination is avoided if the 
biting animal is found not to be rabid. Such proof is 
available with dogs, but inadequate in the case of 
bats, for almost 50% of infected bats have no de- 
tectable Negri bodies. Human vaccination is done 
with a series of doses of fixed virus. The virus is 
chiefly the same strain that I ouis Pasteur isolated 
in 1882. The hope is that antibodies will develop 
in the patient as a result of vaccination before the 
infecting street virus has had sufficient time to mul- 
tiply. Hyperimmune serum is also recommended ; it 
should be given as soon as possible after the bite. 
See Biologicals. 

'Control. Rabies is controlled by compulsory vac- 
cination of dogs, and destruction of stray dogs; 
cattle may also be vaccinated. A living attenuated 
virus vaccine is now available. fj.L.M.l 
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Raccoon 


Raccoon 

An American carnivore, Procyon lotor, of the 
family Procyonidae, found from Panama to south- 
ern Canada, except for parts of the Great Basin 


The raccoon, Pro- 
cyon lotor; length 
30 in. (Coi/rfesy 
L. G. Kesteloo, 
Virginia Commis- 
sion of Game and 
Inland Fisheries) 

and the western mountains. It is medium-sized and 
mixed gray, brown, and black in color. The tail is 
ringed with black, and there is a black mask across 
the face. Its fur is of excellent quality and widely 
used, although not as much in demand now as in the 
1920s. 

Raccoons are intelligent, inquisitive animals. 
They usually den in large, hollow trees, but also 
will make their homes in holes dug in the soil. They 
prefer to hunt along streams or lakes, eating cray- 
fish, tnollusks, and fish. See Carnivora. [.t.d.b.~| 

Racemization 

A racemic substance is composed of equal numbers 
of enantiomorphic dextro and levo forms, and race- 
mization is the transformation of either optically 
active enantiomorph into a racemic mixture or ra- 
cemic compound (a 1:1 dextro-levo molecular 
complex). See Optical activity. 

For racemization to occur, molecular dissym- 
metry must be lost ; thus there must be possible an 
intermediate which is identical with its own mirror 
image. Where a molecule possesses but one asym- 
metric carbon (C*), it must be possible to re- 
hybridize the tetrahedral (sp 3 ) orbitals of C* to 
trigonal (sp J ) orbitals. Thus the tetracovalent C* 
must become tricovalent. The most common reac- 
tions permitting this are ionization to a carbonium 
ion, Eq. (1), and enolization, either to a true enol 
or to an enolate anion, Eq. (2). The planar car- 
bonium ion of Eq. ( 1 ) can then recapture an anion 
or solvent molecule from either side with equal 
probability to yield equal numbers of both dextro 
and levo forms. Similarly in Eq. (2), the enolie 
hydrogen (or proton lost by ionization) can return 
to either side of the original asymmetric carbon to 
produce a racemic modification. 

Related to the carbonium ion racemization but 
differing mechanistically is the Walden inversion 
in which a nucleophilic ion displaces an identical 
ion with simultaneous inversion of the molecular 
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configuration. Racemization is complete when half 
of the original molecules have reacted as shown in 
Eq. (3). 
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Multiple-centered (C*) dissymmetric com- 
pounds may racernize via reactions which involve 
migration of a group, provided that, in the course 
of migratioiiythe molecule achieves molecular sym- 
metry (plane, center, or 4- fold alternating axi** of 
symmetry) . See Eq. (4). 
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Molecular dissymmetry may also be lost, with 
attendant racemization, by the overcoming of an 
energy barrier to free rotation upon which the in- 
dependent existence of enantiomorphs depends; 
for example, Eq. (5) shows the racemization of 
the optically active biphenyls. 

When a reversal of configuration occurs (as by 
one of the above processes) at only one of several 
asymmetric centers, the probability of exactly 

equal quantities of each diastereoisomer being 

formed is low, since the intermediate is still dis- 

symmetric. Such an interconversion of diastereoi- 
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Symmetrical 

II (5) 



sorneis i* called epimerization, since epimers (di- 
a^teieoisomers differing at one out of several 
jswmnetric centers) result rather than a racemic 
form. Anv reaction resulting in racemization of a 
single-centered compound necessarily produces 
epimerization in a multiple-centered compound. 
Vc Asymmethu synthesis; Glucose; Stereo- 

i 111 M ISTKY. rw.R.V. | 

Rad 

\ unit of absorbed radiation dosage equal to the 
delivery of 100 ergs per gram of tissue. The 
mcntgen Yields an ambiguous definition for the en- 
< rgv absorl>ed from radiation, but lad makes this 
quant it v definite. See Roentgen unii. [l.f.cs.] 

Radar 

\ ii a< ronun for KAdio Detection And Hanging, the 
original and still the piineipal application of ra- 
<iai The name is applied to both the technique 
.md I he equipment used. 

The purpose of radar is to obtain, process, and 
(liqilav information; thus radar deals with commu- 
njidtion theory and techniques. See Communica- 
UDNs. hLK I UK AE. 

Nadar detection of an object is achieved by 
transmitting a beam of radio-frequency (rf) en- 
ergy and detecting the energv reflected by the ob- 
This is similar to visual detection of an object 
h\ a searchlight. A small part of the rf or light 
energy is reflected bv the object back to a sensor 
tooati*d neai the transmitter. 

Nadar ranging is accomplished bv timing the pe- 
riod required for the rf energv to make the round 
•rip. Distance to the object is equal to one-half the 
ttmc elapsed times the velocity of the radio wave. 

l ocation ol an object is obtained from the range 
and the azimuth and elevation angles of the radar 
antenna. Many additional applications have been 
,( nmd and are mentioned later in this article. 

Nadar has certain inherent advantages over de- 
,(1< !ion systems employing light waves; (1) it has 
p eater range, (2) it is usable in any weather and 
ln day or night, and (3) the electronic circuitry 
and components fox transmitting, receiving, arnpli- 
hing. detecting, and measuring are highly devel- 
oped. 


Historical development. The fact that radio 
waves produce echoes was known before 1920, and 
the phenomenon was utilized to prove the existence 
of the ionosphere and to ascertain the height of 
its various layers by measuring the time required 
for a radio echo to return to the ground. During the 
early 1930s various researchers in the United States. 
England, France, and Germany pointed out that 
ships and airplanes gave rise to radio echoes which 
could he used to deduce their location. In 1935 the 
British Air Ministry authorized the installation of 
five radar stations on the east coast of England, 
and in 1937 fifteen stations more were added in or- 
der to provide radar surveillance of the air ap- 
proaches to the entire east and southeast British 
coasts. By the time World War II began, an unin- 
terrupted 24-hour radar watch was maintained 
over the principal air and sea approaches to Brit- 
ain. The radar network was so effective in locating 
German bombers and directing fighters against 
them that it is generally credited with making it 
possible for the severely outnumbered Royal Air 
Force to defeat the Luftwaffe in the Battle of Brit- 
ain. When the Germans resorted to night bombing 
in order to reduce the losses they suffered in day- 
light encounters, airborne radar aboard British 
fighter planes enabled them to train their guns on 
the enemy in the dark with devastating results. 

After the entry of the United States into World 
War II, American and British scientists pooled 
theii knowledge to develop radar sets for such di- 
verse applications as (1) search radar for surveil- 
lance of large regions and early warning of ap- 
proaching ships, aircraft, and missiles. (2) fire- 
control radar for tracking airborne or surface tar- 
gets and automatically directing gunfire against 
them, (3) aircraft-intercept radar to be carried 
aboard airplanes for directing gunfire at enemy air- 
craft, especially in the dark, (4) radar bomb- 
sights, and (5) airborne radar for submarine de- 
tection. 

Many nonmilitary applications have resulted 
from military developments. Some of these are ( 1 ) 
marine and aircraft navigation radar. (2) airplane 
traffic-control radar for use in the control tower of 
busy airports. (3) airport radar for directing air- 
plane landings from the ground during conditions 
of extremely poor visibility. (4) radar altimeters, 
(5) weather observation radar for discovering and 
tracking hurricanes, tornadoes, and rainstorms. (6) 
police radar for highway speed control, and (7) 
tracking radar for monitoring the flight and obtain- 
ing geophysical dal a from space probes, satellites, 
and high-altitude rockets. See Airborne radar; 
Navigation systfms. electronic. 

Radar research and development since World 
War II has continued in order to meet the new re- 
quirements raised by long-range rockets and space 
flight. The principal areas of development are (1) 
radar for automatic guidance of unmanned vehi- 
cles, (2) radar possessing very high precision in 
determining the positiQn and velocity of targets at 
a range of thousands of miles, and (3) reconnais- 
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sance radar for mapping the earth’s surface from 
high-altitude aircraft and satellites. Various forms 
of continuous-wave radar, as well as improvements 
in conventional pulse radar, are becoming availa- 
ble as a result of the vigorous efforts to meet new 
problems. 

For additional articles discussing radar, see Con- 
tinuous-wave radar; Monopulse radar. 

Fundamentals of operation. Figure 1 shows a 
block diagram of a typical pulse-radar set. In most 
pulse-radar systems a single antenna serves for 
both transmission and reception. The transmitted 
pulse ends before the arrival of echoes. The du- 
plexer protects the sensitive receiver by discon- 
necting it from the antenna during the presence 
of the powerful transmitter pulse. Upon the termi- 
nation of the output pulse the duplexer disconnects 
the transmitter from the antenna and channels all 
the returning echo power into the receiver. 

The number of transmitter pulses per second is 
the pulse repetition frequency (prf). The dura- 
tion of the output pulse is the pulse width. The ra- 
tio of the pulse width to the period between pulses 
is the duty cycle of the radar; it usually is between 
0.1 r /c and 1 0/ ( . The time delay t between transmit- 
ting a pulse and receiving an echo from an object 
at range R in miles is 



c 


where e is the velocity of electromagnetic propa- 
gation (186,000 miles per second). The prf is es- 
tablished by the synchronizer, which furnishes tim- 
ing reference signals to the various display units 
and controls the operation of the modulator. The 
modulator delivers power, in the form of a pulse, 
to the transmitter output tube, which generates a 
signal at the radar carrier frequency for radia- 
tion by the antenna. 


The returning echo is fed to a mixer , or first de- 
tector, for heterodyning with the output of the | 0 . 
cal oscillator (see Heterodyne principle). This 
converts the carrier frequency to a much lower 
value, known as the intermediate frequency (j.fj 
which is more suitable for amplification. The i-f 
usually between 15 and 90 Me, 30 and 60 Me being 
preferred values. The frequency conversion doe* 
not affect the pulse shape. The local oscillator em- 
ploys a klystron or uhf triode, depending on the frt?. 
quency band in which the radar operates. The 
mixer output is fed to the i-f amplifier which in- 
creases the signal level by 70-120 db in eon\en- 
tional systems. The envelope of the i-f amplifier out- 
put is extracted by the second detector. The i ('suit- 
ing video pulse is fed to video amplifiers, which m 
crease the signal level for presentation on the out- 
put displays. 

The radar equation. The strength of echo sig- 
nals is related to the parameters of the radar sys- 
tem by the radar equation 


r„ = Wr 


G 2 \ 2 ct 

(4t r) : W 4 


where Wr = received echo power 
U t — transmitted power 
G = antenna gain 
X = radar earner wavelength 
a = target’s radar cross section 
R = range (distance from radar to target) 


\ consistent set of units, such as ihr mks s\steni 
must he employed. Typical values ot tiansmittnl 
power in pulse radar lie between 10 kilowatt^ 
and 10 megawatts. JIowe\er, because the dut\ 
de is small, the average power is t\pieall\ hi 
tween 0.1 rf < and \ (, f of the peak power. In contm 
nous-wave rad*f the average power is about the 
same in pulse radar, but since the tiansmittn 



Fig. 1. Block diagram of a conventional pulse radar. search radar or a tracking radar, with the appropriate 
This arrangement of components is used with either a type of antenna and presentation. 
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Fg 2. Waveforms in a typical pulse radar, (a) Por- 
tion of transmitted pulse train and echoes. Delay of 
1220 /<sec between start of transmitted pulse and echo 
corresponds to range of 100 nautical miles. Interpulse 
period of 2500 [isec corresponds to pulse repetition 
frequency of 400 pps. Echo amplitude is shown greatly 
exaggerated compared to amplitude of transmitted 
pulses (b) Single transmitted pulse showing carrier 
cycles Carrier period of 0.001 /i , sec corresponds to 
[band frequency (1000 Me). 

output i> continuous r alhcr than pulsed, no large 
|n j\\ or peaks occur. 

Radar c'lrrier frequencies are broadlv identified 
1>\ ,i nomenclature which originated in wartime 
'W reev hut which has persisted because of its con- 
venience and general acceptance. The spectrum is 
divided into hands, tire center frequencies and 
wavelengths of which are given in Table 1. .Sec 
\1lf KOWAVK. 

Radar propagation. Radar propagation is gov- 
erned by the laws of electromagnetic radiation. A 
number of effects occur in radar, because of the 
wavelengths employed, which do not ordinarily re- 
ipnre consideration at other frequencies. 

The range of radar usually extends only to the 
hori/on. because the ionosphere does not act as a 
reflector at the frequencies employed. The radar 
horizon, however, is more distant than the optical 
horizon because the temperature and moisture gra- 
dient of the troposphere cause its dielectric con- 
stant to decrease with increasing altitude. Radar 

fable 1. Radar carrier -frequency bands 

Rand (’enter frequency Wavelength 


p 

300 Me 

1 

meter 

L 

900 Me 

33 

cm 

S 

3,000 Me 

10 

cm 

0 

5,000 Me 

6 

cm 

X 

10.000 Me 

3 

cm 

K 

20,000 Me 

1.5 

om 

Q 

40,000 Me 

0.75 cm 


rays are consequently refracted downward, and the 
radar horizon is situated as though the earth were a 
sphere having a radius 4/3 times the actual value. 
The limit of range for elevated targets imposed by 
ordinary radar propagation is, through a fortuitous 
relation between units, given by the formula 

R max (statute miles) = V2Ai(feetl + V2A L .(feet ) 

where R m ax is the range limit in statute miles, h\ is 
the height of the radar antenna, and hy is the height 
of the turget in feet. 

Superrefraction . Superrefraction sometimes 
causes the range limit to he remarkably extended. 
The phenomenon, which is also known as ducting, 
occurs when a deviation from the usual tempera- 
ture or humidity gradient of the troposphere pro- 
duces an extended horizontal stratum in which the 
dielectric constant decreases with unusual sharp- 
ness with increasing altitude. The radar ray is con- 
fined between the stratum and the earth’s surface 
and travels beyond the ordinary radar horizon. 
This effect usually occurs over the ocean, where 
sharp moisture gradients are formed, or over 
warm land that cools rapidly at dusk, creating a 
sharp temperature gradient. The phenomenon of 
Kiiperrefraction can also foreshorten the range 
liinil if the dielectric gradient is such that the ra- 
dar ray is refracted upward. Superrefraction ef- 
fects occur only with waves that are launched in a 
direction within a few degrees of the horizontal. 

Tropospheric attenuation. Tropospheric attenua- 
tion can he attributed to two causes, molecular ab- 
sorption by resonant excitation of uncondensed 
gases, and scattering by particles of dust and wa- 
ter drops in clouds, fog, and rain. The principal 
molecular absorption effects are due to oxygen, 
which exhibits a strong resonance at a wavelength 
near 0.3 cm ; and water vapor, which exhibits a 
resonance at 1.33 cm. These wavelengths are unsuit- 
able for long-range propagation but are useful 
where it is desired to confine the radiation to a 
limited locality. The absorption due to water vapor 
and oxygen under normal atmospheric conditions is 
shown in Fig. 3. The absorption caused by dust and 
droplets of condensed water is highly dependent on 
their size and concentration. At wavelengths shorter 
than 3 cm this type of attenuation increases rap- 
idly with diminishing wavelength, until in the re- 
gion below about 1.23 cm the attenuation even from 
moderate rain fai exceeds that from uncondensed 
water vapor or oxygen. However, the attenuation 
of radiation passing through rain and fog at wave- 
lengths longer than about 10 cm is negligible, al- 
though enough scattering occurs to produce an 
echo. 

Ionospheric efietts. Radar propagation through 
the ionosphere depends upon the frequency em- 
ployed and fluctuates in a somewhat unpredictable 
manner. The ionosphere is charged with free elec- 
trbns and ions. An electromagnetic wave traveling 
through a charged region undergoes absorption, ro- 
tation of the direction of polarization, and a 
change in the velocity of propagation. The rotation 
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The water-vapor curve is for 10 grams per cubic meter 
[667c relative humidity at 18°C) and the oxygen 
curve was taken on a sample of gas at 15 cm Hg pres- 
sure. 

of the earth causes diurnal variations in the ioniza- 
tion and height of the ionosphere above a given 
locality. Fluctuations in the rate of ejection of par- 
tides from the sun also affect the state of the iono- 
sphere. Although the effect on radar waves of travel 
through a charged region can he calculated, the 
unpredictability of the charge density and distribu- 
tion makes the effect of the ionosphere difficult to 
forecast. See Radio- wave propagation. 

Radar antennas. Radar antennas serve a three- 
fold purpose. They concentrate the transmitted 
power in the direction of the target, provide a large 
area to collect the echo power of the returning 
wave, and indicate the angular position of the tar- 
get. 

The beam pattern of a radar antenna is pro- 
duced by diffraction from the antenna surface in 
a manner exactly similar to the generation of an 
optical diffraction pattern from an aperture illumi- 
nated by light. The beam pattern is formed in ac- 
cordance with Huygens’ principle. The electro- 
magnetic field at each point on the antenna surface 
gives rise to a wavelet which travels away from the 


antenna at the speed of light . The interaction of tfi e 
wavelets generated at the various points on the 
antenna surface causes constructive interference in 
some directions and destructive interference in oth- 
ers. In those directions in which the phases of the 
wavelets are mutually reinforcing, a strong field is 
produced. In the directions in which the phases of 
the wavelets produce mutual cancellation, the field 
is weak. The radiation pattern of a radar antenna 
therefore consists of lobes of strong intensity sepa- 
rated by nulls. The same effects occur with light 
passing through an aperture. However, the lobes 
of a radar pattern are relatively broad, because 
the ratio of the antenna diameter to the radar 
wavelength is relatively small, hardly ever exceed- 
ing 100:1. By analogy to optical diffraction phe- 
nomena. the antenna surface is referred to as an 
aperture, and the manner of variation in amplitude 
and phase of the electromagnetic field across the 
surface is called the aperture illumination pattern 
Gain. The gain of an antenna varies with direc- 
tion. Gain is defined by reference to an isotropn 
radiator, that is, a radiator that transmits power 
equally in all directions. The gain of an antenna in 
a particular direction is the ratio of the power it 
sends in that direction to the power that would \n 
sent by an isotropic radiator connected to an 
equally powerful transmitter. The anlenna gain Ini 
receiving is the same as for transmission. When 
the antenna gain is referred to without specifying 
the direction, the maximum value is usually im- 
plied. In antenna'- producing a symmetrical radia- 
tion pattern, the maximum gain usually occurs on 
the beam axis. The maximum possible value an- 
tenna gain, Go, is given by 


where A is the antenna surface, or aperture, area 
and A is the radar wavelength. This value of gain 
is actually attained by a uniformly illuminated 
aperture. However, most antenna apertmes an* not 
uniformly illuminated, because it would lead to un- 
desirably large minor lobes on both sides of the 
principal lobe in the beam pattern. In order to re- 
duce the side lobes, the aperture illumination pat- 
tern is tapered so that the electromagnetic field h 
stronger at the center of the antenna surface than 
at the edges. In a well-designed antenna the side- 
lobe power can he reduced by a factor of ten. while 
at the same time the gain on the beam axis is de- 
creased 40 SO f 'r from the value of Go given above 
Side lobes must he reduced to suppress strong 
echoes from the ground and large targets; other- 
wise these echoes would interfere with weak echoes 
arriving through the principal lobe. The ratio of 
beam-axis gain to the value Go is the illumination 
efficiency. This is the ratio of power the antenna 
collects from an echo wave to that which would he 
collected by a uniformly illuminated aperture of 
the same size. 

Beamwidth. The antenna beamwidth is defined 
as the angle between the two points of the princi- 
pal lobe on either side of the beam axis where the 
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beam axis 



Fig 4 Typical search radar antenna beam pattern. 
Anfpnna gam is plotted radially in decibels (db) versus 
angular distance from the beam axis The two points 
labeled A are the half-power (3 db) points of the 
antenna radiation pattern 


Lim I s one hall the maximum value found on the 
i\is With an illumination efh( ieiu v of 60',. the 
miuina bcamwidth 0 i-. given appioximatelv hv 


0 = 



degrees 


nluuc A is the radar wavelength and D is the an- 
*en rid diametei If the antenna aperture is not < ir- 
ulir thf beam will not have a < iieular cross rec- 
tum \ search iadai. for example, has a much 
I' up r apettuie in the horizontal than in the veiti 
uil direction The beam founed hv such an antenna 
Hill he nariow in a/miuth and broad in elevation. 
I«» calculate the horizontal, or azimuth, beam- 
Hidth the value of D in the above formula is the 
lion/ontal length, wdiile the vertical, or elevation, 
heimwidth is calculated hv using the vertical 
1'Mizth A t\pical search-radar beam pattern is 
diown in Fig. 4. 


Reflectors A large vaiietv of techniques have 
been developed for generating the aperture illumi- 
nation patterns required for various tvpes of an- 
tennas One of the simplest and most frequently em- 
ploved is the use of a parabolic reflector with the 
r *idiation source, or feed, placed at its focal point. 
Hie ladiarion is reflected from the various points 
°n the parabolic surface in a manner that forms 
a plane wavefront. The operation is the same as 
diat of a searchlight in which the light source is 
ated at the focal point of a parabolic reflector 
and the reflected light emerges as a pencil beam 
°f parallel rays. This type of antenna, of course, 
°annot be used where the dimensions of the feed 
telative to the size of the reflector are so large that 
he k e d and wave guide or transmission line con- 


nected to it form an objectionable shadow in front 
of the reflector and perturb the radiation pattern. 
However, if the antenna diameter is more than fif- 
teen times the wavelength the feed shadow is quite 
tolerable. The parabolical reflector type of antenna 
has the advantages of simpliritv and steerability, 
and permits the polarization of the radar wave to 
be easily determined by controlling the shape and 
orientation of the feed. 

Dipolo arrays. Another frequently employed type 
of radar antenna consists of an array of dipoles 
ai ranged in a planar matrix to form the antenna 
apeiture. Each dipole consists of a conductor, about 
one-quarter wavelength long, which is centrally ex- 
cited bv a wave guide or transmission line. The in- 
dividual dipole radiation pattern is almost iso- 
tropic. but the relative amplitudes and phases of 
the dipoles’ excitations conform to the apeiture il- 
lumination pattern desired The dipoles usually are 
loc ated less than one-half wavelength apart, and 
this spacing is close enough so that no discernible 
defect results from the fact that the apertuie con- 
sists o I an array of discrete radiators rather than 
a continuously illuminated surface. The appear- 
anc e ol the assemblage is such that it resembles a 
bedspring, thereby suggesting the name bedspring 
antenna bv which it is commonly known. This type 
of antenna was used in the earliest miciowavT* ra- 
dar in 1011 and is still frequently employed in the 
most recent designs It can be made fairly rugged 
and is easily steered in one dimension, usually for 
horizontal scanning. It is not usually lotated in the 
vertic al direc lion bee ause of the diftu ull\ in ac hiev- 
mg sufficient rigidity to maintain the relative ori- 
entations of the dipoles when the array is tilted. 
This type of antenna is excited from the back, 
therefore the piohlems of the feed shadow, which 
occur with reflected antennas, are avoided. 

Lens antennas. Tens antennas of two types have 
been developed to provide ea^y steerability m both 
azimuth and elevation for tracking radars, while 
avoiding the problems associated with the feed 
shadow in l effector antennas. In a lens antenna the 
excitation is fiom the bark, and the lens serves to 
collimate (make* parallel) and diiect the radiation 
The velocity of propagation within the lens is dif- 
ferent from that in air. The lens is shaped so that 
the total time required for radiation to propagate 
ft cun the teed point through the lens to a plane in 
front of the antenna is the same on all possible 
paths. This condition assures the formation of a col- 
limated plane wave. 

The two tvpes of lenses employ dielectrics and 
metal plates, respectively. The operation of dielec- 
tric radar lenses is the same as that of optical len- 
ses. The index of refraction within the dielectric is 
greater than in air, and the lens is made thick at 
the center and thin near the edges. The polarization 
of, the radar wave is not affected by dielectric 
lenses. Metal plate lenses are composed of par- 
allel plates of metal like a Venetian blind. The re- 
gion between adjacent plates is like a wave guide 
in that the phase velocity of an electromagnetic 
wave is determined by the relation between the 
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pJate sparing and the wavelength. Sinre the phase 
velocity between the metal plates is faster than the 
velocity in free space, the wave appears to travel 
faster while it is within the lens. A metal plate 
lens therefore has a refractive index less than 1, in 
contrast to dielectric lenses, in which the refractive 
index is greater than 1. A metal plate lens is 
shaped so that it is thin in the center and thick 
at the edges. The polarization of a wave passing 
through a metal plate lens is usually made linear 
and parallel to the plates. See Anilnna (aerial). 

Antenna scanning. The geometric pattern de- 
scribed by the radar beam emerging from a moving 
antenna is called the scan pattern. A search radai 
periodically scans a volume of the sky or a region 
on the earth’s surface, it is desirable to detect tar- 
gets at the maximum possible range. A search ra- 
dar usually employs a beam that rotates in azimuth 
at a rate between 4 and 30 rpm. The slower speed 
is likely to he used if weak echoes from distant 
objects are of special interest, while the higher 
speed is likely to he employed if strong echoes fjorn 
nearby rapidly moving targets are of prime inter- 
est. An important case using slow scan speeds is 
that of searching for enemy aircraft; detection at 
long range is important in order to provide early 
warning. Rapid scanning rates are used for airpoit 
traffic control and marine navigation; the expected 
echoes are likelv to he quite strong, and frequent 
observations must he made in order to piovide in- 
structions and avoid collisions. 

Fan beam. In search radars a fan beam is cm- 
ploved. 'Phis tvpe of beam has a narrow (typically 
1.5°) azimuth beam width and a broad (typicallv 
45°) elevation bandwidth. This beam shape is de- 
sired because azimuth resolution is usually much 
more important than elevation resolution, because 
the azimuth position and range of an object divulge 
its geographical location, which is generally of 
prime interest. The elevation of targets is usually 
of lesser importance. When target altitude is es- 
sential, an additional or special antenna must he 
used The antenna used to form a fan beam is long 
in the horizontal dimension and ?elativel> short in 
the vertical dimension. 

Cosecant-squared pattern . When a search radar 
is employed especially to maintain surveillance of 
aircraft, a cosecant-squared antenna pattern is de- 
sired. This pattern distributes the radiated powei 
in a manner that provides the greatest possible av- 
erage detection range, because it does not radiate 
any more than necessary in directions from which 
long-range targets are not expected. Because a 
definite altitude ceiling for airplanes exists, it is 
not possible for long-range targets to appear at 
high elevation angles. Rather, long-range targets 
would be most likelv to appear at low elevation an- 
gles. A desirable radar antenna gain pattern is one 
in which all targets at the maximum altitude pro- 
vide the same echo strength regardless of their an- 
gle of elevation as seen from the radar. When the 
fourth-power relationship in the radar equation is 
included, it is found that the antenna gain should 
be proportional to the cosecant-squared of the ele- 


vation angle. The vertical gain pattern of a f an 
beam must be modified to conform with the cose- 
cant-squared relationship, but the azimuth gain p d p 
tern should not be changed. 

Tracking radars, such as those used for gunfire 
control, missile guidance, and measurements () f 
satellite trajectories, must produce three-dinien 
sional position data. The three coordinates em 
ployed are usually range, azimuth angle, and ele 
vation angle. Several scanning procedures ha\e 
been developed to obtain three-dimensional data 

Conical scan. Conical scan employs a highly cli 
rective antenna which generates a narrow beam of 
circular cross section. Either the feed or the reflc<. 
tor whirls rapidly in a manner that causes i| le 
beam axis to describe a circular cone; this motion 
of the beam axis is called nutation. The axis of 
the cone is known as the nutation axis, and the an 
gle between the antennu beam axis and the nuta- 
tion axis is the squint angle (Fig. 5). The squint 
angle is usually set equal to one-half the anlennd 
beamwidth, hut mav exceed this figure. Tvpu (l l 
parameters of a conical-scan radar are a beam 
width of 3°, a squint angle of 1.5°, and a nutation 
rate of 30 revolutions per second. When the target 
lies direc tly on the nutation axis, the antenna gain 
is the same in the target direction during all par 
tions of the nutation cycle because the target al 
ways is displaced from the beam axis bv exactly 
the same amount; it is necessary for the beam to 
possess a perfectly symmetrical cross section for 
this to he true. If the target does not lie pre< l^eh 
on the nutation axis, the antenna gain in the tai 
get direction varies during the nutation rvclt* l»e 
ing largest when the beam axis comes closest to 
the target. The echo amplitude then vaiirs dming 
the nutation cycle. The amplitude modulation of the* 
echo is, as a first approximation, a sinusoid at t h» 
frequency of nutation whose amplitude and ph*w 
are dependent respectively on the angular displace 
ment of the target from the nutation axis and the 
direction of the displacement. Bv detecting the am 


squint angle 



Fig. 5. Schematic illustration of a conical-scan an- 
tenna pattern and its motion. 
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litude and phase modulation of the echoes, it is 

0. ssible to infer the angular position of the target 
,elative to the radar. Range measurements in- 
ferred from the echo arrival time complete the data 
concerning the target’s location in three dimensions. 

\ conical-scan radar possesses such a narrow 
beam width that it might have difficulty in finding 
iiw target initially. In ground- or ship-based opera- 
tion either visual assistance or acquisition data from 
a nearby search radar can be provided. However, 
when the conical-scan system is carried aboard an 
jir plane, other acquisition data are not available, 
diid the time allowed for initial lock-on is extremely 
limited bec ause of the high velocities of aircraft. A 
mode of operation known as spiral scan is then 
employed. This entails varying the squint angle 
loiitimiously from its normal value to a maximum 
value of possibly 60°. In so doing the radar beam 
describes a spiral and explores the large volume 
contained within a cone whose apex angle is 120°. 
The sweeping out and in of the squint angle lakes 
about 2 seconds. Echoes are presented on a display 
which permits the viewer to deduce the angular lo- 
< a! ion of the object thus discovered, or they may he 
passed to automatic circuitry which locks on to the 
echoes and directs the* radar to return to the con- 
ventional conical-scan operation and track the 
taigcl. 

iutomatic tracking. \ conical-scan radar is usu- 
ally combined with an automatic* tracking arrange- 
ment. The combination is able to follow a target 
tompletelv automatically once it is properly locked 
im The essential elements of an automatic tracking 
s\"tem. in addition to the radar itself, are three 
feedback loops which constantly keep the radar 
pmpei l\ adjusted in range, elevation, and azimuth. 

I lie feedback loops arc* provided with errni signals, 
which indicate deviation between the target posi- 
tion sensed by the radar and that corresponding to 
tracking-loop output voltages. The outputs of the 
feedback loops direct the radar where to look for 
tin* target. The range error is obtained by measur- 
ing the differenc e in time of occ urrence of the echo 
"ignal and a range gate obtained from the range- 
tiatking loop. The a/irnuth and elevation error sig- 
i“ils are obtained from the* amplitude modulation 
imposed on the echoes l>v the nutation; if the nuta- 
tion axis points prec isely at the target there will 
t'«‘ no a rn p lit tide modulation, and no azimuth and 
«*!«■' at ion errors will he indicated. 

s ime an airplane target is c onstantly in motion, 
lt is necessary for the radar to follow it continu- 
l ’U>l\ in order not to fall too far behind for the 
trucking loops to accommodate the error. Circui- 
11 ' can he incorporated within the tracking loops 
,u compute automatically the target’s rate of 
> hange of position in the three-dimensional coordi- 
nate system employed. This enables the loops to 
predict the position of the target and is extremely 

1, k cfu] for tracking the target and for directing 
Runfiic or missiles to collide with the target. 

/ iackachile-scan systems. These are employed 
fiac king a large number of targets with only a 
s mgle search radar. The radar scan is not varied 


as targets are acquired and tracked. A separate 
tracking loop is assigned to each target, and a large 
nuntber of such loops receive their input signals 
from the same radar. Each loop, in the most com- 
mon arrangement, tracks its target in range and 
azimuth. The range information is obtained from 
the time delay between the radar output pulse and 
the arrival of the echo. The azimuth information is 
obtained from the antenna position at the time that 
the appropriate target provides an echo. Each time 
the search radar scans past the target, the appro- 
priate tracking loop compares the values of range 
and azimuth it has already computed with those in- 
dicated by the fresh echo and adjusts accordingly. 
Outputs can he provided by the loop which indic ate 
the target's position in range and azimuth and the 
rate of change of these two coordinates. The chief 
problem in track-while-scan systems is that data on 
each target are obtained only once during an an- 
tenna scan, rather than continuously as in a conical- 
scan system. The slow data rate means that a rapidly 
maneuvering target can elude the tracking loop. In 
addition, when two targets cross or when the echo 
fades for a long period, precautions must he taken 
against confusion occurring within the tracking 
loops. The usual safeguard is to design the loops 
with long time constants so that they will continue 
to coast along the last clearly computed trajertory 
for a long time in the absence of unambiguous data. 
However, this makes it even easier for a highly 
maneuverable target to elude tracking. Despite 
these difficulties reasonable success has been at- 
tained in tiie development of track-whilr-scan sys- 
tems, and further work is being pursued applying 
the techniques of nonlinear, lime varving. and 
adaptive loop design. 

Electronic scanning. The scanning of a radar 
beam can he accomplished by purely electronic tech- 
niques. which require no mechanical motion. The 
chief advantage of electronic scanning is the much 
greater speed with which the beam position ran he 
changed from one target to another. In accordance 
with Huygens’ principle, the direction of the prin- 
cipal lobe is determined by the relative phases of 
the electromagnetic field across the antenna aper- 
ture. In an antenna composed of an array of sepa- 
rate elements, such as the bedspring antenna, the 
excitation phase of each of the dipoles can he ar- 
ranged to tilt the beam. For example, if the phase 
at the left side of the aperture is caused to lead 
the phase at the right, the equiphasc front of the 
radar wave is tilted rightward, and the principal 
lobe is directed toward the right by an amount 
equal to the phase-front tilt. In order to realize all 
the flexibility theoretically inherent in electronic 
scanning, precise and rapid control of the excita- 
tion phase of each element of the antenna array is 
required. A complex electronic system is necessary 
to achieve this control. The advantages of rapid 
beam motion are especially important in using a 
single radar to perform track-while-scan with a 
large number of targets. „ 

Radar presentations. A variety of displays has 
been developed for the presentation of radar output 
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data (Fig. 6). The choice for a particular applica- 
tion depends on the type of radar system and the 
information which must be inferred from it. Almost 
all output displays employ cathode-ray tubes. The 
radar echoes produce either a deflection or an in- 
tensity modulation of the electron beam. Sweep 
voltages, synchronized with the antenna scan and 
the transmitter output, position the electron beam 
so that one or more parameters, such as range, 
azimuth, or elevation, are mapped onto the display. 
Cathode-ray tubes with a variety of different phos- 
phor characteristics are available. One important 
characteristic is that of persistence, which is the 
time it takes the light output to decav to 10 r J of 
its initial value. Phosphors having a short persist- 
ence are used for the display of rapidly changing 
or frequently repeated signals; long-persistence 
phosphors are employed when the period between 
signal repetitions is long or when it is desired to 
display a record of a target’s trajectory, as in the 
case of a search radar observing the cnuise of an 
airplane. The persistence of available phosphors 
mav be from a few microseconds to more than a 
minute. Sec Ca i hodl-ray rum . 

Type A display. A frequently employed display 
for the presentation of radar outputs, and of elec- 
tronic waveforms in general, is known as the A 
display. The electron beam is swept horizontally 
across the face of the cathode-ray tube at a uni- 
form speed, and the signal is applied to the tube 
so that it produces a vertical deflection. The uni- 
form sweep speed causes time to be mapped lin- 
early onto the horizontal axis of the display. The 
vertical deflection produced b\ the wa\ churn re- 
sults in a graph of the wa\eshape. The horizontal 
sweep, or time base, can be started at a chosen 
instant, thereby calibrating tire time origin of the 


display. The sweep rate can also be selected to 
produce any desired proportionality factor between 
time and the horizontal displacement of the spot. 
Amplification of the signal before applying it to 
produce vertical deflection permits control of the 
proportionality factor between signal voltage and 
vertical displacement. The A display, known as an 
oscilloscope when it is not built into a radar pres- 
entation, is one of the most widely used electronic 
instruments. .See Oscilloscope < athom-ray. 

Range is precisely measured by several forms of 
A display. Accuracy is obtained either by the use 
of an accurately controlled time base or by the dis- 
play of precise marker signals. If the precision of 
the lime base is relied upon, means are provided to 
delay the start of the sweep b> an accurately meas- 
ured amount and to secure extreme lineality of the 
waveform used for horizontal deflection. Delaying 
the sweep permits the signal to he examined in fine 
detail by spreading an echo of short duration 
across a large area of the display. If market sig 
nals are employed, the time base need not be espe- 
cially linear, since the location of the marker sig- 
nals and the echo are both affected identically. In 
either case it is necessary to generate waveforms 
possessing characteristics which arc" precise, con- 
sistent. and linear him tions ol time. 

Two general means are available for the produc- 
tion of such waveform*-. One procedure generates ,i 
voltage or current varying linearly with time, known 
as a saw-tooth waveform. Saw-tooth wavcloun gen- 
erators contain a c ircuit whose response* to a step 
of voltage or current is an exponential wav clot m 
Hv making the exponential time c onstant veiv |#ng 
the initial portion of the waveform closely appioxi 
mates a linear function of time. Feedback le< li 
niques are used to increase the time constant ni 



Fig. 6. Radar displays. 



r he circuit elements by a factor of thousands. 
Examples of such circuits are multivibrators, phan- 
ra^tions, and bootstraps. See Saw-tooth wave. 

fhc second general technique employs counting 
circuits in conjunction with a precise electronic 
( ln<k The clock employs a stable oscillator con- 
rainmg a tuned circuit, a quart/ crystal, or an 
itovni* frequency standaid, fiom which a tiain of 
pulses is generated. The occurrence of the transmit- 
ter output causes the pulse train to be applied to 
the counting circuit. As soon as the preselected 
number of pulses has arrived, the counting circuit 
produces a signal which indicates the elapse of the 
desired time delav relative to the transmitter out- 
put This signal ran he used to start the sweep on 
tin display. See Co i 1 n 1 1 n (, circuit: Osmliaioii. 

Murker signals ran be obtained from a saw-tooth 
ttuwfoim generatoi or an electronic clock. The 
saw-tooth waveform is employed for this purpose in 
(oupmetion with a voltage discriminator circuit 
vhnh indicates when the voltage applied to it 
ipu< hes a preselected value. The saw tooth voltage 
\ tries linearly with time; therefore the indication 
|»\ the voltage discriminator that the saw-tooth has 
n allied u <ritain value is tantamount to an indica- 
tion that a known period of time has elapsed sine e 
the sawtooth began The discriminator indication 

< in he applied us a marker causing a vertical de- 
iIm Non together with the e< hoes in whic h case this 
is known as an M displav Bv using anv of a num- 
!)m ol eusilv pmduced waveforms the marker rnav 
hi in the form of a step or a notch in the time 
htM Mternatively, the marker may he applied to 
the intensitv control grid of the cathode-ray tube 

0 tli it it < atises either a bright or dat k spot 

If the marker is obtained bv use of a clock the 
nifpiit of the associated counting circuit can be 
to the displav, or the counting circuit can 
op* r it*- a gating circuit which passes the < lex k 
pulses directly to the <athode-rav tube The gate 
"»iws the function of passing onlv the single clock 
pul -f or small group of pulses of interest, so that 
tlu re is no question about which members of the 

< lui k pulse train aie presented 

hju I display Another form of indication in 
"liifh P( hoes produce deflection modulation is the 

1 display. The time base is generated bv a precise 
'>"< illutor in which the phase of the sinusoid is syn- 

< Iconized with the instant of transmission The out- 
put of the oscillator is applied to networks which 
produce two sinusoids in phase quadrature. The 
*"o quadrature sinusoids applied to the vertical 
and horizontal deflection plates of a cathode-rav 
tube produce a circular pattern. The angular posi- 
hon of the spot on the display at any instant is 
linearly related to the elapsed time since the in- 
^ant of transmission. A special cathode-rav tube 
c used containing a central electrode to which the 
Pl hoe» are applied as negative signals. Echoes ap- 
ppai as radial deflections. The oscillator frequency 
( an he much higher than the prf of the radar, in 
"hith case the intensity control grid of the cathode- 
rav tube is used to blank out the trace on all but 
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one sweep cycle. A delayed expanded presentation 
results. 

Pktn position indicator ( PPI ). The output of a 
search radar can he presented in the form of a map 
showing the surface of the eaith and airborne and 
surface targets on a plan position indicator, or PPI 
display. The display presents echoes in polar co- 
ordinates. A radial sweep starts at the center of 
the cathode-ray tube when the transmitter pulse is 
emitted, and moves toward the periphery of the 
tube. The sweep arrives at the edge of the tube 
just as an echo arrives from a target at the maxi- 
mum range of interest. The angle of the radial 
sweep follows the beam axis of the scanning an- 
tenna. The same type of linear sweep c ircuit as in 
the A display is used for the radial sweep. The an- 
gular motion of the sweep is imparted hv a servo- 
mechanism connected to the antenna. 

Echo signals are applied to the intensitv control 
grid of the cathode-rav tube. In the absence of an 
echo, the spot on the tube face is dim, hut when a 
signal arrives the spot is brightened in rough pro- 
portion to the signal strength. Reference marks to 
facilitate the leading of positions in the polar- 
eooidinate astern < an he supplied either bv a tians- 
parent nverlav or hv adding electronic marker sig- 
nals to the echoes applied to the intensitv control 
grid. The electronic range marks aie obtained by 
applying a series of pulses with the appropriate 
time delays relative to the transmitter output They 
form a group of concentric circles at the ranges 
corresponding to their time delays. The electronic 
angle marks are produc ed by brightening the spot 
for the entire duration of a few radial sweeps, 
thereby producing a radial line. The tange marks 
aie commonly placed so that thiee or four equally 
spd(ed c ir< les are formed on the displa). and the 
angle marks are frequently loc ated at every 10 30°. 

Two means of mechanizing the angular rotation 
of the cathode-ray tube sweep can he employed, 
both of them obtaining the location of the* antenna 
beam by a servomechanism attached to the antenna 
shaft. The most frequently used method employs 
magnetic deflection of the beam to produce the ra- 
dial spot motion The deflection is caused hv the 
field of a roil, or yoke, surrounding the neck of the 
cathode-rav tube. The yoke in turn is rotated about 
the neck of the tube by the antenna servo. This 
arrangement is simple and reliable. Its only dis- 
advantage is that the angular position of the spot 
canndt be changed discontinuouslv he* arise of the 
inertia of the yoke, but this is not ordinarily neces- 
sary. The angular motion ran also he obtained with 
a cathode-ray tube employing electrostatic deflec- 
tion if the sweep voltages applied to the vertical 
and horizontal deflection plate*- are made propor- 
tional to the sine and cosine of the antenna beam 
angle. This is accomplished bv the use of a sine 
potentiometer or resolver synchro attached to the 
antenna servo. In the dead time between echoes 
from targets at the maximum range and the emis- 
sion of the next transmitter pulse other data can be 
presented on the display. When this is done the 
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ability of the electrostatic deflection plates to move 
the spot rapidly to any part of the tube is utilized. 

Search radars installed aboard ships or aircraft 
require a means of stabilizing the presentation so 
that turning motions of the vehicle do not result in 
a rotation of the display on the cathode-ray tube. 
Without stabilization, turning motions cause the 
bearings of all objects to change relative to the ve- 
hicle, thereby smearing the presentation. Stabiliza- 
tion is accomplished by the use of gyroscopes, 
which detect the vehicle’s turning motion and apply 
a correction to the servomechanism controlling the 
angular position of the sweep. The position of 
North on the display remains fixed, and target 
echoes are presented at their true bearings rather 
than their relative bearings. The display may also 
be stabilized with respect to the linear motion of 
the vehicle by sensing its displacement and correct- 
ing the location of the center of the piescntation so 
that it remains fixed with respect to the earth. 

A particular sector of the region surveyed by 
the radar may he of special interest, in which case 
it is desirable to expand the piesentation of that 
area. This may be done by offsetting the renter ol 
the display so that the position of the radar is at 
one edge. The entire presentation then is devoted 
to the sector of interest, and the remaining area is 
not shown at all. This is called offset-oentei dis- 
play. If it is anticipated when the radar is designed 
and installed that only a particular sector will he 
of interest, the antenna scan can he arranged so 
that it scans only that sector instead of rotating 
360°. This sector scan can he accomplished by hav- 
ing the antenna oscillate hack and forth over the 
same sector, but it is necessary to design the an- 
tenna mount to accommodate the angular accelera- 
tions that occur. An alternative which permits uni- 
form rotation of the mount is to place several 
apertures on it facing in different directions and 
connect the transmitter and receiver to each one as 
it hears upon the sector of interest. 

Delayed sweep i* used when the region near the 
radar is of small interest or cannot he seen well be- 
cause of nearby ground clutter; it is also com- 
monly used in airborne search radar where the 
sweep is delayed until the fust ground echoes are 
received. Instead of starting the radial sweep on 
the PP1 display when the transmitter pulse occurs, 
the sweep is delayed. An annular zone staiting at 
the distance from the radar corresponding to the 
delay is piesented. and the radial scale is ex- 
panded because more space on the display is avail- 
able for it. Delayed sweep may be combined with 
an offset center or sector scan. 

Type B display . The B display can be employed 
when delaved sweep is used together with an offset 
center or sector scan. A B display is a presentation 
in rectangular coordinates of a zone containing an 
angle of 10-40 degrees and a range interval equal 
to 5-25% of the maximum range. The display is 
obtained by plotting range and azimuth orthogo- 
nally. Its advantage is that it permits close exami- 
nation of a small regivm of particular interest. 


It is common to utilize the output of a large 
search radar to provide a number of different typ t . s 
of displays simultaneously. This can be done with, 
out mutual interference. 

Three-dimensional displays. Three-dimensional 
displays show range, azimuth, and elevation. One of 
the most interesting, the G display, is for use in 
the cockpit of an airplane employing a conical-m an 
radar. The azimuth and elevation of the target rela- 
tive to the airplane are indicated by the location 
of a spot in a display in which azimuth and eleva 
tion angles are plotted orthogonally and the range 
of the target is indicated by the length of two hori- 
zontal lines on both sides of ihe spot. As the range 
decreases the lines are made longer, so that tin 
presentation resembles a picture of an approach 
ing airplane. 

Noise. The usability of a radai echo is deter 
mined by the signal-to-noise ratio. Noise is a ran 
dom fluctuation of voltage or current. The instan 
taneous values of noise are unpredictable, and so jt 
is necessary to describe noise characteristics m sta 
tistical terms. Radar noise can he classified accord 
ing to its origin, either internal to the receiver or 
external. Internal noise is generated by the rccuv 
ing equipment, while external noise arrives at tie 
antenna already mixed with the e< ho. 

Internal noise. The principal sources of internal 
noise are thermal noise, vacuum-tube noise, con 
verter noise, and local-oscillator noise. 

Thermal noise is caused by molecular thermal 
agitation within circuit components. This source o 4 
noise produces the same amount of power per unit 
of bandwidth at all frequencies; noise possessing 
this charat teristir of uniform spectral density I** k 
ferred to as white noise. The amount of thcunal 
noise power delivered b\ a circuit depends upon it* 
bandwidth ai(a temperature. See Noisi , mk ikkai 

Vacuum-tube noise is due to a number of < ause* 
The shot effect occurs because the electron stream 
is composed of discrete electrons whose individual 
arrivals at the anode result in minute fluctuations of 
output current. Partition noise occurs in rnulti 
electrode tubes because of the disc rete and random 
manner in which electrons are affected by var ion- 
electrodes. Both the shot effect and partition noise 
have the spectral characteristics of white noise. Tlic 
flicker effect arises because of slow variations in 
the emission characteristics of the cathode, and the 
spectrum of this noise contribution is general!' 
concentrated in the frequency region below 1000 
cps. See Vacuum tub*.. 

Converter noise occurs in the circuit of the re 
ceiver in which the radar carrier frequency is eon 
verted to a lower frequency in order to facilitate 
subsequent amplification and filtering. Crystal con 
verters contribute white noise, which is probabh 
caused by fluctuations in internal resistance. Multi 
grid converters contribute partition and shot noi^ 
Vacuum diode converters contribute shot noise. 

Local-oscillator noise occurs in the circuit that 
supplies the heterodyning frequency to the con- 
verter. The noise is due to fluctuations in the am- 
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f) l, Hide and frequency of the local-oscillator output 
and should not constitute a major contribution rel- 
ative to the other noise sources in a well-designed 
ref fiver. 

External noise. The principal sources of external 
nols( > are solar and galactic radiation; thermally 
pioduced radiation from warm objects on the 
around or in the sky; and iadiation from arcs, 
k*-. and corona in fluoiescent lamps, automobile 
ignition systems, electrical machineiy. high-voltage 
u\ stems and lightning strokes. These noise sources 
n ,„st be within the radar line-of-sight in order to 
affect it because radiation at radar frequencies is 
not reflected by the ionosphere. 

\oi sc fipnre. The noise figure is the figure of 
meiit bv which the noise quality of a receiver is 
measured. A receiver composed of ideal compo- 
nents would suffer from no internal noise souice 
, xiept the thermal noise produced by the cir< uit 
nmnected to the antenna. It is impossible to elimi- 
nate molct tiler thermal agitation and the noise 
thereby pioduced except by tooling the ciicuit to 
absolute zero temperature. However, it is then 
irtualK possible to eliminate all other sources of 
muse and an ideal receiver may be imagined in 
ulijih this is done The noise figure of an actual 
inMver is the ratio of the noise power it produces 
to the noise [tower pioduced bv an ideal receiver 
r room tempeiature possessing the same gain 
mrl fi equenev ( haracteristic s Pra<ti<al values of 
noM figuie depend upon the frequency in question, 
Iim use different tin uit (omponents are available 
it the various frequent ies In the range above 
noo M( a noise figure of 6 8 db is good, and a 
\ ilia ol 11 db is i omrnon Between 300 and IS 00 
Mi a nriise figure of 4 or S db is good, and 6 
<lh i orninon. Between 30 and 300 M( a noise fig 
lire of 1 S db is good, and 2.S db is common Low- 
fi mperature parametric amplifiers and maseis prom 
i"< noise figures of zero db oi better at all frequen- 
tly S {< Masir; Paramiihk ampiiufk. 

Radar signal detection and accuracy. The de- 

iMtabihtv of a signal and the ac< urai v of measure 
mints made with it both depend on the signal-to- 
muM power ratio at the point in the radar system 
v\here the signal is displayed or used to reach a 
diusion The instantaneous signal-to-noise ratio at 
the re< eiver front end can be improved bv various 
Bpes of processing, all of which require integra- 
tion of successive samples of the signal in some 
manner. The improvement results from the fact that 
s,l( < essive samples of the signal mutually reinforce 
'Wematically, while successive samples of the ran- 
f Lin noise collect haphazardly. Regardless of the 
lonfiguraiion of the radar system or the type of 
Pressing employed, the theoretically best achiev- 
ahle signal-to-noise ratio is equal to E/No , where 
^ ls the total signal energy collected at the front 
e'id of the receiver during the period of integration. 
an d No is the noise power per cps of bandwidth 
at the receiver front end due to both internal and 
eternal noise sources. In order to attain the theo- 
rf *tual optimum it is necessary to employ linear 


processing and mathematically ideal integration. 

In situations where the signal-to-noise ratio is 
substantially better than unity before processing, 
the ideal result can he approached very closely 
with nonlinear processing. An illustrative case is 
that of video integration in which the signal is ap- 
plied to a rectifier which passes only the amplitude 
modulation and rejects the sinusoidal carrier. With 
pulse radar the amplitude modulation consists of 
pulses. Successive pulses are added in an integra- 
tion circuit or by superposition on the phosphor of 
a cathode-ray tube. The improvement in signal-to- 
noise ratio over that available with a single pulse 
is ecpial to the number of puLes integrated. 

If the signal-to-noise ratio before processing is 
substantially less than unity, it is necessary to em- 
ploy coherent integration. The signal must not be 
subjected to any nonlinear operation, such as en- 
velope or phase detection or passage through a non- 
linear amplifier. If a nonlinear operation occurs, it 
will cause heterodyning between the signal and 
noise, resulting in a severe diminution of signal 
power. The frequency carrying the signal can be 
shifted to a convenient value, however, by use of 
linear converters and stable local oscillators, (co- 
herent integration can he accomplished bv apply- 
ing the signal and noise to a narrow-bandwidth 
tuned circuit, or its equivalent, which resonates at 
the frequency of the earlier hearing the signal. Suc- 
cessive portions of the signal leinforce coherently 
and continually add eneigy to the resonant circuit. 
If the internal losses of the resonant circuit are 
sufficiently small, the power ratio between the com- 
popents due to signal and noise in the output will 
be equal to E / No. The term coherent integration 
derives from the utilization of signal phase conti- 
nuity. or coherence, as compared to the random 
phase modulation of the noise. 

Radar target characteristics. An idealized radar 
target would possess an isotropic reflection pattern; 
that is, it would produce the same intensity echo 
regardless of its orientation relative to the incident 
radar w r ave. A close approximation to the ideal is 
obtained with a corner reflector, which consists of 
three mutually perpendicular conducting plates 
foirning a corner. The incident wave bounces be- 
tween plates, and the returned echo varies only 
slightly as a function of the angle between the axis 
of the corner and the radar line-of-sight. Corner re- 
flet tors aie used to test radar systems and to serve 
as conspicuous radar markers of geographic refer- 
ence points and surveying bench marks. 

Most targets depart radically from the ideal. The 
complex shape of objects, such as aircraft, causes 
the echo to fluctuate by many orders of magnitude 
as the aspect presented to the radar changes. The 
effective reflectivity at any instant is described in 
terms of the radar cross section a (see earlier sec- 
tiop on the radar equation ) defined as the area that 
would intercept that amount of radiation which, 
when reradiated isotropically, produces an echo 
equal to that observed from the target. The radar 
cross section fluctuates as the target aspect changes 
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Table 2. Typical measured average radar cross sections 


Targt*! a, in 2 


Smuti jet airplane 

10 

Large jet airplune 

100 

Small propeller airplane 

150 

Large propeller airplane 

800 

Small surfaced submarine 

80 

Small freighter 

150 

Medium freighter 

8,000 

Large freighter 

16,000 


because of maneuvers or wind buffeting. Its value 
can be stated only in statistical teims; it follows 
the Rayleigh distribution which is c haracterized by 
a single parameter. The average value of the radar 
cross section has been determined empirically for 
many types of targets, as given in Table 2. 

The random fluctuation of radar cross section 
caused by target aspect variations is called scintil- 
lation. The scintillation power spectrum, neglecting 
the contribution of propellcis, is approximately 
that of a Markov process, and possesses a half- 
power frequency which depends on both the target 
and the radar wavelength. The product of half- 
power frequency in cps and wavelength in cm is ap- 
proximately 30 for small one- or two-seater air- 
planes and approximately 10 for large transput ts. 
If the airplane has propellers, they make a large 
contribution to the cross-section fluctuation at dis- 
crete frequencies determined hy the blade rotation 
rate, radar wavelength, and pulse repetition fre- 
quency. 

The radar echo of ships is strongly affected by 
the water, which serves as a reflecting surface and 
leads to the production of an intciference pattern. 
The assumption is made that the ship can be repre- 
sented by a point at the same height above the wa- 
ter as the estimated centei of reflection of the ship. 
Typical empirical values are given in Table 2. Re- 
flection by the water causes the shorter radar wave- 
lengths to be more effective for the detection of 
small targets on the surface. 

The echo from the sea itself varies greatly with 
several parameters, namely, the angle of incidence 
of the radar wave with the ocean surface, the ra- 
dar wavelength, the direction of polarization, the 
roughness of the sea surface, and the bearing (up- 
wind or downwind ) of the radar relative to the sur- 
face providing the echo. A smooth sea acts as a 
specular (without diffraction or scattering) reflec- 
tor, producing very little echo in the direction of 
the ladar. As the sea becomes rougher the waves 
and spray from the top of white caps cause progres- 
sively stronger echoes. The effective echoing area of 
the sea surface increases with the beamwidth of the 
radar and the pulse width for which the bandwidth 
of the receiver is matched. 

Ground echoes depend upon the type of terrain 
under observation. In general the echoes can be re- 
solved into a contribution due to moving objects, 
such as foliage in wind, and to stationary objects, 
such as solid ground and fixed structures. Moving 
object*- cause scintillation of the ground echoes at 


a rate roughly proportional to the product of radar 
frequency and the object’s velocity. Echoes from 
terrain are much stronger than those from a qui et 
sea, and lead to excellent radar maps along shore 
lines. Buildings serve as specular reflectors. At ori- 
entations which cause the radar wave to bounce 
between a building and the ground and then bark 
to the radar, very strong echoes occur. Good radar 
maps can be obtained of cities, especially those 
having a coastline or rivers and bridges and a num- 
ber of especially conspicuous large buildings. 

Pulse-radar system parameters. The perform 
ance of a pulse-radar system is determined hy sev 
eral important parameters. The number of pubes 
transmitted per second is the pulse repetition fre 
queney (prf). As the prf increases, the time he 
tween pulses decreases and the maximum range 
from which an echo can arrive before the next pulse 
is emitted decreases accordingly. In conventional 
radars the prf rnay therefore impose a limitation 
on maximum range. 'This limitation can be avoided 
however, if the radar carrier frequency is changed 
from pulse to pulse and separate receivers are pro 
vided to accommodate the pulses that return from 
different ranges simultaneously. 

The pulse width determines the range resolution 
of the system. Two targets of the same si/e cannot 
generally be separately distinguished it then 
echoes overlap. The minimum range from whit h tin 
radar can receive echoes is also affected bv lh< 
pulse width. The receiver cannot he brought into 
operation until a few mitioseconds after the end 
of the transmitter pulse because of the time re 
quired by the TR tube to deionize, as described 
below. 

The antenna beamwidth determines the angular 
resolution and accuracy of the system. Two target 
of the same Size at the same range cannot he ^<*i»a 
rately distinguished if they lie within the antenna 
beamwidth. This, along with the fact that the ai. 
tenna gain is inversely proportional to the piodun 
of azimuth and elevation heamwidths. plac es a pu 
mium on using the smallest beamwidth achievable 
However, the beamwidth can only be increased at 
the expense of an increased antenna aperture. It j- 
difficult to construct and maintain an aperture 
much larger than 100 radar e arrier wavelengths he 
cause of the problem of producing the required 
aperture illumination phase pattern. Another prol> 
lem accompanying a small beamwidth is that flu 
number of pulses per scan from each target is low , 
However, since the angular directivity of most ra | 
dars imposes a greater limitation on accuracy than 
the other parameters of the system, the smalH 
feasible beamwidth is used. A 1 “-azimuth beam 
width is the best generally found in search radar 1 - 
with an elevation beamwidth large enough to pm 
vide the desired vertical coverage. 

The antenna-scan speed in a search radar i" 
chosen in accordance with data required from th* 
system. The number of pulses per scan is an im 
portant parameter. If the radar is used for eaib 
warning, involving very long-range detection, at 
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least 6-10 pulses should be transmitted during the 
lime a target is between the half-power points of 
the antenna pattern. The same criterion applies 
,f the essential requirement is to measure the an- 
gular position of the target with maximum accu- 
ra(Vt On the other hand, only two or three pulses 
p f . r beam width are required if the main purpose is 
to pei form track-while-scan on rapidly moving tar- 
get* at fairly short range. 

The radar receiver is optimally adjusted for ex- 
( lading unnecessary noise and accepting echo 
pul-es when its frequency bandwidth is equal to 
the reciprocal of the pulse width. However, this 
|I( J Hutment should not be employed unless it is pos- 
sible to assure that the transmitted carrier fre- 
(fiieriev and the local oscillator are correc tly tuned 
that the pulses will pass through the intermedi- 
um-frequency amplifier. The receiver bandwidth 
is generally determined bv the bandwidth of the in- 
tmtmediatc-frequencv amplifier. Usually an auto- 
matic frequency control feedback loop is employed 
to tune the local osc illatoi with respect to the 
transmitter frequency to maintain the correct rela- 
tionship 

Pulse-radar transmitter. The principal opera- 
tions within a pulse-radar transmitter are the for- 
mation ol a high-power dc pulse, which is then ap- 
plied to the output tube to produce a high-power 
( irnei frequency pulse The device that provides 
the powerful d< pulse is the modulator It takes en- 
i r u % almost c out inuousl v at a low power level from 
t|m ptmiarv electric supply and delivers verv short 
pulses at a high powei level to the transmitter out- 
put tube* The energy output of the modulator is 
less than its cnergv input, but the output pulse 
powei exceeds the average* input power. The basic 
punc qde of opeidtion is to charge an energv-stor- 
uzc i i i cult slowly from the* primarv supply and 
tluMi disi lunge U rapidly into t He transmitter out- 
put lube \ switch is used which rapidly changes a 
un mt connection and Inings this about 
In order to produce a dc pulse having the de- 
-ii ed shape, a high-voltage* transmission line, or de- 
ln line, is used as the* energy -storage circuit (.sec 
bi i w i rvi ) The input end of the line is connected 
ci high-voltage supply, hut the output end is left 
11 nc miner led dining the c barging time. A small cur- 
rent flows into the line, slowlv chaiging it to the 
s 'ime voltage as the priinarv supply. When the 
Iransmission-line voltage equals the supply \olt- 
no more current flows. In order to deliver a 
high power pulse, a switch suddenly connects the 
‘barged line to the circuit containing the transmil- 
,f ' r output tube. The impedance of this circuit 
unite nes the charac teristic impedance* of the trans- 
rtussion line. The charge moves out of the line, de- 
,w ring a pulse to the output tube. The rise time, 
bill time, and duration of t lie pulse are determined 
v die transmission-line characteristics. The trans- 
ni,s Hon line generally is formed by a ladder net- 
work consisting of lumped elements. The tharac- 
t( ' r, stn impedance of the transmission line is 
llv Udll\ lower than the input impedance of the 


transmitter output tube, so a transformer is in- 
cluded in the circuit between the two to create a 
mateh. 

The switch may be either a vacuum tube or a 
gas tube. The voltage loss across a vacuum tube is 
much larger than across a gas tube, making the 
vacuum tube less efficient. However, a vacuum tube 
can be controlled more precisely, permitting the 
timing of the pulse to be accurately controlled. The 
gas tube, generally a hydrogen thyratron, cannot 
be brought into conduction by a consistent value of 
control voltage or with a consistent delay. This pro- 
duces jitter in the instant of occurrence ol the out- 
put pulse, but in many radars this jitter (which 
may be a few microseconds ) is not objectionable. 

The output tube that generates the carrier-fre- 
quency pulse mav be of various types. An impor- 
tant categorization is between amplifiers and oscil- 
lators. An oscillator generates and determines the 
final frequency that is transmitted, while an ampli- 
fier in< rcases the power of a signal alreadv at the 
final frequency. The importance of this distinction 
lies in the fact that some coherent radars r* quire 
that the transmitted irequency and phase he 
closely controlled, in which case an amplifier must 
be used. 

In the frequency hand below 1000 Me, tiiodes 
and klystrons are employed. At higher frequencies 
magnetrons, klystrons, and traveling-wave tubes 
are usrd. Magnetrons are used onlv as oscillators, 
while the other tube types are basically amplifiers, 
although they can also he < onnec ted as oscillators. 
An important < haraeteristie of traveling-wave 
tubes is then large fractional bandwidth capabil- 
ity. This makes them especially useful for systems 
employing broad-spectrum signals for fine range 
resolution and for systems in which the carrier fre- 
quency is vaiied. See Mic rowan t ttihk 

The output stage is coupled to I he antenna with 
a transmission line oi wave guide. Two-w r iie trans- 
mission lines are generally used below 100 Me. co- 
axial transmission lines in the band up to 3000 Me, 
and wave guides in the hand above 1000 Me*. See 

Ml( ROWAN* TRANSMISSION TIN*s. 

In pulse- radar systems the transmitter and re- 
< eiver generally share a single antenna. It is neces- 
sary, therefore, to disconnect the receiver during 
the transmitter pulse to protect the sensitive re- 
ceiver, and, in order not to lose anv echo power, to 
prevent ihe transmitter from absorbing the signals 
that return after the transmitted pulse. This is ac- 
complished by the duplexer. The duplexer consists 
of two switches, usually gas-discharge tubes, which 
open or close in the presence or absence of trans- 
mitter power. During the transmitter pulse the gas 
ionizes and the impedance across the gas tube is 
essentially zero. In the absence of the transmitter 
pulse the gas is deionized, and the impedance 
across the tube is essentially infinite. Use is made 
of the following impedance relations in transmis- 
sion lines and wave guides: (1) one-quarter wave- 
length away from a short circuit the input imped- 
ance is infinite, and one-quarter wavelength aw f ay 
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pedance across the TR and ATR devices is substantially 
zero during the transmitted pulse and is almost infinite 
at other times, thereby connecting the antenna to either 
the transmitter or receiver respectively. 

from a point of infinite impedance the input im- 
pedance is zero; and (2) one-half wavelength awav 
from a point of infinite impedance the input im- 
pedance is infinite. The transmission lines or wave 
guides from the transmitter output stage and the 
receiver input stage are brought to a junction, and 
the common point i 1 - connected to the antenna. A 
gas tube (TR) is located in parallel with the line 
connected to the receiver one-quarter wavelength 
from the junction, and another gas tube (ATR) is 
placed in series with the line connected to the 
transmitter one-half wavelength from the junction. 
This arrangement is shown in Fig. 7. 

When the transmitter pulse is on, both gas tubes 
ionize. The one in series with the line from the 
transmitter forms part of the conductive path car- 
rving the output to the antenna. But the gas tube 
across the line leading to the receiver produces a 
short circuit across the line and presents an infinite 
impedance in the direction of the receiver at the 
junction. Therefore none of the transmitter power 
goes to the receiver. 

In the absence of the transmitter pulse both 
tubes act as open circuits. The tube in series with 
the transmitter line causes the impedance looking 
toward the transmitter from the junction to be in- 
finite, so none of the echo power flows to the trans- 
mitter. The gas tube across the receiver line causes 
the impedance looking toward the receiver from 
the junction to be zero, so all the echo power from 
the antenna is channeled to the receiver. 

The gas tube located in the receiver line is called 
the TR (transmit-receive) tube, and the one in 
the transmitter line is called the ATR (anti-trans- 
mit-receive) tube. Spark gaps or vacuum tubes are 
sometimes employed. If a transmitter’s average 


power output is extremely large, 100 kw or more 
the life of a gas ATR tube may be so short that a 
spark gap must be used instead. On the other hand 
the instantaneous pulse power of a transmitter may 
be too small (below 100 watts) to fire a gas TR tube 
satisfactorily, in which case a grid-controlled vac- 
uum tube is used in its place with a signal applied 
to its control grid to decrease the vacuum tube\ 
resistance at the appropriate instant. See G As 
TUBE. r«U.B.] 

Bibliography: J. F. Reintjes and G. T. Coate. 
Principles of Radar , 3d ed., 1952; L. N. Ridenour 
(ed.), MIT Radiation Laboratory Series , 28 vols 
1947-1953; A. T. Starr, Radio and Radar Tech 
tuques , 1953. 

Radar meteorology 

The study of the scattering of radar waves bv all 
tvpes of atmospheric phenomena and the use of 
radar for making weather observations and fore- 
casts. In general, radar i4 useful in meteorology 
because it is capable of detecting water and \u> 
particles, but it can also be used to observe light 
ning and regions of the atmosphere which have 
large gradients of temperature and water vapor 
Important problems and applications of iadai 
treated in this article include radar reflect ivit\ 
from water and ice particles; use* of radar for rain 
fall measurement; study of cloud and pin ipitation 
formation; observations of tornadoes and hum 
canes; and radar echoes from targets other than 
water or ice particles. 

Echoes from water and ice particles. The radar 

equation ( see Radar) applies to water arid n< 
partieles to the same extent as it does to airplanes 
or ships provided that the term o\ the radar <imv 
section, is properly specified. When a radar wave i* 
intercepted ny a drop, small fractions of the enejg\ 
are absorbed and scattered back to the radai whih 
the major part of the energy propagates forward 
and is intercepted by other drops. The cross section 
of a spherical water or ice particle whose diainctn 
is small relative to the wavelength is given bv th» 
Ravleigh scattering law 

* “ |*|* D* 

where A is wavelength. D is particle diameter, and 
K | J is a term which depends on the dielect m 
properties of the particle. It is about 0.93 for water 
and 0.20 for ice and accounts for the fact that ,\ 
waterdrop reflects about five times more power 
than does an ice particle of the same size. Although 
the quantity of power back-scattered by a single 
particle is very small, the radar echo is caused I)' 
all the drops within a region delineated bv the 
beam width and a distance equal to one-half the 
pulse length of the radar. Since precipitation pa r ‘ 
tides occur in concentrations of perhaps 1000/m 1 
the large number of particles cause back scatter 
simultaneously. 




Because precipitation particles are constantly 
moving relative to one another, the radar echo 
intensity fluctuates rapidly from one instant to the 
next. However, if the particles are randomly dis- 
persed, the time-averaged power is given by the 
mim of the power from each of the particles. 
ty T hen the entire radar beam is intercepted by a 
region of rain or snow, the average received 
power W R is given by the equation 


W R 


WrAjh 

~8t r/f 2 


where W T is the transmitted power, A e is the so- 
called effective antenna area, h is the pulse length, 
ft is the range, and So is the sum of the radar 
cross sections of all the particles in a unit volume. 

By combining the two equations given above, it 
is found that the echo power increases rapidly as 
the particle size increases and as the wavelength 
decreases. To detect small particles, for example, 

( loud droplets 50-100 microns in diameter, short 
wavelengths should be used. Radar sets used for 
measuring cloud bases and tops have been designed 
to operate at a wavelength of about 1 cm. Unfor- 
tunately the short waves suffer strong attenuation 
1)> water vapor and waterdrops. As a result, short- 
wave radar is not suitable for observing heavy rain 
or for detecting clouds at long range. To detect 
large water or ice particles associated with moder- 
ate to heavy precipitation, wavelengths greater 
tli m 5 cm should be employed. Radar sets operat- 
ing at 10-cm wavelengths are used for observing 
intense storms at distances exceeding 200 miles. 

When dealing with water or ice particles whose 
diameters are about the same or greater than the 
radar wavelengths, the Rayleigh law no longer ap- 
plies and it is not possible to write a simple ex- 
pulsion for the radar cross section. This is the 
<ase when large hailstones are involved. Calcula- 
tions have shown that, in general, the radar cross 
"ed ions of large ice spheres are greater than those 
°f wate i spheres of the same diameter and very 
much greater than the cross sections of raindrops. 
Tins fact explains observations which show that 
Hailstorms give intense radar echoes. When ice 
particles develop a thin layer of water (of the 
oidcr of 0.1 mm) they behave on radar almost as 
if they were composed entirely of water. 

Rainfall measurement. Although the size of 
precipitation particles usually varies over a large 
ldn fte in any particular storm and from one 
s,orm to the next, statistical analyses have shown 
rhdt the rainfall intensity / is reasonably well re- 
j d ted to the a term usually designated by Z. 
This hah made it possible to arrive at an equation 
die form 


Wr- 


CI a 

R* 


w taie C is 


a constant which depends on the charac- 
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teristics of the radar set and whether the precipita- 
tion is in the form of rain or snow. Statistical 
studies of rainfall intensity and raindrop Bizes 
have yielded various values of the exponent a. It 
depends on the origin of the precipitation as well 
as other factors. With an equation of this form, 
it is possible to measure rainfall rates with ac- 
ceptable accuracy if one employs a well-calibrated 
radar set operating at a wavelength at which at- 
tenuation can be neglected, for example, at 10 cm. 

Various methods have been suggested for meas- 
uring the total rainfall over a watershed. For the 
most part they involve either photographic or elec- 
tronic integration of the area and intensity of 
radar echoes which form or move over the water- 
shed. The methods offer great promise, hut have 
not been put into practical use. 

Cloud and precipitation formation. Radar has 
played an important role in the study of mecha- 
nisms of precipitation formation. Figure 1 is a 
photograph of a range-height indicator (RH1) 
showing the precipitation echo in a cumuli form 
cloud of the type often seen in the summer. Ob- 
servations such as this show the altitudes at which 
there are large water or ice particles. From a senes 
of observations, the region in which the large par- 
ticles first form and the rate at which they spread 
may he determined. By means of such analyses it 
has been shown that in convective clouds precipita- 
tion often forms in the absence of ice crystals, a 
fact which was once in doubt. See Cloud physic s. 

Radar observations have also shown that thunder- 
storms grow to great altitudes at rates which may 
exceed 2000 ft/min. Sometimes they may pene- 
trate into the stratosphere to altitudes over 60,000 



Fig. 1. Isolated thunderstorm echo on the RHI scope 
of a 3-cm vertically scanning radar set. The white ver- 
tical lines are at 10-mile intervals. The dark, nearly 
horizontal lines are at 10,000-ft intervals. The thunder- 
storm echo located at about 22 miles extends to an 
altitude of about 39,000 ft. 
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Fig. 2. Series of squall lines on a PPI scope of a 
10-cm radar set. The heavy circular lines are at 50- 
mile intervals; the light circular lines are at 10-mile 
intervals. The lines of thunderstorms are oriented 
roughly northeast-southwest. 

ft. In order for thunderstorms to grow to these ex- 
treme altitudes there must be very strong up- 
drafts. In such clouds there is likely to be severe 
turbulence and hail. Also, the possibility of tor- 
nado formation is strong. The degree of turbulence 
can be inferred, to a certain extent, from analyses 
of the fluctuations of the echo intensity. See Hail; 
Thunderstorm. 

The most widespread practical use of weather 
radar has been to detect thunderstorms and to 
watch their movements. On the basis of this type 
of information it is possible to predict their pas- 


sage over critical areas. For this purpose a pl an 
position indicator (PPI) is the most suitable 
Figure 2 shows a number of lines of thunderstorms 
By keeping them under observation, warnings may 
be issued to communities in their paths. A line of 
thunderstorms may extend for many hundreds of 
miles, but it will be composed of individual storm 
celh whose diameters are usually less than lo 
miles. Although a squall line may last for many 
hours, the individual storms usually last for less 
than an hour or two. The component storms are in 
a continuous state of development and dissipation 
For this reason the forecasting problem is more 
difficult than it seems, especially if forecasts are to 
be issued more than an hour or two in advance 
See Squall; .see also Airborne radar. 

The character of precipitation in large winter 
storms differs in some important respects from the 
rain which forms in summer convective clouds. 
Some interesting features are shown in Fig. 3, 
which was obtained by employing a vertically 
pointing radar antenna and recording the echoes 
on moving film. This scheme yields a picture of the 
radar echoes on a height-versus-time diagram. In- 
stead of the narrow, intense, nearly vertical col- 
umns characteristic of summer showers, echo 
streamers are seen which slope gradually until 
they reach a certain level, after which the slopes 
of the streaks increase. At the tops of the streaks 
are nearly vertical tufts which show where the 
precipitation particles are generated. It has been 
concluded that in such storm systems the precipi- 
tation particles first develop in the form of ice 
crystals at high altitudes. The crystals agglomerate 
to form snow particles which drift toward the 
ground and are carried horizontally by the wind. 
When they fall through the level of 0°C they begin 
to melt, art $ their radar reflectivities rapidly in- 
crease to form the bright band that appears at 
about 6000 ft. After the particles have melted, they 



Fig. 3. Height-time record obtained with a 3-cm ver- 
tically pointing radar set located at McGill University. 
The wind at 1 8,000 ft (assumed to be the height of the 
generating level) was 63 mph. The distance scale was 


calculated on the assumption that the whole pattern 
moved at this speed. ( Courtesy Stormy Weather Group, 
McGill University , Canada ) 
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f I] faster than they did as snowflakes. When the 
a era ture of the ground is below freezing, the 
!,now particles do not melt but reach the ground 
!! snow. See Hydrometeorology; Precipitation 

(MKTKOROLOGY). 

Tornadoes and hurricanes. The most violent 
storm produced by nature, the tornado, is charac- 
terized by its small size and short duration. These 
properties make it difficult to study. Since 1953, 
radar observations have been made of many thun- 
derstorms which have spawned tornadoes. In some 
es the funnel was associated with a 6-shaped 
appendage such as that shown in Fig. 4. Unfor- 
tunately this feature occurs with only a small frac- 
tion of the observed tornadoes. When it does occur, 
i t ^ a sure sign that a tornado either is present or 
js about to form. As of 1961 there still is not a 
reliable technique for determining, in every case, 
whether or not a tornado is present. On the other 
hand, once a tornado has been spotted visually, a 
radar set can accurately track the associated 
thunderstorm, and warnings can be issued to com- 
munities ahead of the storm. See Tornado. 

Hurricanes do tremendous amounts of damage 
rvetv vear. As they move toward or over coastlines, 
thev may cause great floods and damaging winds. 
Radar observations have shown that most often the 
precipitation patterns consist of spiral bands, as 
m Fig. 5. In some hurricanes the spirals are re- 


placed by a ring of echoes. Often lines of thunder- 
storms roughly perpendicular to the direction of 
travel precede the storm center by several hundred 
miles. Radar-equipped airplanes and powerful 
ground-based radar stations are now being em- 
ployed to locate and track hurricanes so that accu- 
rate forecasts may be issued. See Hurricane. 

Echoes from other targets. It has been found 
that the free-electron concentrations following a 
lightning stroke are sufficiently large to cause a 
detectable radar echo. Lightning echoes having 
total lengths over 50 miles have been observed. 
The reflectivity of the lightning channel increases 
with increasing wavelength. Because of the rapid 
recombination of the electrons with positive ions, 
the durations of lightning echoes average about 
0.5 sec. See Lightning; Sferics. 

In many instances radar echoes have been re- 
ceived from regions where there were no visible 
targets. These echoes are usually called angel 
echoes. It is now clear that birds are an important 
source of angel echoes. For example, a single sea 
gull at a range of 20 miles can give an echo on 
some radar sets. On the other hand, it appears that 
some angel echoes are produced in regions of the 
atmosphere where there are large gradients of the 
index of refraction. These index gradients usually 
are caused by large gradients of vapor pressure or 
temperature. 



F '8- 4. Thunderstorm echo northeast of radar itation the southerly end of the appendage. (Photograph by 
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(operating at 3 cm) with a 6-shaped appendage. A 
tornado formed near the bottom part of the loop at 
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Fig. 5. Hurricane Donna observed at 0730 EST, Sep- 
tember 10, 1960, by a 10-cm radar set located at 
Miami, Florida. ( Photograph by L. F Conover , Na- 

Radar is also used for wind measurements: to 
determine velocities in thunderstorms; to obtain 
data on upper winds (see Meteorological instru- 
mentaiion); and to study the fine structure of 
air movements by chaff distribution. For addi- 
tional information on radar storm observation, see 
Storm detection [l.j.b.] 

Bibliography : L. J. Battan, Radar Meteorology , 
1959; J. S. Marshal] and W. E. Gordon, Radio- 
meteorology, Meteor ol. Monographs , 3:75-113, 

1957; J. S. Marshall et al.. Advances in Radar 
Weather , in H. E. Landsberg (ed.). Advances in 
Geophysics , vol. 2, 1955. 

Radian measure 

A radian is the angle subtended at the center of a 
circle by an arc of the circle equal in length to its 
radius. It is proved in geometry that equal central 
angles of two circles subtend arcs proportional to 
their radii; and conversely. Hence the radian is 
independent of the length of the radius. The figure 
represents two circles of radius r. Arc AB of length 
r subtends 1 radian (rad) at the center O of the 
circle, and arc A'B f of length s subtends 6 rad at 
its center. Since arcs on equal circles are propor- 
tional to their subtended central angles, s/r * 6 / 1 
or 

5 - r0 (1) 

If 9 » 2i r, 5 « 27 rr, the circumference of the circle. 
Therefore 27r rad is the complete angle about a 
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point or 360°, and 
27 r rad = 360° 

1 rad = 36072 t r = 57.2958° = 57° 17'45"- 
1° = *271-/360 rad - 0.0174533+ rad 

Observe that 

30° - 30tt/ 180 rad - tt/6 rad 
45° = 7t/4 rad 
60° = 7r/3 rad 
90° » tt/ 2 rad 
135° - 3 tt/ 4 rad 

The degree as a unit of angle has come down 
from antiquity. However its use in various theone" 
involves clumsy constants. The use of the radian 
avoids these constants. The radian is employed 
generally as a measure of angle in theoretical dis- 
cussions; when no unit of angle is mentioned, the 
radian is understood. 


A 


Radian measure. 
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The following examples illustrate the simplicity 
fl nd convenience of radian measure. 

The simple formula (1) would be s * (7r/180 )r6 
if degrees were used. A mariner on a ship observes 
that a lighthouse, known to be 400 ft high, sub- 
tends 0.064 rad at his eye, and writes from Eq. (1) 

400 

400 - rf0.064) r = — — ft - 6250 ft 
0.0o4 

He then concludes that he is approximately 6200 ft 
from the lighthouse. The very important ratios 
[s\nd)/0 an( l (1 — cos 0)/8 2 approach, when 0 
approaches zero, respective limits of 1 and Vi when 
radians are used, but ir/lSO and r 2 /64,800 when 
degrees are used. The use of radians avoids these 
constants throughout the many fields of applica- 
tion of the trigonometric functions. If a particle A 
moving on a circle with center O and radius r has 
velocity v, tangential acceleration a f , normal ac- 
celeration a n , and if OA has angular velocity o> and 
angular acceleration a, then the relations 

v — rio at " ra a n = rw 2 (2) 

hold when radians are used. Each of these basic 
formulas would involve an unwieldy constant if de- 
grees were employed for angle measure. The 
simplicity arising from use of the radian indicates 
the importance of a wise choice of basic units in 
mathematics and its applications. [l.m.k.] 

Radiant heating 

\nv system of space heating in which the heat- 
producing means is a surface which emits heat to 
the surroundings by radiation rather than by con- 
duction or convection. 

The surfaces may be such radiators as baseboard 
radiators or convectors, or they may be the panel 
surfaces of the space to be heated. .See Panel 
m A 1 1 N (, AND COOLING. 

The heat derived from the sun is radiant energy. 
Radiant rays have the property of passing through 
gases without warming them appreciably but they 
will increase the sensible temperature of liquid or 
M) lid objects upon which they impinge. 

This same principle applies to all forms of ra- 
diant-heating systems, except that convection cur- 
rents are established in enclosed spaces, and a 
Portion of the space heating is produced by con- 
vection. The radiation component of convectors 
be increased by providing a reflective surface 
on the wall side of the convector and painting the 
inside of the enclosure a dead black to absorb heat 
and transmit it through the enclosure, thus increas- 
ing the temperature of that side of the convector 
exposed to the space to be heated. 

Any radiant-heating system using a fluid heat 
conveyor may be employed as a cooling system by 
substituting cold water or other cold fluid. This 
j|oes not apply to electric radiant-heating systems 
because, at their present stage of commercial de- 
veJop m ent, they are not reversible; however, ex- 
periments on the reversibility of thermocouples 


may make such a development possible in the fu- 
ture. See Comfort control. [e.l.w.] 

Bibliography : American Society of Heating and 
Air Conditioning Engineers, Heating Ventilating 
and Air Conditioning Guide , 1959. 

Radiata 

Members of the Eumetazoa which have a primary 
radial symmetry. The group includes the Coelen- 
terata and Ctenophora, although historically such 
groups as Porifera and Echinodermata were in- 
cluded. 

The radiate animals are, in general, of the tissue 
grade of construction and do not possess organs, 
although simply constructed nervous, digestive, and 
muscular systems are present. Incipient mesoderm 
is present as a mesenchyme, collenchyme, or meso- 
glea and is largely of ectodermal origin. The only 
body cavity is the digestive cavity ( gastrovascular 
cavity) and, although primitively a simple sac, it 
may become complex through branching and the 
development of compartments. Typically there is a 
single opening into the digestive cavity, the mouth, 
which serves for the egestion of materials as well 
as for food intake. 

Radiata as a useful concept in the picture of the 
evolution of animal phyla has been questioned by 
J. Hadzi and G. Jagersten. They have suggested 
that the Radiata are secondarily, not primarily, 
symmetrical radially. See Eumetazoa. [c.h.] 

Bibliography : J. Hadzi, A reconstruction of ani- 
mal classification, Syst. Zool . , 2:145-154, 1953; 
L. H. Hyman, The Invertebrates , vol. 1, 1940; 
G. Jagersten, On the early phylogeny of the Meta- 
zoa, the bilaterogasterea theory, Zool. Bidrag 
Uppsala, 30:321 354,1956. 

Radiation 

The emission and propagation of energy; also, the 
emitted energy itself. The etymology of the word 
implies that the energy propagates rectilinearly, 
and in a limited sense, this holds for the many dif- 
ferent types of radiation encountered. 

The major types of radiation may be described as 
electromagnetic, acoustic, and particle, and within 
these major divisions, there are many subdivisions. 

For example, electromagnetic radiation, which 
in the most familiar energy ranges behaves in a 
manner usually characteristic of waves rather than 
of particles, is classified roughly in order of de- 
creasing wavelength as radio, microwave, visible, 
ultraviolet, x-rays, and y-rays. In the last three sub- 
divisions, and frequently in the visible, the be- 
havior of the radiation is more particlelike than 
wavelike. 

Since the energy of a photon (light quantum) is 
inversely proportional to the wavelength, this clas- 
sification is also on the basis of increasing photon 
energy. See Electromagnetic radiation. 

Acoustic or sound radiation may be classified by 
frequency as infrasonic, sonic, or ultrasonic in order 
of increasing frequency, with sonic being between 
about 16 and 20,000 cps. Infrasonic sound can re- 
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Radiation, torrostrial 

suit, for example, from explosions or other sources 
so loud that exceptional waves are set up because 
the large amplitudes of the source vibrations ex- 
ceed the elastic limit of the transmitting medium. 
Ultrasonic sound can be produced by means of 
crystals which vibrate rapidly in response to alter- 
nating electric voltages applied to them. There is a 
nearly infinite variety of sources in the sonic range. 
See Sound. 

The traditional examples of particle radiation are 
the a- and /?-rays of radioactivity. Cosmic rays 
also consist largely of particles — protons, neu- 
trons, and heavier nuclei, along with /J-rays, me- 
sons, and the so-called strange particles. See Cos- 
mic rays; Elementary particle. [m.h.h.] 

Radiation, terrestrial 

Electromagnetic radiation originating from the 
earth and its atmosphere at wavelengths deter- 
mined by their temperature. It is sometimes called 
thermal radiation. The units are energy per unit 
area per unit time, such as cal/ (cm 2 ) (9ec). The 
atmosphere emits, absorbs, and transmits radia- 
tion, and the net flux of radiation at any point de- 
pends upon the distribution with height of tempera- 
ture and water vapor. Heating and cooling due to 
the vertical divergence of terrestrial radiation pro- 
vide a major part of the potential energy changes 
necessary to drive the atmospheric wind system 
(see Heat balance, terrestrial atmospheric). 
Terrestrial radiation is also responsible for main- 
taining the air temperature near the ground within 
limits necessary for comfortable living. See Green- 
house EFFECT, TERRESTRIAL. 

At terrestrial temperatures practically all emis- 
sion of radiation is at wavelengths greater than 4 ju 
(1 fx « 10“ 4 cm), that is, within the infrared part 
of the spectrum. The earth’s surface and all but 
the thinnest clouds emit, at all wavelengths, radia- 
tion of intensity only slightly less than that of 
black-body radiation corresponding to their tem- 
peratures, and absorb almost all the infrared radia- 
tion that reaches them. See Absorption (electro- 
magnetic radiation). The absorption and emis- 
sion by the atmosphere apart from clouds is, on the 
other hand, selective, and depends on the spectral 
position and intensity of the rotation-vibration and 
pure rotation bands of its polyatomic molecules 
(see Band spectrum; Optics). The minor gases 
of the atmosphere have numerous absorption bands 
in the infrared — water vapor at 5-8 and beyond 
15 /x, carbon dioxide at 13-17 jx, and ozone at 9-10 
and 14 /x. Within these bands, the absorption co- 
efficient, or absorption per unit mass of absorber, 
has many maxima, each maximum marking the po- 
sition of a spectral line. These lines have finite 
widths and overlap one another. The line character 
of atmospheric bands is of considerable importance 
for radiative heat transfer. Each line is the result of 
the transition of the molecule from one quantum 
state to another by absorption or emission of a pho- 
ton of frequency corresponding to the line fre- 
quency. The line shape, or variation of absorp- 
tion coefficient with frequency, is determined by 


molecular collisions in the lower atmosphere and 
by random thermal motions in the upper atmog. 
phere. The absorption coefficient is also a function 
of temperature and pressure, and because of the 
marked spatial variation of these parameters, has 
itself a considerable variation, especially in the ver. 

tical - [l.d.k.1 

Radiation-measuring devices. These i nstru . 
ments are used to obtain the radiant energy 
change, solar and terrestrial, between the sun 
space, and the earth. The energy covers a broad 
range of wavelengths from about 0.17 to 100 /i. So* 
lar radiation ranges from 0.17 to 4 /x with the maxi- 
mum at 0.49 /x, whereas terrestrial (earth) radia- 
tion ranges from about 3 to 100 /x with the 
maximum typically at 10 /x. It is important that 
the sensitivities of these instruments be independ- 
ent of the wavelength of the incident radiation. 
Because of this requirement, practically all radia- 
tion-measuring instruments in meteorological use 
first convert the radiant ertergy into heat by ab- 
sorption on a blackened target. The actual meas- 
urement is made on the resulting heat flow. 

Energy in the solar beam. This is measured with 
a normal-incidence pyrheliometer. A number of in- 
struments of this type are in use ; however, two are 
considered secondary standards. The Abbot silver- 
disk pyrheliometer consists of a thermally insu- 
lated blackened silver disk mounted at the end of 
an open-end tube. The tube has a shutter and baf- 
fles to collimate the beam. During a measurement, 
the disk is alternately exposed to and shaded from 
the sun’9 radiation for equal periods of 2 min. A 
mercury thermometer embedded in the silver disk 
indicates the temperature change during the ex- 
posed and shaded periods. This, together with the 
heat capacitv^of the disk and other constants, U 
used to calculate the radiation. The Angstrom com- 
pensation pyrheliometer has two nearly identical 
targets equipped with electric heaters at the bot- 
tom of a similar tube. A sunshade is arranged so one 
target i9 exposed to the sun while the other is 
shaded. Electric current is supplied to the shaded 
target until its temperature, determined by thermo- 
couples, is equal to the sunlit one. The power re- 
quired is a measure of the solar radiation for the 
target area. 

Total sun and sky . The total solar energy from 
sun and sky striking a horizontal surface is meas- 
ured with a hemispherical pyrheliometer. The Kim- 
ball-Epply and Moll-Garczynski instruments are of 
this type. They consist of a thermally insulated 
horizontal target within a partially evacuated 
transparent sphere or hemisphere to protect it from 
convective and conductive heat losses. Part of the 
target is a ring coated with dull black to absorb as 
much sunlight as possible; the remainder, a disk 
and a ring, is coated with white to reflect as mueh 
sunlight as possible. A thermopile measures the 
temperature difference between the white an® 
black portions of the target and is the output of the 
instrument. Special glass or fused quartz, transpar- 
ent to most of the sun’s radiation, is used for the 
envelope. 



tf e t radiation measurement . An instrument 
hich measures the net effect of all the upward and 
downward solar and terrestrial radiation currents 
must be equally sensitive to the whole range of 
wavelengths mentioned earlier. No window mate- 
rial completely transparent over this wide range 
exists; however, some film plastics approach com- 
pete transparency. In better instruments, the de- 
tector, a horizontal plate with provision to measure 
the difference in temperature between upper and 
lower surfaces, is exposed without a wind screen. 
In the Albrecht net radiometer, the effect of the 
wind is measured by adding a known quantity of 
heat electrically to one of two identical plates. In 
the Gier and Dunkle instrument, the wind loss is 
held constant by a jet of air from a blower, [v.e.s.] 

Radiation biochemistry 

The study of the response of the constituents of liv- 
ing matter to radiation, a specific injurious agent. 
Biochemistry, in the ordinary sense, deals with the 
chemistry of the building stones of living tissues 
and organisms, and with the balance and integrated 
metabolic reactions in which these take part ( see 
Biochemistry). This article deals with the effect 
of ionizing radiations, radiations that ionize matter 
through which they pass. See Radiation biology. 

The chance of exposure to radiation has increased 
,n this atomic age. Not only is radiation more 
widely used in medicine for diagnostic and thera- 
peutic purposes, but the applications of radiation 
in industry have increased. For example, the use of 
luminous paint on instrument dials, the hazards 
connected with the development of atomic energy, 
and the possible use of atomic weapons in war make 
research in the effects of radiation important. 

The capability of penetrating to every part of the 
interior of cells, without being obstructed by mem- 
branes or defensive barriers, puts ionizing radia- 
'ions in a unique position as compared to other 
noxious agents, which are limited in penetration or 
selectively active on special cell constituents. 

The cells of living matter consist of a cell mem- 
brane surrounding protoplasmic protein, in which 
arc embedded the nucleus and various 9 mall gran- 
ular bodies, such as mitochondria and microsomes. 
The whole cell structure is permeated with water. 
The content of the cell is inhomogeneous, highly 
wganized, and equipped with a series of enzymes 
w hi<h make complicated metabolic reactions possi- 
ble. See Cell (biological) . 

The indirect and the direct modes of action of 
radiation have been proposed as mechanisms of 
radiation effects. These modes of action are dis- 
°ussed in the following paragraphs. 

Indirect action. The water content of cells is 
a bout four times greater than their dry weight. The 
j ct °f radiation on the water has consequences 
°^ e solid matter contained in it. 

when water is irradiated, it is split into the pri- 
mary ra diation products, hydroxyl (OH) radicals 
hydrogen (H) atoms, which are highly reac- 
1Ve < uncharged chemical entities. Oxidation and re- 
Uctlon reactions are brought about when the pri- 
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mary radiation products collide with solutes, the 
substances dissolved in water. In the absence of 
solutes, however, they quickly recombine to form 
water. The irradiation thu 9 acts indirectly on sol- 
utes via the water. Consequences of this indirect 
action are the dilution effect, the protection effect, 
and the oxygen effect. 

Dilution effect. This effect causes a dilute solu- 
tion to appear more sensitive to radiation than a 
concentrated one, because a given dose of radiation 
results in the formation of a given number of radi- 
cals which will react with a corresponding number 
of solute molecules. Therefore, the proportion of 
solute molecules chemically changed will be large 
in dilute solutions, small in concentrated ones. 

Protection effect . This comes into play when 
there are two or more solutes in solution which are 
capable of reacting with radicals. All these solutes 
will compete for the existing radicals and, there- 
fore, fewer radicals will be available for each spe- 
cies of solute than would be the case if only these 
solutes were present in the solution. In other words, 
there is a mutual diminution of the radiation effect 
and each solute appears protected by the others 
against radiation. This protection effect will vary in 
accordance with the absolute amounts of solutes 
and with their specific capability of reacting with 
radicals, that is, with their capability of acting &s 
acceptors for radicals. 

The protection effect operates also in a one-solute 
solution if the irradiation products formed from 
this solute can still react with radicals. Before ra- 
diation starts, the solution of an enzyme (catalyst 
of living matter) contains the dissolved active en- 
zyme molecules only. Each fraction of radiation dose 
delivered inactivates some enzyme molecules which, 
though no longer active, can still react with radi- 
cals. The inactive molecules then represent a sec- 
ond solute which competes with the still-active 
molecules for radicals. The result is that equal but 
subsequent increments of radiation become less and 
less effective, so that an activity-dose curve takes 
on an exponential shape as shown in the diagram. 

Oxygen effect. The primary OH radicals and H 
atoms give rise to other radicals if oxygen is pres- 
ent in solution, namely to HO2 radicals and to the 
stable product hydrogen peroxide (H2O2). These, 
as oxidative agents, can react with solutes and 
thereby enhance the radiation effect when compared 
with oxygen-free solutions, hence the term oxvgen 
effect. Hydrogen peroxide may also lead to the for- 
mation of organic peroxides which can be respon- 
sible for an after-effect, that is, a continuation of 
decomposition of solutes after irradiation has 
ceased. The interference of hydrogen peroxide com- 
plicates the clarification of reaction mechanisms. 
It has been found that nitric oxide increases 
sensitivity to radiation under conditions of anoxia 
to an extent similar to that observed with oxygen. 
The explanation put forward for this effect is that 
both nitric oxide and oxygen have an equal affinity 
for carbon radicals. 

The target theory as originally proposed did not 
leave room for modification of radiation effects by 
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Exponential relation between degree of inactivation 
and x-ray dose for carboxy peptidase solutions. (W. M 
Dale, 1940; reproduced by permission of the editors 
of the Biochemical Journal) 

chemical means. It was an all-or-none effect. Yet it 
has often been found that the presence of oxygen 
or of nitric oxide during irradiation increased the 
radiation effect not only in solutions but also in 
dry matter. It has now been proposed that the the- 
ory be modified bv assuming that immediately 
after the passage of an ionizing particle the target 
molecule is left in a highly reactive state, facili- 
tating chemical reaction. The reaction will depend 
on the chemical environment, the physical state, or 
both. Thus, one can visualize the possibility of 
modifying the effect of the primary dissipation of 
energy so as to restore the target molecule (a heal- 
ing effect) or to cause its irreversible injury, de- 
pending on the reaction with the modifying agent. 

The promising method of microwave spectro- 
scopy for detecting and measuring concentrations 
of free radicals has established that radiation 
causes the formation of radicals of various life- 
times in biological matter. The subsequent inter- 
action between these and the presence of gases 
like oxygen and nitric oxide, which are them- 
selves radicals, offers an explanation of the oxygen 
effect and the nitric oxide effect that is alternative 
or supplementary to the explanation based on in- 
teraction with radical-reaction products like HO<> 
radicals. 

Direct action. Since the dissipation of radiation 
energy is not confined to the solvent, direct ioniza- 
tion with subsequent chemical change will occur in 
solute molecules themselves. The frequency of such 
an event (single hit) increases in proportion to the 
concentration of the solution, and reaches its maxi- 
mum when one hit is scored per molecule of a dry 
substance. 

Some investigators believe that the nucleus of a 
cell contains a vital and sensitive structure in which 
the primary event, that is, an ionization, has to oc- 
cur, or that an ionizing particle has to pass near or 
through it in order to cause a chemical alteration 
that results in the biological effect subsequently ob- 
served. This is the target-hit theory. 

An important practical application of the direct- 
hit theory is the determination of the molecular 
weight — sometimes even the shape of large, biolog- 
ically active molecules irradiated in the dry state. 
The underlying assumption is that the destruction 


of the biological function , for example , of en 
activity , or of the ability of a virus to infeed 
caused by a primary ionization produced by a f a * 
charged particle passing through the molecule. J t 
is possible to calculate the radiation dose which 
will produce, on the average, one ionization p er 
molecule. From the number of ionizations occurring 
per unit volume the target size can be assessed 
This method has been successful in a number of 
cases. 

The protection effect which was previouslv the 
prerogative of the indirect action has heen found 
to occur also in solid matter when relatively snull 
amounts of additional substances are incorporated 
in the solid. Some form of intra- and intermolecu 
lar transfer of energy is assumed to occur wherebv 
the energy is channeled preferentially to the added 
substances. 

Direct plus indirect action. The share taken b> 
the direct and indirect modes of action is illustrated 
in the diagram which shocks the inactivation of an 
aqueous solution of an enzyme (carboxy peptidase 
from pancreas) at various concentrations. 

Since water is always in excess in living tissues, 
except in bone structure and fatty tissue, the op 
portunity of reactions with radicals is always pn 
ponderant. A distinction between the direct and in 
direct inodes of action becomes increasingly tuvial 
as the source of active radicals approaches the mol 
ecule or structure upon which they act. Asa result 
the two modes of action merge in the immediate 
vicinity of the target, constituting a direct hit 
Measurement of radiation sensitivity. The proh 
lem of a more detailed analysis of the relation 
products from substances of biochemical impor 
tance has been solved in only a few instances How 
ever, the protection effect ha9 made it possible to 
assess over-all radiation sensitivity over a wide 
range of substances, extending from small mole 
cules to the large molecules of proteins From the 
degree of inactivation of an enzyme solution of 
known concentration in the absence and in the pre* 
ence of a protective substance, a value of the re«v 
tivity with radicals of the substance in question ran 
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Relative contributions of indirect and direct action* 
to the total effect of x-rays on carboxy peptldas® » n 
solution. (W. M. Dale , 1947; reproduced by permission 
of the editors of the British Jourtml of Radiology) 




derived. In this way it has been found that 
ificity of radiation effect can be detected in 
^aH molecules. Thus, it has been shown that sulfur 
Torganic molecules causes a high degree of radia- 
tion sensitivity. In general, specific effects are not 
discernible in large molecules, because of the great 
number of their reactive groups, but it can be said 
that the protective power of large molecules is ap- 
proximately proportional to their molecular weight. 

Effect of radiation. The effect of radiation upon 
biological material is discussed in the following 

paragraphs. 

Rtolo#ical reduction-oxidation systems. Most re- 
actions of solutes with radicals consist of oxidations 
and reductions, and it has been proposed that the 
OH radicals and H atoms in irradiated water con- 
stitute a redox system, having an equivalent redox 
potential (ERP). This system reacts with a range 
of redox systems as solutes in such a way that for 
if'dnx potentials greater than — 0.52 volts, oxida- 
tion occurs, and for potentials less than —1.1 volts, 
onh reduction takes place. This depends on such 
things as the type of radiation, pH, presence or ab- 
of oxygen, and so forth. In the range between 
the^e \ allies both oxidation and reduction arc pos- 
-ibh l he redox potentials of most redox s> stems 
m (clU arc in the oxidation range hut will display 
ditfeieiit resistance to oxidative changes, according 
•o then total concentration as well as to the re- 
qx i toe ratio of their reduced state to their oxi- 
dized state Biological redox systems are normal 
lonstituents in cells and form the link in man\ met- 
il)olii steps There ls oppoitunity, therefore, for in- 
teifeien<p with the normal metabolism. Some in- 
clines of iuoe hemie al redox systems are cysteine 
if i \ Cine, sulfhydryl to disulfide (SH — SS), gluta- 
thione prosthetic groups of enzymes, such as flavo- 
P'ofem < e»en/vmes I and II, ase oibic acid, and many 
•thers See Biot 0(,R \i OXIDAIION. 

Redox systems may also occur in which the re- 
vel -.ihilitv (if the reaction is impaired. If the oxi- 
dized oi the i educed state of the reacting compound 
Miffers secondaiy changes, such as the formation 
d polvmer, or if the reduced form is capable of 
h’luung a molecular compound with the oxidized 
h rm no pioper equilibrium will he established. 
Proteins One of the most important constituents 
living matter, proteins consist of long chains of 


dm, no ae ids occurring in characteristic proportions 
and m specific sequence, linked together by the 
peptide linkage CONH. Side chains protruding from 
hie mam chain can form cross linkages between 
neighboring chains. In solution, they form finely dis- 
persed colloidal systems. The variety of existing 
proteins ; s very great, but all proteins have one re- 
ar(lon in common, namely, the property of denatur- 
ahon This is usually an irreversible change which 


0( <nrs when proteins combine with certain chemi- 
' ^ or when heat or radiation is applied. 

Jhe denaturation manifests itself as coagulation 
Mth subsequent insolubility. It has been found that 
-f 1 , tadiations lower the resistance of proteins 
"thermal denaturation. After irradiation, protein 
S0 ut * ons contain different denatured protein deriv- 
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ative9 and show a marked decrease in energy con- 
tent, sonifying deep-seated structural changes. It 
has been established that the oxidative attack by 
OH radicals i9 directed towards the peptide link- 
age. This results in the formation of high-molecular- 
weight carbonyl (C=^0) compounds and of keto 
acids, and the release of ammonia. The radiation- 
sensitive SH group of cysteine, an amino acid occur- 
ring in egg albumen, can be oxidized to a disulfide 
(S-S), which can form a cross linkage between 
neighboring chains. Oxidation can occur even fur- 
ther. beyond the S-S stage, without denaturation or 
marked instability of the protein. It has further 
been observed that after hydrolysis of irradiated 
serum albumin several amino acids are partly de- 
stroyed. Examination of irradiated protein solu- 
tions by spectrophotometry also reveals changes. 
Bovine serum albumin, serum globulin, and egg al- 
bumen show an increase in optical density which 
apparently is due to the action of radiation on their 
tyrosine component; if, however, the proteins con- 
tain more tryptophan than tyiosine, a decrease in 
density is observed. 

Not only is piotein, as such, changed by radia- 
tion hut its building stones, the amino acids, aie 
affec ted. .Sec Srtc ikoimjoiomf ihic anai vsis. 

Amino acid * The principal effect is the loss of 
ammonia from, or deamination of, the amino acids. 
The extent of deamination varies with experimen- 
tal conditions, hut an important point is that it also 
varies with the chemical configuration of the amino 
acid itself If the amino group is in the alpha (cy) 
position, attached to the carbon atom next to the 
eaiboxyl group (COOII), as in a-alunine, CHr- 
CH ( NHu) ' COOH, the loss of ammonia is neaily 
twice as great as for ft- alanine. CH^fNIIa) CH-j’ 
COOH. In this compound, the amino group is at- 
tached to second carbon atom, that is, in the /3 po- 
sition. This is an example ot the specificity of ra- 
diation effects. More ammonia is split off from his- 
tidine where the glyoxaline part may contribute to 
the yield. 

In experiments in which radiation products other 
than ammonia were examined, it was found that 
alanme irradiated in a vacuum yielded acetalde- 
hyde, pyruvic acid, propionic acid, ethylamine, and 
carbon dioxide. Products from glycine included 
glyoxylic acid, formaldehyde, acetic acid, formic 
ae'id, and carbon dioxide. It is, however, claimed 
that the appearance of the various products depends 
on whether radiation doses applied have been mod- 
erate or massive. This claim is made because some 
of the radiation products are not due to initial re- 
action, but are formed by further oxidation or de- 
carboxylation of glyoxylic acid. See Amino acids. 

Enzymes . These are proteins which differ from 
other proteins in their ability to act as catalysts. 
Enzymes speed up specific chemical reactions. They 
either have special active groups in their make-up, 
enabling them to combine with their specific sub- 
strates on which they act, or they are more or less 
firmly linked to a nonprotein partner, or prosthetic 
group, which, in cooperation with the protein part, 
functions as a highly specific catalytic system. 
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As far as their protein nature is concerned, en- 
zymes will undergo the same general changes as de- 
scribed for other proteins, with consequent loss of 
activity. There are some enzymes, the S-H enzymes, 
in which that group is essential for enzymic activ- 
ity. This S-H group is particularly sensitive to ra- 
diation and may undergo changes before deeper- 
seated modification of the protein has taken place. 
If the inactivation of the S-H enzyme has not gone 
far, it can be restored to its original activity by the 
addition of the tripeptide glutathione containing 
S-H. See Enzyme. 

An example of an enzyme containing a prosthetic 
group is D-amino acid oxidase which specifically 
oxidizes D-amino acids only. This enzyme can be 
split into flavin adenine dinucleotide, a nonprotein, 
and a specific protein. Neither part, on its own, 
has enzymic activity, but when combined they con- 
stitute the complete active enzyme. Each part can be 
chemically changed by radiation and when rejoined, 
shows a lower activity than after irradiation of the 
complete enzyme. 

In a comparative study of the effect of the 
densely ionizing alpha radiation versus x-radiation 
on the enzyme carboxypeptidase in solution, it was 
found that alpha radiation was only one-twentieth 
as effective as x-radiation. The effect appeared to 
he entirely due to the delta rays, which branch off 
the o-ray track as spurs and which have an ion 
density similar to that of x-rays, not to the pri- 
mary ionization column of the o-ray track. Quite 
generally, the lower efficiency of alpha radiation on 
substances in aqueous solution is in contrast to its 
higher efficiency on biological systems, such as the 
breakage of chromosomes in cells. See Radiation 
cytology. 

Nucleic acid and nucleoproteins. These are the 
important chemical building stones of the genetic 
material contained in the chromosomes of cell nu- 
clei. The nucleoproteins are saltlike unions of a 
nucleic acid with basic proteins, such as protamine 
or a histone. Two types of nucleic acids exist, ribo- 
nucleic acid (RNA) and deoxyribonucleic acid 
(DNA ) , both of which are built up from nucleotides 
containing a nitrogenous base, a pentose sugar, and 
phosphoric acid. The base forms an ester with 
the phosphoric acid. Both nucleic acids contain the 
bases adenine, guanine, and cytosine but RNA has 
uracil and the sugar u-ribose, whereas DNA con- 
tains thymine and the sugar D-deoxyribose. RNA 
is formed predominately in the cytoplasm and DNA 
in the nucleus. Since the molecular weight is of the 
order of 6-8 X 10°, each molecule must contain a 
great number of nucleotide units. The structure of 
nucleic acid has been proposed to be two comple- 
mentary, helical, nucleotide threads, joined together 
by hydrogen bonds between the basic guanine and 
cytosine and between adenine and thymine. The 
nucleic acids are similar in organization to protein, 
with its amino acid units and its cross linkages. Ir- 
radiation breaks down the hydrogen bonds between 
the DNA threads, and denaturation by heat is fa- 
cilitated after irradiation. The instability of nucleic 
acids is evident from the short heating (15 minutes 


in boiling water) required for a marked decrease in 
viscosity of DNA accompanied by decrease in mo. 
lecular weight. A similar decrease of viscosity i n dj. 
lute DNA solution is effected by relatively small 
doses of radiation. 

Chemical changes require large doses of radia- 
tion. Among the reactions observed are deamina- 
tion, liberation of free purine, decrease in optical 
density, increase in amino nitrogen, breakage of 
the pyrimidine ring, oxidation of the sugar moiety 
(ribose portion), and liberation of some inorganir 
phosphate. The conditioning effect of radiation K 
shown by the fact that acid hydrolysis subsequent 
to irradiation liberates free phosphate more quiekh 
than would have occurred without irradiation. In 
the irradiation of the breakdown products of nucleic 
acids, such as nucleotides, nucleosides, and the 
purine and pyrimidine bases, the radiation effects 
resemble those from nucleic acids. [w.m.d.1 

Bibliography : M. Errera and A. Forssberg. 
Mechanisms in Radiobiology s vols. 1-2, 1961; \ 
Hollaender (ed.). Radiation Biology , vol. 1, 1954 

Radiation biology 

A study of the influence of light or ionizing radia 
tion, such as x-rays or fast particles, on living sys 
terns. Radiation biology is a broad subject, ranging 
from a consideration of the effects of visible light 
on metabolism to the effects of cosmic rays mi 
whole organisms. Because of the breadth of tin 
subject, it is studied to a large extent in separate 
areas, and the first large division into areas scjm 
rates the fields of ionizing radiation effects and 
photon effects. The term photon effects means tie 
action of ultraviolet, visible, and infrared light in 
the region where ionization does not occ ur. So 
Radiation; X-^ay (s), physical nature of 

Ionizing fadiation effects. The process of iom 
zation is characterized not only by the release of an 
electron from an atom, with the formation of i t»' s 
itive residue (the whole being an ion pair). lm* 
also by the quite large amount of energy associated 
with the process. A typical chemical bond has an 
energy of 8 electron volts (ev), a typical priman 
ionization an energy of 100 ev or 35 times as lai ge 
In consequence, ionizing radiation exerts a power 
ful molecular action. Such action is not very W’ 
cific; it occurs anywhere at random, and the iom /J 
tions are relatively far apart. Ionizing radialnm 
therefore produces random energy releases of great 
size and hence generally great disruptive effe<t 
Such disruptive effect may he on functioning nnit s 
of the organism, when it is termed direct action, 
or it may be on the water moiety, when active rad' 
cals, notably OH and H, are formed. These exert a 
gentler, yet potent action, which can occur at * nT11 ^ 
distance from the original ionization, because " 
radical diffusion. This is termed indirect action. 

Dose oj ionizing radiation. To measure any 
of ionizing radiation the radiation must be mea 1 - 
ured in amount. Such measurement is called do^n" 
etry ; the amount given is the dose. Three unit* 1 a rf> 
in use: the roentgen (r), defined as that radia* 1011 
which will release one electrostatic unit of 5C P a 



rated charge in 0.001293 gram of dry air; the rad, 
which is defined as that amount of radiation which 
will release 100 ergs in 1 gram of representative 
biological tissue; and the roentgen equivalent 
phvdcal, or rep, which is meant to be an energy- 
defined unit equivalent to 1 r and which approxi- 
mates 93 ergs/gram of tissue. 

Some effects of ionizing radiation. A huge vari- 
ety of effects exist. A brief sampling of these is 
given. 

1. Survival after whole-body irradiation. A 
whole animal, such as a mouse, which has been ir- 
radiated, shows no marked immediate effect. If the 
animal is followed for a few days it is found that a 
definite increase in mortality occurs above 400 r, 
with a mean lethal dose at 500 r, and a rapid in- 
,n*a^e in mortality rising to 100% at 1000 l. Such 
j dose-survival curve is called sigmoid. In such a 
process death is due to effects on a varictv of or- 
gans, i lie blood-forming organs and an> rapidly di- 
viding tissue being the most sensitive. 

2 Pi eduction of mutations. Ionizing ladiation 
prodm es mutations in any living organism, with 
the possible exception of viruses. The majoiity of 
mnh initiations are lethal. See Mutation. 

] Pi eduction of chiomosome breaks. All kinds 
0 f chromosome abnormalities, including chromo- 
some breaks, aie produced by ionizing ladiation. 
SikIi bleaks seem to require of the order of 50 ion 
jnir" to achieve a hreak. Chromosome bleaks (an 
restitute and probably the majority do so. In the 
preseni e of dissolved oxygen the rate of chromo- 
some bieak is obseived to increase by a factor of 
rathei moic than two. This is an example of the 
owuen effect, which is one of the more important 
\va\s bv which radiation action can be modified. 
\tt CnilOMOSOMK ABFRRATION. 

1 Delay of cell division. Ionizing radiation in- 
hibits < ell division in a marked degree. The degree 
of tlelav increases with the dose. 

r > Formation of giant cells. Cells in which divi- 
sion is delayed may grow into giant cells, many 
times the normal size in the case of mammalian 
nils, oi into long filaments in the ease of bactena. 

b Reduction of survival. If means for studying 
the ability of a cell to divide are available it is 
found that animal, plant, and bacterial cells, and 
ui uses are reduced in survival. For human cells 
ih«* survival follows a nearly exponential course, 
obeying a roughly two-hit relation corresponding 
to the need for destroying both elements of a pair. 
The dose to give 37% survival is approximately 
1^0 r for such cells. For bacteria it approximates 
WO r. for viruses 30,000 r and in this last case is 
s itigle-hit, or simply exponential. 

7 Action on biological macromolecules. All im- 
portant biological macromolecules — DNA, RNA, 
enzvmes, and antigens — are destructively affected 
y ionizing radiation. Roughly speaking, if one 
10 nizdtion occurs within the molecule, or if one 
a( 'tive radical in the case of nucleic acid or one to 
ter j radicals in the case of protein reach the mole- 
? u e ’ ** loses its function. Such actions are affected 
v oxygen tension in general. The process in the 
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case of nucleic acid appears to be breaking or 
cross linking and in the case of protein the open- 
ing of S-S bonds. 

8. Action on metabolism and protein synthesis. 
Metabolism is reduced by ionizing radiation but 
much less sensitively than division or the forma- 
tion of lethal mutations. The process of protein 
synthesis is reduced, as 19 the formation of micro- 
somal particles, or ribosomes, which are agents in 
protein synthesis. 

Action of ultraviolet light. Ultraviolet light dif- 
fers from ionizing radiation in that it is less ener- 
getic and also much more specific. For any effect of 
ultraviolet light to take place it must first be ab- 
sorbed, a process which is wavelength dependent. 
The most significant absorption of ultraviolet light 
is by nucleic acids, which have a broad absorption 
maximum at 2600 A. The absorption and action is 
predominantly in the pyrimidines of nucleic acid 
and the chemical result may he the addition of H 
and OH to the pyrimidine, thus altering it chemi- 
cally. Many photons have to he absoibed in order 
for an effect to be observed, and the ratio of 
changes produced to photons absorbed is called the 
quantum yield. Quantum yields range from 0.0 1 
for molecules to 10 r ’ for viruses. 

There is also absorption in protein, notably by 
aromatic amino acids and cystine. Although the 
cystine absorption is neither great nor specific, it 
seems to account for the action of ultraviolet light 
on proteins. 

Because of the need for absorption, ultraviolet 
light rarely exerts lethal action on whole animals. 
The effects of ultraviolet radiation are discussed in 
the following paragraphs. 

1. Burns. Ultraviolet light produces drastic ac- 
tion on the skin, familiar to all as sunburn. 

2. Production of mutations. Ultraviolet light 
produces mutation in all cells, including bacteria 
and viruses. It piohahly does so by relatively small 
(‘hemic al alteration in the DNA. 

3. Production of chiomosome breaks. Ultraviolet 
light produces chiomosome bleaks, though of a less 
drastic kind than ionizing radiation, being moie 
commonly in one of two chromatids rather than the 
whole chromosome. 

4. Delay of cell division and giant-cell forma 
tion. Cell division is inhibited by ultraviolet light, 
and such cells can grow to giant size. 

5. Reduction of survival. Ultiaviolet light re- 
duces airvival, though not so simplv, in geneial, as 
for ionizing radiation, there being a tendency for 
a fraction to show less sensitivity. The multiple hit 
character is very marked in some cases. 

6. Photoreactivation. If cells or \irus-infecled 
cells are subjected to illumination In light in the 
blue, or near ultraviolet range, the degiee of survi- 
val is markedly increased, a phenomenon known as 
phqtoreactivation. 

7. Action on metabolism and protein synthesis. 
These are affected by ultraviolet light, though not 
in just the same way as for ionizing radiation. Moie 
effect takes place on the DNA-synthetic process, 
which is less affected by ionizing radiation. 
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Theory of radiation biology. At present, the 
statement can be made that ionizing radiation 
effects chromosome damage and inactivates macro- 
molecules, while ultraviolet light produces chemi- 
cal change in DNA; but as yet there is no well- 
substantiated theory of radiation biology, and such 
a theory is clearly badly needed. See Linear en- 
ergy TRANSFER (BIOLOGY); RADIATION BIOCHEM- 
ISTRY; Radiation cytology; Radiation injury 
(biology); Radiation microbiology. [e.c.po.] 

Bibliography: Z. M. Bacq and P. Alexander, 
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berg and A. Errera (eds.), Mechanisms in Radio- 
biology , 1960; A. Hollaender (ed.), Radiation Bi- 
ology , 1954; D. E. Lea, Actions of Radiations on 
Living Cells , 2d ed., 1955. 

Radiation chemistry 

The chemistry of the effects of high-energy radia- 
tion on matter. High-energy radiation includes the 
emanations associated with radioactivity and fis- 
sion (that is, helium nuclei, elections, y-rays, and 
neutrons) ; associated atom and fission recoils; 
and the artificial analogs of such emanations, such 
as accelerated electrons, protons, deuterons, he- 
lium nuclei, carbon nuclei, and x-iays. Physicists 
tend to group all effects of radiation under the 
term radiation damage. 

Sources of high-energy radiations in the labora- 
tory include radioactive nuclides (for example. 
Co™ or H 1 ), x-ray tubes. Van de Graaff Generators, 
the betatron, the cyclotron, and similar instru- 
ments. A Co™ source is shown in the photograph. 

Energy transfer. Energy is transmitted to the ir- 
radiated material by momentum transfer and by 
excitation and ionization. The latter two alwavs ac- 
company the former. Momentum transfer is char- 
acteristic of processes involving neutrons; it is al- 
ways involved to some extent in particle effects and 
is an important contributor to heavy-particle (for 
example, proton) effects. 

In a momentum-transfer interaction, the usual 
effect is the ejection of a nucleus from its molecu- 
lar or crystalline structure; this is known as the 
Wigner effect. In the case of crystalline material 
the process is called discomposition, Diseomposi- 
tion results not only directly from neutron impact 
but also secondarily from impacts involving high- 
energy displaced nuclei. In crystalline elements, 
momentum-transfer effects are detected by changes 
in electrical and thermal conductivities, elastic 
moduli, and dimensions. In crystalline compounds, 
effects include chemical changes, electron trap- 
ping, color production, and so on. 

Chemical yields are expressed in the older litera- 
ture as ion-pair yield M/N, which is the number of 
molecules converted or produced per ion-pair ini- 
tially produced by the radiation. The modern liter- 
ature uses the 100-ev yield G, which is the number 
of molecules converted or produced per 100 ev en- 
ergy input. The term M/N is now used only in 
cases where N> the number of ion pairs, is actually 
determinable from experimental data. A conven- 
ient rule of thumb for reading the older literature 



An inexpensive earth-shielded structure employed at 
Notre Dame University for exposure of samples to Co M 
y-radiation. Samples are lowered into a central tube 
The cobalt is arranged in tubes around the central tube 
about 7 ft below ground. About 1200 curies of Co f,) 
was originally introduced at the bottom level. As the 
Co™ decays, it may be replaced or more can be added 

is G ~ 3M/N. Yields range from values such a«* 
G(Cf>D fv — » Dj) = 0.0113 to those such as 

C(H 2 + CL-+2HC1) 10 r > 

Energy input may he determined directly from uir 
rent and voltage with machine sources or indirectK 
by chemical dosimetry. The Fricke dosimeter 
(acidic feirous sulfate solution) is such a second 
ary standard; for high-energy y- and \ u\s 
G(Fe- Fe’+) es 15.6. 

Theoretical considerations regarding priman 
physical processes indic ate that for other than m» 
mentum transfer it is sufficient to address atten 
tion exclusively to the role of fast-moving chared 
particles. A 1-Mev charged particle, unlike a pai 
ent photon Kvhich produces only one lom/ation la- 
in a Compton process) may produce a totil <>f 
about KT' ions (and electrons) and excited mol* 
rules. The distribution of such primarily produced 
entities is affected greatly by the iiatuie ol th< 
radiation and by the state of aggregation of the 
material irradiated. In condensed systems, ion^ 
and excited species tend to be formed in gioup- 
containing, on the average, 3 ions and about 6 ex 
cited molecules. Such groupings, with diameter 
about 20 A, are called spurs. The spacing between 
spurs varies from 1-2 molecular diameters for 
heavy-particle irradiation to thousands of molecu 
lar diameters for fast electrons. The existence and 
distribution of spurs affects the chemistry. 

In liquid water, for example, the approximate 
value of G for products at an early stage of the 
chemical effects is shown in the accompanying ta 
ble. In water vapor, the primary yield of molecule- 
decomposed to radicals is estimated as G ~ 12. 
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Representative processes. Processes particu- 
larly characteristic of radiation chemistry, and 
some illustrative examples suggested in explanation 
0 f various observations, include the following 
(asterisk denotes a molecule in an excited state) : 
Ion-molecule reactions 

CH<j + 4" CHi — > C2H5 + + H 2 
Dissociative capture of an electron 

CH 3 I + e — » CH 3 4- I" 

Charge transfer 

C«Hi2 + 4- Cr>H6 — * CflHi? 4- CnHc + 

Stern-Volmer reactions of excited molecules 

2C 6 H«*-» (CeH 5 )2 + H2 

Protection by energy transfer to a chemically 
liable receiver 

Call,** 4- Cr,H« — > C«Hi2 4- Cr,H(,* 

Other processes include some that are observ- 
able also in photochemistry, such as radio-sensiti- 
M t»on. free-radical reactions, and induced internal 
i onver sion. Diffusion-controlled reactions of free 
radn als differ from those of photochemistry, where 
radii aN are formed initially only in pairs. In radia- 
hon chemistry, the existence of spurs results in 
pnmarv production of four or more free radicals 
m ( lose proximity. See Photochemistry. 

Radiation effects. Chemical effects of high-en- 
hjo\ radiation must he guarded against in nuclear 
k actors (as in radiation corrosion and in the Wig- 
ht r effe< t ) and in living systems (because of muta- 
t urns < ancet production, and so on). Such effects 
mu\ he deliberately employed to induce polymeri- 
/ation of special kinds; to cross-link, and to ther- 
•mllv stabilize, polymers; to sterilize foods, me- 
dn inals, and surgical materials; to change the 
pioperties of catalysts; and to induce reactions not 
possible bv other means or to induce them under 
iniisual environmental conditions such as ex- 
trernp|> low temperature, very thick layers, and 
on See Raima noN biology; Radiation dam- 
V'i (inanimate materials); Radiation injury 
IRIOIOLy). f M.BU.] 
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Radiation cytology 

aspect of biology that deals with the effects of 
^nations, both ionizing and nonionizing, on living 
Although many facets of interest have come 
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out of these studies, major consideration has been 
given to only two of these: the induction of chro- 
mosomal aberrations, and the problem of cell divi- 
sion and mitotic rates. This limitation is due to the 
fact that these problems have yielded to adequate 
quantitative treatment permitting meaningful gen- 
eralizations to be made. While the lethal effect of 
these radiations on both cell and organism is also 
a topic of importance, any consideration of the 
other two aspects includes it since lethality is 
largely a consequence of nuclear and cytoplasmic 
damage. 

Materials customarily employed in the chromo- 
somal studies include the following: microspores 
of Tradescantia (spiderwort) , microsporocytes of 
Trillium (wakerohin), spermatocytes of grasshop- 
pers, root-tip cells of the broad bean and onion, and 
the salivary gland cells of Drosophila (fruitfly). 
Mitotic rate studies have been most satisfactorily 
carried out on the neuroblasts of the grasshopper 
embryo and the root-tip cells of the broad bean, but 
tissue rultuie techniques now permit adequate ex- 
periments to be performed on mammalian and hu- 
man cells. 

The induction of chromosomal aberrations and 
the problem of cell division and mitotic rates have 
been studied by the means of chromosome breaks 
induced by radiation. 

Chromosome breaks. Two general types of 
chromosome breaks induced by radiation are classi- 
fied according to whether the chromosome is longi- 
tudinally single or double at the time of exposure. 
If it is single, the break is referred to as chromo- 
somal since the unit of breakage is the chromo- 
some; if double, the term chromatid break is em- 
ployed since the chromatid rather than the whole 
chromosome is the unit of breakage. A distinction, 
however, must be made between a break and an 
ahheration. The former implies only a rupture in 
the chromatin strand, while the latter in most in- 
stances involves also the union of broken ends to 
form recognizable alterations in the structure of the 
chromosomes such as deficiencies, duplications, 
translocations, and inversions. See Chromosome 

ABERRATION. 

Relationship to radiation dosage. Breaks in chro- 
mosomes induced by ionizing radiations are be- 
lieved to be linearly related to dosage and inde- 
pendent of intensity, the individual break being 
caused by the passage of an ionizing particle 
through, or near to, the chiomatin strand. There is 
no radiation threshold below which they do not ap- 
pear. Breaks produced by ultraviolet light show a 
similar relation to dosage and intensity, but the 
action spectrum indicates that this radiation must 
be absorbed in the nucleic acids of the chromo- 
some in order to be effective. A comparison of the 
effectiveness of the different types of ionizing ra- 
diations shows that their relative biological effi- 
ciency (RBE) in inducing breaks is closely corre- 
lated with the density of ion pairs. The order of 
effectiveness per unit of dose, from least to great- 
est among the commonly used ionizing radiations, 
would be gamma rays, “hard” x-rays, “soft” x-rays. 
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neutrons, and alpha rays. Thus, the greater the 
mass of the particle and the slower its speed as it 
moves through the cell, the greater its efficiency 
in breaking chromosomes. For example, 1-Mev neu- 
trons have an RBE of 2.5 compared with an RBE of 
1.0 for hard x-rays. See Radiation. 

Oxygen effect. The breakage of chromosomes is 
also related to the amount of oxygen available in 
the cell at the time of exposure. Radiation under 
anoxic conditions (lack of oxygen) drastically re- 
duces the frequency of breaks. The oxygen effect 
is believed due to diffusible active radicals or mole- 
cules (H, OH, HO 2 , or H'jO‘ 2 ) formed in the vicin- 
ity of the chromosome when water is decomposed 
by radiation, with oxygen playing some as yet un- 
determined role either in their formation or their 
action. Since the oxygen effect is greatest with 
gamma rays and x-rays, less so with neutrons, and 
negligibly so with alpha rays, there is an inverse 
correlation between the role of oxygen in determin- 
ing breakage and the density of radial ion-induced 
ion pairs. When the number of ion pairs per mi- 
cron of path length exceeds 300, the oxygen effect 
disappears. 

Chromosome restitution and rejoining. Calcula- 
tions have revealed that 90 95% of the radiation- 
induced breaks are not realized as detectable 
changes in the chromosome; restitution of broken 
ends occurs to restore the original alignment of 
the chromosome. When restitution fails, the broken 
fragment of chromatin is lost, along with the genes 
it contains, and the chromosome has suffered a de- 
ficiency. 

More complex aberrations are foimed, however, 
when two or more broken ends, either in the same 
chromosome or in different chromosomes, icjoin to 
create new arrangements of chromatin. These may 
he rings, dicentrics, or polycentrics possessing two 
or more centromeres, or aeentrics, possessing no 
centiomeie and, consequently, incapable of move- 
ment on the spindle during cell division. These 
chromatin rearrangements lead to abnormal ana- 
phase segregations (in mitosis and rneiosis). and 
arc largely responsible for cell death. Viable re- 
arrangements include inversions and reciprocal 
translocations .SccMhosis; Mitosis. 

Since most complex rearrangements induced by 
gamma lavs or \-ravs involve two or more inde- 
pendently produced breaks, they increase as the 
square of the dose, unlike deficiencies, which 
exhibit a linear relationship. However, restitution, 
which decreases the number of broken ends in the 
cell, and ieioining, which leads to the formation 
of aberrations bv linking broken ends into new ar- 
rangements of chromatin, are competitive systems, 
‘sinc e most broken ends do not remain open indefi- 
nitelv. and since alienations involve two independ- 
enth formed breaks, the dose-squared relationship 
is realized only when the intensity of radiation is 
high (above 100 150 roentgens per minute). When 
the intensit\ is lowered there is a tendency for the 
frequency of alienations to decrease. 

The frequency of aberrations induced by neu- 
trons and alpha rays is determined only by the dos- 


age ; no intensity factor is encountered. The reason 
is that the density of ion pair production is suffi. 
ciently great to break two or more chromosome* 
simultaneously, and a linear relation to dosage 
therefore maintained. 

The rejoining of broken ends is an energy-requir. 
ing event dependent upon the presence of oxygen 
in the cell; consequently broken ends, when once 
induced, can be kept open by conditions or chemi- 
cals which interfere with oxidative metabolism 
Since anoxia, potassium cyanide (KCN), dinitro. 
phenol (DNP), and carbon dioxide (CO 2 ) in the 
dark are effective in this respect, both respiration 
and oxidative phosphorylation are implicated, al- 
though the specific links in the chain of reactions 
remain unclarified. Rejoining takes place, therefoie 
only when sufficient energy, probably in the form of 
high-energy phosphate bonds, is available in the 
cell; in the absence of an energy-yielding system 
which itself is damaged by radiation, the breaks 
simply accumulate until normal metabolic rondi 
tions peimit reactions to proceed. 

Radiation-sensitivity factors. The sensitivit\ of 
cells to tadiation, as reflected in chromosomal dam 
age, is a function of the stage of division, the kind 
of cell, and its metabolic state. In general, the more 
actively dividing a tissue is, or the more act no a 
cell is metabolically, the more sensitive it is to ra 
diation damage. A deficiency of calcium in a < ell 
also increases its radiation sensitivity. Resting «elU 
aie relatively insensitive, but radiation sensitivih 
varies dining the course of cell division. The mist 
sensitive stages appear to he late prophase and 
metaphase, although the physical reasons dRtcrmin 
ing this variability are undetermined. The ratio of 
sensitivity between metaphase and interphase mj\ 
be as high as 50:1, with somewhat lower ratios prr 
vailing fornther stages. 

Effect on cell division. Mitotic activity is sharph 
depressed by both ionizing and photochemical ra 
diations. An inhibition of mitosis in grasshoppn 
neuroblasts can be observed after exposure to 4 
roentgen (r) of x-ray, vet 8000 r will not mm 
pletely suppress cell division. Heavy doses of radi 
ation, however, cause abnormal mitoses, and c ell 
death usually ensues after the completion of the ill 
vision processes. 

It has been shown that a depiession of cell dm 
sion by moderate doses of x-rays is followed b\ a 
compensatory wave of dividing cells, bringing the 
mitotic rate to higher than normal levels. This 
due to the fact that cells in prophase actualh ri 
gress in stage of cell division, and upon recoven 
enter once again into division along with interphase 
cells which were less impeded by the radiation. The 
critical period appears to be late prophase ji« st 
prior to the breakdown of the nuclear membrane 
Cells which have passed this stage at the time of 
exposure are not appreciably inhibited; radiation 
damage is expressed at the next division. Cells in 
earlier prophase stages eventually exhibit a delayed 
mitotic activity, but an abnormal behavior usually 
results from chromosomal damage rather than from 
a malfunction of the mitotic apparatus of the cell 



A state of anoxia tends to minimize the x-ray ef- 
fects on cell division, leading to the belief that mo- 
let ular oxygen interacting with the products of de- 
u)rn p 0 sed water is instrumental in effecting cell 

damage. 

Interference with mitosis can also be brought 
about by exposure prior to or during the period of 
(hromosomal nucleic acid synthesis in interphase. 
I ntil the synthetic processes recover, the passage 
of a cell into a state of division is prevented. 

I Itraviolet radiation can also interfere with cell 
diMMon, hut inhibition is not followed either by 
regression to earlier stages or by a compensatory 
wave of dividing cells. An action spectrum suggests 
that inhibition is largely a cytoplasmic phenome- 
non suite radiation effect of 2240 angstroms (A ) is 
inoie deleterious to cell division than is the effect 
of 2ST7 A Therefore the effect of ultraviolet is on 
the proteins of the cytoplasm rather than on the 
nmleic acids of the nucleus, and it seems likely 
that it is the proteins of the mitotic apparatus 
wlu( h are adversely affected in this case. See Ra- 
di \TION HIOLOCY. [< p sw ] 

Radiation damage (inanimate materials) 

fhrniful changes in the properties of liquids, 
gisrs and solids caused by interaction with nu- 
docir radiations. Interest in ladiation damage to 
inanimate materials is almost entnel> limited to 
materials that are used structurally or othciwise 
within the ladiation field of a nuclear reactor For 

diM ussion oi radiation damage in minerals, see 
Ml i \wi< t siaif. for a description of damage 
i uisrd to biological systems by radiation, see 
lUnmioN iNjutY (bioioc.y) 

Radiation damage in nuclear reactors is caused 
In high-cnerg\ radiation treated by the fissioning 
< f uranium-235 The most important agents in 
nusing damage are y-rays, /?- ra>s, highl> ener- 
getic (fast) neutrons, and fission fragments The 
nerage eneigy of each of these types of radiation 
ls approximately 1,000,000 electron volts (1 Me\), 
f\<ept fm fission fragments, where the energy 
-hared between the two fragments is approxi- 
mately 160 Mev. See Bfta rays; Fission, nu- 
'iiar (jamma rays; Neutron 

While all details of radiation damage are not 
understood, it has often been found possible to 
minimi/e or to eliminate radiation damage in re- 
actors by choice of material, increase in tempera- 
ture of irradiation, proper treatment prior to 
irradiation, and improved heat transfer. 

Damage mechanisms. There are several ways in 
which radiation can interact with matter to cause 
damage 

All the radiation mentioned, with the exception of 
neutrons, can directly cause ionization and elec- 
tronic excitation. These two effects can create chem- 
ical changes or increased chemical reactivity, or 
noth, in most materials other than already ionized 
materials or metals. 

Effects of neutrons . The neutron cannot directly 
f reate ionization or excitation, because of its neu- 
lr *l character. However, a fast neutron can cause 
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damage by interacting in a “billiard-ball” collision 
with a nucleus. The nucleus then recoils, some of 
the ^neutron’s energy having been transferred to it. 
In the case of an un-ionized gas, liquid, or solid, 
this recoil nucleus, which is a charged ion, can 
then cause excitation and ionization. The covalent 
hydrocarbons are particularly subject to damage 
from retoil nuclei. In an ionized crystalline solid, 
the iecoil nucleus i9 displaced from the crystal lat- 
tice and can, in turn, displace additional atoms 
from their normal positions Thus, a cascade of ex- 
cited, ioni/ed, or displaced atoms may begin. 

One other effect of neutrons that can sometimes 
he of importance is the transmutation of the struck 
atom to form a new chemical species. This effect 
arises from the ability of many atomic nuclei to 
absorb low-energy (thermal) neutions, which have 
an energy of 0.025 ev foi the most probable neu- 
tron velocity at 20°C. The probability of thermal- 
neutron capture by a particular isotope is referred 
to as its thermal-neutron absorption cross section 
( see INrmRON cross sm non). Following capture. 
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- GERMANIUM TRANSISTOR 

loss of amplification 
"GLASS coloring 
, POLYTETRAFLUORETHYLENE 
loss of tensile strength 
, POLYMETHYL METHACRYLATE & 

CELLULOSICS loss of tensile strength 
^WATER & LEAST STABLE ORGANIC LIQUIDS 
gassing 

- NATURAL & BUTYL RUBBER - 

loss of elasticity 
, ORGANIC LIQUIDS - 

gassing of most stable ones 
, BUTYL RUBEFR large change, softening 
. POLYETHYLENE loss of tensile strength 
i MINERAL FILLED PHENOLIC POLYMER - 
loss of tensile strength 
, NATURAL RUBBER - 

large change, hardening 
^HYDROCARBON OILS increase in viscosity 
, METALS — most show appreciable increase 
in yield strength 
CARBON STEEL reduction of notch impact 
strength 

POLYSTYRENF loss of tensile strength 
(CERAMICS — reduced theimal conductivity, 
density, and crystallinity 
(ALL PLASTICS unusable as structural 
materials 

'CARBON STEELS - severe loss of ductility, 
yield strength doubled 

- CARBON STEELS - increased 

fracture-transition temperature 

- STAINLESS STEELS yield strength tripled 
, ALUMINUM ALLOYS ductility reduced 

but not greatly impaired 
. STAINLESS STEELS - ductility reduced but 
not greatly impaired 


Fig. 1. Sensitivity of engineering materials to radia- 
tion. Levels indicated are approximate and subject to 
variation. Indicated changes are in most cases at least 
10%. ( After O. Sisman and J . C. Wilson, Nucleonics, 
14:58-65, 1956) 
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the newly formed nucleus is in an excited, radioac- 
tive state. When the thermal-neutron absorption 
cross section is large, an appreciable quantity of 
impurity may be introduced by neutron capture 
after prolonged irradiation in a nuclear reactor. 
This induced radioactivity, often long-lived, means 
that postirradiation studies must be done remotely 
in heavily shielded enclosures. 

The /?-rays, y-rays, and fission fragments can 
also cause the displacement of large numbers of 
atoms, though the number displaced by /?- and 
y-rays is small compared to those displaced by fast 
neutrons and fission fragments. 

Extent of damage. Electronic excitation and ion- 
ization is the most important damage mechanism 
in gases and liquids, while the displaced atom 
mechanism is most important in solids. 

Several important factors determine the extent of 
radiation damage: (1) the energy and intensity of 
the particles or radiation, (2) the temperature at 
which irradiation takes place, and (3) the type of 
material irradiated. 

Figure 1 shows the relative susceptibility of var- 
ious types of material to radiation damage. When 
it is considered that several reactors now operate 
at a flux of 10 14 neutrons/ (cm 2 ) (sec), it can be 
seen that the useful lifetime of many of the materi- 
als listed will be extremely short. Metals in gen- 
eral are most resistant to damage, but this resist- 
ance is balanced by the fact that, as structural 


materials of the reactor core, they are usually 8U ^ 
jected to the most intense irradiation. Water and 
organic liquids are the most sensitive, since they 
are subject to decomposition or change by the for- 
mation of free radicals, chain rupture, polymerize 
tion, and depolymerization. 

Damage to solids. The average energy required 
to displace an atom from its normal position i fe 
25 -35 ev. Since the fission neutron has an average 
energy of 10 6 ev, the energy imparted to the dis- 
placed atom may be many times the minimum en- 
ergy required for displacement. The amount of en 
ergy transferred to the displaced atom is a 
function of the angle of impact of the incoming 
particle, its energy, and the mass of the struck on 
atom. Thus, a hydrogen atom could absorb all the 
neutron’s energy in a head-on collision. In general 
the average energy transferred is 


A E 


2 Mm 
(Af 4- m ) a 


where M = mass of knocked-on atom, m = mass of 
neutron, and E = energy of neutron. If M is ex 
pressed as the mass number or atomic weight of 
the element, m is approximately unity and the 
equation reduces numerically to 


A E 


2 M 

(M -hi) 2 



Fig. 2. The five principal mechanisms of radiation a neutron might give rise to each of them in copP e 

damage are ionization, vacancies, interstitials, impu- Grid-line intersections are equilibrium positions lor ® 

rfty atoms, and thermal spikes. The diagram shows how oms. ( After D. S. Billington, Nucleonics, 14:54—57, 




The removal of an atom from its equilibrium po- 
rtion and the final lodging of the atom in a non- 
equilibrium position can lead to serious changes in 
thp properties of the material since these proper- 
particularly in solids, are a critical function 
of tar relative position of the atoms to one another 
in the crystal lattice. Thus, the strains set up by 
the atoms lodged in nonequilihrium positions (in- 
terstitials ) may lead to hardening and even em- 
brittlement. The vacant lattice positions may, 
under appropriate temperature conditions, lead to 
the acc eleration of unwanted solid-state reactions 
in alloys and other polycomponent solids, since the 
additional vacant lattice sites lead to more ready 
intermingling of the different types of atoms that 
make up the alloy. Figure 2 is a schematic repre- 
sentation of the various mechanisms of damage 
tlmt take place in a solid. 

Susceptibility to damage. Some components of 
a nuclear reactor are more subject to damage than 
others. The nuclear fuel itself is the most damaged 
poition. since it is the only part of the reactor that 
comes in contact with the fission fragments. These 
highlv charged, high-energy massive particles 
I -80 Mev each) deposit all their excess energy 
in a distance of 5 15 p. This leads to thousands of 
displaced atoms and numerous momentarily high- 
temperature regions within the crystal. These hot 
cpots may lead to the equivalent of local melting 
in regions involving a few thousand atoms at a 
time The damage in uranium displays itself as 
celling, embrittlement, elongation, and weaken- 
ing of the uranium. The fast neutrons and y-rays 
also contribute to damage of the fuel, but these 
(ontrihutions are relatively unimportant. .See Nu- 
( LEAK I IJELS. 

Neutrons are able to travel large distances be- 
tween collisions (on the order of centimeters), and 
mi can penetrate to all parts of the reactor. Hence, 
moderator, coolant, shielding, control instrumenta- 
tion, and structural components are all subject to 
damage by fast neutrons. The y-rays also have a 
''mall probability of being absorbed in short dis- 
tant es so that they too contribute to damage 
through a large part of the reactor. 

Embrittlement and weakening of pressure vessel 
steels, dissociation of water and organic liquids, 
swelling and reduction in thermal conductivity of 
ceramics, partial loss of ductility, and accelerated 
decomposition of metastable alloys, which in turn 
roay lead to poor corrosion resistance and reduc- 
tion in permeability of magnetic metals and alloys, 
are typical of the damage that has been observed. 
Control rods, when they contain boron- 10 or lith- 
ium-6, are subject to damage from the recoil prod- 
ucts of the reactions 

B 10 + n — ► Li 7 + He 4 
a "d Li® + no — » He 4 + H 3 

which behave in a manner similar to the fission 
fragments of uranium-235. 

Signer energy . One important manifestation of 
radiation damage is the stored energy that builds 
U P within certain types of materials upon pro- 
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longed irradiation. This stored energy, often called 
Wigner energy, can be a source of damage if re- 
leased rapidly. For example, graphite, after irradi- 
ation, has reportedly contained up to 400 cal of 
stored energy per gram. The instantaneous release 
of this much energy could result in temperature 
increases of several hundred degrees. Careful peri- 
odic annealing of a reactor under controlled con- 
ditions or the use of increased temperature of op- 
eration has been effective, in the usual case, in 
alleviating this potential hazard. For example, the 
Brookhaven reactor is annealed periodically, 
whereas the Oak Ridge graphite reactor operates 
at a high enough temperature so that annealing 
had not been necessary through 1959. Presumably, 
high-temperature operation constitutes a continu- 
ous self-annealing process. 

Damage to liquids. Water is used as a heat-trans- 
fer medium in many reactors. Organic liquids have 
also been attracting interest as coolants, in addi- 
tion to their usual role as lubricants. In both cases, 
resistance to radiation damage is important. 

Water decomposition and corrosion by oxygen 
in reactors are minimized by maintaining a small 
amount of hydrogen in the water and maintaining 
water purity by means of ion exchangers. 

The most striking effects of radiation damage to 
organic liquids are gas evolution, because of de- 
composition, and increased viscosity, because of 
polymerization. Aromatic hydrocarbons, by virtue 
of their structures, are much more resistant to ra- 
diation than the straight-chain aliphatic hydrocar- 
bons. [d.s.b.] 

Bibliography : I). S. Billington and J. H. Craw- 
ford, Jr., Radiation Damage in Solids , 1961; G J. 
Dienes and G. H. Vineyard, Radiation Effects in 
Solids , 1957; S. Glasstone, Principles of Nuclear 
Reactor Engineering , 1955; J. J. Harwood et al. 
(eds. ), Effects of Radiation on Materials , 1958; 
F. Seitz and D. Turnbull (eds.). Solid State Phys- 
ics, vol. 2, 1956. 

Radiation injury (biology) 

The basic building block of life is the cell. Hence 
it Is logical to attribute the harmful effects of ion- 
izing radiation on plants and animals to changes in 
cells. Although the mechanisms of these changes 
are still poorly known, a wealth of information has 
been acquired about them. See Radiation biochem- 
istry; Radiation biology; Radiation cytology. 

In multicellular organisms effects on cells are 
complicated by the interaction of injured and in- 
tact cells. Consequently, proper understanding of 
radiation injury in such organisms rails for appre- 
ciation not only of the reaction of individual cells 
but also of groups of cells in organs and tissues. 

EFFECTS OF RADIATION ON CELLS 

Effects on genes. The most important action of 
Radiation on the cell is the production of changes 
lh the genetic or chromosomal apparatus. Once es- 
tablished, these changes are largely irreversible 
and, because of the strategic importance of each 
gene, may alter the fate of the cell and of its prog- 
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eny as well. The changes may come about through 
(1) mutation, or alteration of the gene, which is 
believed to consist of a change in the nucleoprotein 
that constitutes the gene. When established, it may 
be reversed or otherwise altered only by further 
mutation. A mutation induced by irradiation is es- 
sentially indistinguishable from a natural one. 
Analysis of the relation between mutation rate and 
radiation dose has led to the conclusion that muta- 
tion mav require but a single ionization of the 
gene; the frequency of mutations characteristically 
rises in linear proportion to the dose without evi- 
dence of a threshold. (2) Chromosome breakage is 
visible microscopically as a break in the continuity 
of the chromosomal thread. The ends of the broken 
structure of the chromosome often reunite within 
a few minutes, restituting the original structure of 
the chromosome, but they may not rejoin at all. In 
this latter case, the distal chromosomal fragment 
and its genes mav he lost or the broken ends may 
unite with fragments of other c hromosomes and 
cause various genetic rearrangements. (3) Chromo- 
some stickiness and clumping, which presumably 
affect the chromosomal surface, cause chromosomes 
to adhere to one another and clump together. They 
thus fail to separate noimallv at cell division. .Sec 
Mni ATION. 

Effects on cell division. Relatively small amounts 
of radiation postpone cell division, the delay vary- 
ing with the dose When division is eventually re- 
sumed in a population of affected cells, the per- 
centage dividing may tempoiai ilv exceed, or 
“overshoot.” noimal: this often assoc iated with 
extensive degeneration of the dividing cells. If 
large enough doses ate administeied. the cells’ abil- 
ity to divide is peimanentlv abolished Sec Mnosis. 

Killing of cells. Cells differ rnarkedlv in their 
susceptibilitv to radiation-induced death, but any 
cell may he killed if it receives enough radiation 
fn general, susceptibility varies in proportion to the 
rate of cell division, few rapidly dividing mamma- 
lian cells being able to survive 300 iad of x-ravs 
( \ rad is a unit of absorbed radiation dose, one 
rad equaling 100 ergs per gram of absorbing tis- 
sue.) Although radiation death may occur during 
or immediately after irradiation, more often it en- 
sues when the cell attempts to divide or after it has 
divided several times. The relation between the per- 
centage of cells surviving and the radiation dose 
implies that the dose required to kill all cells in a 
given population varies with the total riumbei of 
cells in that population. Hence, although the me- 
dian lethal dose per cell mav be less than 100 rad, 
several thousand rad may be required to kill all the 
billions of cells in a laige organ or tumor. This is 
attributable to the spatial distribution of radiation- 
induced ion pairs in the absorbing medium, the 
probability of all cells being appropriately affected 
dec reasing with the total number of cells irradiated. 

The mechanism by which radiation kills cells is 
unknown, but the high radiosensitivity of dividing 
cells, with their tendency to die during cell divi- 
sion, suggests that the most critical type of injury 
involves the reproductive or chromosomal appara- 


tus of the cell. This is also suggested by the f aC | 
that many irradiated cells rendered incapably 0 f 
division retain their ability to differentiate j nto 
more highly specialized forms and to synthesize nu 
cleic acid and protein. Enormous amounts of radia 
tion (many thousand rad) are often requited to 
stop metabolic activity in such nondividing C e]] s 

EFFECTS OF RADIATION ON ANIMAL TISSUES 

Tissues differ widely in radiosensitivity but j ri 
general their susceptibility to radiation varies with 
the division rate of their component cells. \c r<>rd 
ingly, the most radiosensitive tissues of the bod\ 
composed of cells that divide lapidly, aie thp 
blood-forming organs, gonads, skin, and intestine 

Radiation injury is not, however, limited to the 
killing of radiosensitive cells. Invariably, the initial 
cellular destruction leads to secondary dist urban, ts 
and reparative processes, often through systemn 
mechanisms, which modify the primary lesion I n 
this respect, radiation injiMy simulates other types 
of injury and is not unique or specific. 

Blood-forming tissues. Since circulating blood 
cells live only a few days or weeks, they musi j> P 
teplaced continually The new cells aic produced 
in the hone marrow, spleen, and lymphoid organs 
thiough division of blood-cell jirec uisois, which an 
highly ladiosensitive and hence readily destroyed 
hv radiation. Because dcst motion of these (t lU 
leads to shortage of mature blood cells, which nun 
have drustii consequences, damage to the blood 
forming organs is one of the most important t\ p# - 
of radiation injur v Sec Hi m a ropon s/s. 

If onlv a part of the body is irradiated, blood 
forming cells from nonnradiated tissue are carried 
hv the blood stream to the damaged organs when 
they multiply and replace destiny ed cells (.ohm 
quently greater quantities of radiation aie tolei 



Fig. 1. Proportion of visible mutations induced by 
x-rays in relation to dose. A-B, tobacco mosaic virus 

C, Neurospora; D-F, Drosophila melanogaster. (From 

D. E. Lea , Actions of Radiations on Living Cells, 2d 
ed., Cambridge, 1955) 
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atrd if applied to part of the body than if applied 
to the whole. 

The rate of fall in blood count after irradiation 
^rie*' with the type of blood cell in question, the 
^, e( ies. and the radiation dose. Tn general, the num- 
l )er ( ,f cells is depleted more rapidly in small lab- 
oratoiv animals than in man. the depletion being 
ilM derated in any given species with increasing 
<>\ radiation. The latter niav be explained l)v 
the fact that blood cells intermediate in matura- 
tion aie intermediate in radiosensitivitv. In the fol- 
j M wing remarks, the blood changes are character- 
ize! .u < oiding to their time sequence in man. 

I'hc lymphocyte is the first blood cell to disap- 
j )(M r Diminution in the number of these cells is 
, M ,alh evident within only a tew hours after irra- 
(htilion and becomes maximal within several days. 
One reason for this mav be the relatively short life 
_iun of such cells; another, the high radiosensitiv- 
,t\ of lvmphocytes, which is pu//ling sim e thev are 
n »i rapidlv dividing cells. Minute amounts of radia- 
tion lies-, than 1 rad) cause injured and ahnoimal 
lymphocytes to appear in the blood. The loss of 
hniphorvtes is believed to he responsible to some 
, \ient lor the depression of immunitv that occurs 
minii after intensive irradiation and that predis- 
poses the affected individual to infection. 

Hie granulocv te. another type of vv Hite blood cell, 
di^ippear- rnoie s|nw r l\ from the blood stream, al- 
though paradoxic allv, lire number of sorb cells in 
t lu blond mav be increased for several da vs after 
mediation, owing to a eonstitutionul reaetion of 
th liod\ to stress Sin< p mature granulorvtes are 
nondiv iding cells and are relatively radioresistant, 
thr iiiadu.il depletion of their number reflects pre- 
dominantly the loss of aging cells from the total 
copulation. the* maximal depression ol the granulo- 
< If fount not being reached until 6 weeks after 
ivpnMiie Because tliesc* cells constitute the body’s 
nio'-t important defense against bacterial invasion, 
mice lion is a common cause of death in heavil ir- 
1 abated indiv iduals. 

Simultaneously with the* fall in granulm vte 

r, , iint. the number of circulating blood platelets 
iU«> dec lines, maximal defieienc v of these eorpus- 
‘ h’s o< c in ring 3 'r weeks after irradiation. Deprcs- 

s, ua of the platelet count below a certain level 
h «uU to hemorrhage. 'The bleeding, which mav be 
,i nher localized or generalized, varies in severilv 
‘•ml < an he fatal. 

Hie red blood cell count fall- gradually in the 
absence of hemorrhage, severe anemia occurring 
1 w more weeks after irradiation. The anemia re- 
s,1 b i ’ primarily from underproduction of new red 
blood cells owing to destruction of precursors in 
l be hone marrow. Although red-blood-cell-forming 
elements are usually among the first to regenerate 
a h*'t ladiation injury, regeneration may he delayed, 
dn <i the anemia may therefore be severe and pro- 
longed. even in the absence of bleeding. 

Skin. The response of the skin to radiation has 
een studied extensively, because the skin is the 
most exposed structure of the body and because its 
r adiosensitivity has until recently seriously limited 
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the amount of radiation that could be applied to 
underlying tumors. The extent of skin injury varies 
from transient reddening, a reaetion formerly used 
to measure dose in radiotherapy, to ulceration and 
sloughing. Development of injury is characteristi- 
cally slow, maximal damage not being evident un- 
til weeks after irradiation. Months later, permanent 
effects consisting of thinning of the skin, scarring 
of the underlying connective tissue, and dilation of 
cutaneous blood vessels mav gradually appear. 
These changes, known collectively as radiation der- 
matitis, predispose to subsequent development of 
skin cancer. 

Trijury of accessory skin structures is manifested 
in graving and loss of the hair. The epilation, or 
loss of hair, appears several weeks after irradia- 
tion and mav he temporary or permanent, depend- 
ing on the amount of radiation absorbed. Radia- 
tion-induced graving of the hair has been observed 
in animals hut not in man. 

Gastrointestinal tract. Because the dividing cells 
lining the small intestine are extremely radiosensi- 
tive. relatively small amounts of radiation applied 
to the abdomen elicit profound effects These vary 
from slight disturbances of motility and secretion 
to ulceration and sloughing of the lining of the 
bowel. 

Nausea and vomiting usually eii-ue wilhin a few' 
hours after exposure to doses above 200 rad. After 
several times this much radiation, sloughing of the 
intestinal lining mav lead to uleeration. intractable 
diarrhea, deliv dr ation. and invasion of the blood 
stream b\ battalia that normally inhabit the lumen 
of the bowel. This sequence of events is usually 
fatal and i onstitiites one of the major causes of 
death after massive irradiation of the whole body. 

Gonads. Sime the developing germ cells are 
highly radiosensitive, their irradiation mav result 
in sterilitv. Steiilitv does not usually a* cut imme- 
diately. however, owing to survival of more-radio- 
resistant mature egg* or sperm but onlv after these 
piefoimed cells are eliminated from the body. Even 
then, sterility is transitory unless too few r precur- 
sui s survive to re-iime adequate production of germ 
ceils Tn man as in mo i t other mammals studied, 
permanent sterilization requires amounts of radia- 
tion that are lethal when absorbed by the enlire 
body : lienee sterility is not generally a complica- 
tion of whole-body irradiation. 

Apart from killing the germ cells, mutations may 
hi induced l>v radiation and be passed on via the 
eggs and sperm to successive generations of prog- 
eny. These genetic disturbances are thought to re- 
sult from the minutest amounts of radiation and 
arc therefore considered to be the limiting factor 
in the radiation dose permissible for mankind. They 
are discussed further in this artiele under genetic 
effects of radiation. 

Eye. The part of the eye most easily injured by 
radiation is the lens, opacification of which (cata- 
ract formation) has been observed after only 200 
rad of x-rays. Even smaller doses of neutrons are 
estimated to have caused cataracts; several exam- 
ples of such induction have been noted among neu- 
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tron physicists. The cornea, conjunctiva, and the 
retina withstand much more radiation. The retina, 
however, is highly radiosensitive early in its embry- 
onic development. Through radiochemical reactions 
in the retina, which are harmless, minute amounts 
of ionizing radiation are visible. See Eyl. 

Nervous system. Although only relatively large 
amounts of radiation will kill nerve cells in the 
adult, the developing nervous s\stem is highly ra- 
diosensitive. Even in the adult, transitory functional 
disturbances may be elicited bv relatively low 
doses, and after intensive exposure of the brain 
(1000 10,000 rad, depending on the species), in- 
capacitating neurological effects mav lead to death 
within minutes or hours. See Nervous systkm. 

Bones and teeth. Only a few hundred rad ap- 
plied to bone- and tooth- forming cells in in fancy 
or early childhood cause disturbances of dentition 
and skeletal growth. In contrast, mature bones and 
teeth are relatively radioresistant. Large amounts 
of radiation, however, such as may ac< umulate from 
locally deposited radioisotopes or from the treat- 
ment of cancer, produce demineralization and ne- 
crosis of hone that lead to fractures, loosening of 
the teeth, bone earn er, and other complications. 
See Bonk. 

Vascular system. Transits v dilation of blood 
vessels, causing erythema or reddening of the skin, 
is one of the earliest known reactions to ionizing 
radiation. It occurs after only a few hundred rad 
and ma\ be accompanied by increased permeabil- 
ity of blood capillaries. Large? amounts of radia- 
tion may severely injure or kill cells that line the 
walls of blood and lymph vessels, giving rise to rup- 
ture. occlusion, permanent dilation, oi scarring of 
the affe? ted vessels. Adverse effects of these changes 
on the blood supply may lead to secondary effects, 
such as metabolic disturbances and atrophy, in in- 
vol\ed tissues. .Sec Cardioyasc n ar sysruvi: Lym- 
phatic SYSIHVf. 

Endocrine glands. The glands of internal secre- 
tion have traditionally been regarded as radioresist- 
ant because of their ability to withstand relatively 
large amounts of radiation without developing mor- 
phological lesions. There is growing evidence, how- 

Table 1. Symptoms of acute radiation syndrome* 

Time after exposure Supralcthal dose, 1000 rad 

First week Nausea and vomiting, first 

day 

Second week Continued nausea, vomit- 

ing, diarrhea, fever, in- 
flammation of throat, 
prostration, emac iation, 
leading to death 

Third week 


ever, that rather small doses may elicit changes i n 
endocrine function and may, in some instances, i n . 
duce lasting functional impairment. Apart from ra- 
diation injury itself, the endocrine system’s adap. 
tational response to acute effects of radiation re 
sembles its response to other types of stress. s<> P 
Enoch rine system. 

Urinary system. The kidney and lower urinarv 
tract are relatively radioresistant. Depending 0 n 
the species, however, doses in excess of 500 20(30 
rad may cause gradually progressive scarring 
atrophy of the kidney, which lead to fatal loss () f 
renal function. 

Lungs. Although relatively radioresistant, the 
lungs may be injured by intensive irradiation The* 
resulting injury consists of a chronic, pneumonia 
like disease, with sc arring of lung tissue and blood 
vessels. A complication from locally deposited ra 
dioisotopes is cancer of the lung, which has been 
noted in miners of radioactive ore and in exprri 
mental animals. 

EFFECTS OF WHOLE-BODY IRRADIATION 
Acute radiation syndrome. When the entire hnd\ 

is irradiated, killing of cells in the various radio 
sensitive organs causes a complex series of disturb 
ances, the predominant signs and symptoms of 
which are referable to iniurv of the intestinal 
tract, blood-forming organs, and skin. The in pin 
if severe enough, is fatal within 30 days in mosi 
laboratory’ animals, but in man death mav be de 
layed until the second month after irradiation ha- 
occurred 

Susceptibility to death varies from species to 
species the average median lethal radiation dost 
for mammals being about 500 tad As with iik»M 
other lethal ^gents. radiation in doses below am 
tain minimum threshold causes negligible rnortdl 
itv but in doses above a maximum level is umformh 
lethal (Fig. 2). 

The cause of death varies with the species don 
dose rate, and type of radiation. The piedominant 
cause of death in most mammal- i- injury of blood 
forming tissues, which results in infection. Iiernor 
rhage. and anemia. Lethal injury of the intestine 


IMed inn lethal dose, 100 rad Sublcthal dose 200 i.o* 

Nausea and vomiting, fir si 
day 


(Jencral malaise, loss of ap- 
petite, loss of hair, hemor- 
rhage, pallor, diarrhea, 
fever, inflammation of 
throat, emaciation leading 
to death in 50% of victims 


Loss of appetite, loss of 
hair, inflammation 1)1 
throat, pallor, hemor- 
rhage, diarrhea, re- 
covery begins; no 
deaths in absence of 
complications 


Modified from P. Alexander, Atomic Radiation and Life , Penguin, 1957. 



Table 2. Median lethal dose of x-rays for various species 

of organisms* 


Organism 

Median lethal dose, 
rad 

Viruses 

Tobacco mosaic 

200,000 

Mabhit papilloma 

100,000 

H.icleria 

E coli 

5,000 

H mesenlenrus 

130,000 

Vlgac 

\jesoteninm 

8,500 

Pandonna 

1,000 

protozoa 

Col/nduun 

330,000 

Paramecium 

300,000 

\ ertehrntes 

( ioldtish 

750 

Mouse 

450 

Mabhit 

800 

Mat 

600 

Monkey 

450 

Mini C) 

400 


♦ Modified fmrn K Paterson, in M Paterson (ed ), The 
In fitment of Malignant Disease by Hadnun and V Ha vs, 
| Vr imld. 1918 


iisu,ill\ lecpnring somewhat higher doses than le- 
iluil in fin v o! the marrow, is another mapiv cause 
,,t death. In this case death results from diarrhea, 
dclmhdtion. loss of hodv salts, and massive bacte- 
nal invasion from the lumen of the bowel. With 
ro'ii larger doses of radiation, death may ensue 
r i j i id 1 v fmrn in|iir> ol the brain, as mentioned ear- 
th When the latter mode of death is prevented 
In -hit Ming the brain, other lethal met hamsms ate 
• nuMinlei ed. Hence, it would appear that siiHk lent 
■ n i in v ot anv one of a variety of organs is poten- 
•ullv lethal. 
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Shortening of the life span. Animals surviving 
tiie acute radiation syndrome usually appear out- 
wardly to have recovered and to be normal by the 
second or third month after irradiation. That such 
animals are not fully recovered, however, is indi- 
cated by their subsequent development of a variety 
of delayed radiation injuries and shortening of the 
life span. These effects also occur after sublethal 
irradiation or chronic irradiation at low dose rates. 

The basis for the life-shortening action of radia- 
tion is not vet clear, but the available evidence sug- 
gests that it results from hastening of the onset of 
degenerative and neoplastic changes commonly as- 
sociated with senescence. Although it has been ob- 
served repeatedly in irradiated rodents, there is 
not \et conclusive evidence that life-shortening 
occurs m man. Other late effects, however, have 
been noted in man. for example, the development 
of radiation nephiitis, aplastic anemia, leukemia, 
and other t\pe^ of cancer. 

RADIATION-INDUCED CANCER 

Historical. It is paradoxical that ionizing radia- 
tion. which is a potent weapon in the tieatment of 
camel, should also he capable of causing cancer. 
As such, however, it is but one of many agents, 
including ultraviolet ta\s. viruses, and a variety of 
chemicals, that ate known to have cancer-inducing 
potency. The earliest known example of radiation- 
induced cancer was reported in 1902, less than 10 
years after the discovery ol x-rays. Since then, nu- 
meious instances have been observed in man, and 
the* process has been studied extensi\el\ in experi- 
mental animals. 

Although susceptibility to cancer induction vai- 
ies widely among species and organs, virtually all 



^’9 2. Thirty-day mortality of mice exposed to x-rays, Upton et al., Radiation Research , vol. A, Academic 

fast neutrons, and y-rays. The mice were 9—12 weeks Press, 19 56) 

°kl at the time of whole-body irradiation. ( From A. C. 
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Table 3. Incidence of leukemia in Japanese atomic bomb 
survivors in Hiroshima 

Din Inner 1 Average Survivors 

from mux. dour with ItMikemiiit 

hypocenler, of nidiution, No. of — - 

meters rein* survivors! No 


0-999 

1800 

1,200 

18 

1 500 

1000-1499 

500 

10,500 

39 

0 371 

1500- 1999 

50 

18,700 

9 

0.0 16 

2000 and ovei 


67,700 

12 

0.017 


* Crude approximation of radial ion dose according lo 
method of K B Lewis (1057) These figures, because of 
theii great uncertainty, ran he consideied to provide at 
best only a seinkpianlitulive cm relation between leukemia 
incidence and dose 

+ From National Vcademv of Sciences, Pathologic Effects 
of Atomic Had in t ion, Natl Research Council Publ No 452, 
195ft 

• J From N Wald, Leukemia in Hiroshima cily atomic 
bomb survivors, Science , 127:699-700, 1958. 

tvpes of cancer have been induced experimentally, 
and it is clear that all tv pes of ionizing ladiation 
share cancer-forming potency. The radiation-in- 
duced cancers that have been noted most often in 
man are cancer of the skin, leukemia, cancer of 
hone, and cancer of the lung. 

Cancer of the skin was encountered earlv in this 
century a*' a complication of radiation dermatitis, 
developing on the hands and fingers of many of the 
pioneer radiologists. 'Phis effect lesulted from pio- 
longed manipulation of radiation equipment, the 
hands being exposed to large cumulative doses of 
radiation in the era before the attendant hazards 
were suspected. Mthough this disease claimed the 
lives of more than 100 of the first workers in ra- 
diologv, because of piesent safeguards it is rio 
longer an occupational threat. 

\nother malignant disease encountered with un- 
usual frequency in radiologists is leukemia. This 
disease is also abnormally prevalent in other popu- 
lations exposed to radiation, such as the Japanese 
atomic bomb survivors. 

Hadialion-induced hone cancer was first noted in 
painters of luminous watch dials, who inadvertently 
ingested toxic quantities ot radium-containing paint 
In hahituallv drawing their paint brushes to a 
point between their lips. Deposition of the radium 
in the skeleton, where it delivered relalivelv large 
doses of radiation to small foci of hone. led to the 
development of skeletal cancer. Osseous tumors 
are also abnormally prevalent in those who have 
consumed radium lor medicinal purposes. 

Cancer of the lung in miners employed in the 
pitchblende mines of Saxony, traditionally the pre- 
dominant cause of death among these workers, lias 
been attributed to their prolonged exposure to ra- 
don. which is present in high concentrations in 
the air of such mines (7 X 10 ,J to 7 X 10 v curie 
per liter). It is noteworthy, however, that many 
othei ( omplicaling fac tors present in this popula- 
tion mav have contributed to the effects of radia- 
tion in causing lung cancer. 

Cancer incidence versus radiation dose. Al- 
though radiation increases the incidence of many 


types of cancer, the precise relation between inn. 
dencc and dose is not known for any type of ran . 
cer, especially at low radiation levels. The yield of 
tumors per unit dose cannot, therefore, be accu. 
rately estimated, nor can it be assumed that an\ 
amount of radiation, however small, will increase 
the cancer rate. Neither can it be assumed that d 
threshold does exist below which no cancers are 
induced. Since, however, for most experimental 
induced cuncers the incidence is not linearly p ro 
portional to dose, the evidence suggests that at 
very low dose levels radiation is appreciably 
efTectivr than at high dose levels, if it is effe« rive 
at all. Paradoxically, irradiation actually reduces 
the frequenev of certain tvpes of tumors in e\pe n . 
mental animals. Accordingly, no generalization 
about the relation between cancer incidence and 
radiation dose can he applied to all types of cancer 
Effect of constitutional variables. Suhcepiibiliu 

to cancer induction in experimental animals varies 
widely with constitutional variables, such as genctn 
inheritance, age at irradiation, sex, and hormonal a< 
tivitv. Furthermore, the influence of anv one of ihos r 
variables on susceptibilitv to tumor formation of 
ten differs from the influence of others and tiom 
one tvpe of tumor to another. As vet, little is known 
about the action of these variables on susceptilnliiv 
in experimental animals and almost nothing ahoni 
their action in man. 

Mechanisms of cancer induction. The essential 
change caused bv radiation that leads ultimalcK 
to the development of cancer is unknown, as iv (}„ 
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Fig. 3. Longevity of female mice surviving 30 days after 
exposure to atomic bomb y-rays at 6-12 weeks of age 
(From A. C. Upton, J. Gerontol., 12:307-313, 1957) 
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Fig 4 Leukemia incidence in mice of several inbred 
strums in relation to dose. The data include only those 
leukemias arising in the thymus as lymphosarcomas. 
Ii all instances, the mice were exposed to a single 
dose of whole body radiation early in adult life 

mlMJi ol the ( am c*r change itself. There is grow- 
m,. evidence however that the transformation ol a 
imimal < ell into a earner cell entails a series of 
iltM ilioi’s and is not mere|\ a one step process 
flu- i" Hi^esled h\ the relatnelv long induction 
[o r i< m| intervening between irradiation and t lie un- 
it <>! malignant growth, a period averaging S 20 
'» ir- m man detrending on the tvpe of cancer in- 
duced It is also suggested hv the tendency of nat- 
ifdllv occurring cancer to develop late in lite and 
to Ik come progressive^ more frequent with advanc - 
">)- age 

fhic theoi v of vainer formation ascribes the can 
m change to one or more somatic mutations in the 
*1) which predispose it to unrestrained growth. 

raiding to this view, the cant ei -forming action 
“I K>ni/ing radiation stems from its mutagenic po- 
^ Hi \ Although this hypothesis may apply in in- 
stances in which canter is induced by effects local- 
1/( d to the site of turnot formation such as skin 
M l«»ne. in othei situations radiation appears to 
initiate t lie development of cancer in nonirradiated 
indirect mechanisms; that is, through ex- 
fe^iv^* stimulation of their growth for reparative 
put poses In the latter case, although cant er may 
'°n<ei\dblv arise through somatic mutations, these 
« T < not induc ed hv the mutagenic at lion of radia- 
ti*»n since the cancer-forming cells are not irradi- 
jJM. Instead, the caneer seems to arise through se- 
er,lon of spontaneously oerurring cancer mutants 
H a radiation-induced change favoring the growth 
of mutants. 
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Another theory ascribes the cancer-forming ef- 
fects of radiation to activation of cancer viruses. 
This hypothesis depicts radiation as (1) increas- 
ing susceptibility to cancer viruses by depression 
of immunity. (2) unmasking or activating latent 
cancer viruses through mechanisms yet to be dis- 
< Josed. oi (3) causing formation of new viruses with 
cancer- forming potency through interference with 
nucleoprotein synthesis in the normal cell. As vet. 
viruses have not been definitely implicated in the 
development of anv radiation-induced tumors, but 
there is conclusive evidence that thev give rise to 
many types of cancer in nonirradiated animals of 
diverse spec k*s. 

EFFECTS ON THE EMBRYO AND FETUS 

Although radiation injury of human embryos is 
do< urnenled, most of the knowledge of the effects 
of Tadiation on embryonic and feta! development 
c omes from experiments with laboratory animals. 
These '■Indies have shown that the individual is 
more vulnerable to killing hv radiation early in 
development than at anv other time of liie. The 
most sensitive petiod is that pieeeding implanta- 
tion of the fertilized egg in the uteius. At this 
stage death may he caused by less than one-third 
the dose required to kill the adult animal. Aflei 
implantation and with im teasing maturation, sus- 
ceptibility to killing de< lines, and death tends to 
In postponed until biith or thereafter 

The effr< ts ol radiation depend on the stage of 
development of the embryo at the firm of irradia- 
tion because different parts of the body are formed 
sequentially according to a definite oidei and time 
sc hedule. Malformation ol almost any organ may he 
induced by irradiation at the appropriate moment 
during or preceding its development, ^inc e the ma- 
jor period of organ formation oecuis earlv in em- 
bryonic life (during the fii -t trimester of pregnancy 
in human-*), susceptibility to gros«s malformations 
decreases in the middle* and latter pa rt of gesta- 
tion Even late in gestation, however, irradiation 
may cause abnormalities in the development of 
sh,wlv maiming organs such as the brain, eve. 
ard gonads Subtle degiees of these abnormalities 
may not lie evident at birth. 

How radiation causes malformations i^ not vet 
fully known, although interference w T ith organ de- 
velopment through the killing of embryonal cells 
must play an important role in the process What- 
ever the mechanism of malformation, the sensitive 
period for induction of a given abnormality is fre- 
quently verv short With increasing ladiation dose, 
however, the sensitive period tends to he prolonged 
and the incidence and severity of abnormalities 
increased. Doses as low as 2. r > rad have been 
shewn experimentally to cause developmental dis- 
turbances if applied at the critical lime. For this 
reason, care should he taken to avoid exposing the 
abdomen to radiation during early pregnancy. 

In addition to malformations, other delayed in- 
juries of the type induced hv irradiation in adult 
life may he produced by exposure in utero. These, 
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however, lend to manifest themselves long after 
birth. 

GENETIC EFFECTS OF RADIATION 

Since radiation-induced mutations may alter 
characteristics inherited through eggs or sperm and 
rnav he passed on through successive generations, 
such effects are of greater potential significance 
than those affecting only the exposed individual. 
As vet, although theie is virtually no information 
about the genetic effects of radiation in human be- 
ings, certain facts established by investigations 
with other organisms appear applicable to all spe- 
cies. including man. 

The natural mutation rate. Thiough mechanisms 
vet to he discovered, genes are altered at random 
during the course ol time. These alterations vary 
from gross chromosomal changes, affecting many 
genes, to changes affecting only one gene at a time 
(point mutations). The former are. in general, 
more deleterious in their effects than the latter, 
but even the latter are preponderantly detrimental 
and. in certain instances, lethal. Since genes are 
present in homologous pairs and one gene of each 
pair is inherited from each parent, the effects of a 
mutation depend on whether the mutant gene be- 
haves as dominant or recessive or interacts with 
other genes, fn man, certain dominant mutations 
are estimated to appear naturally in T 40 ol every 
million eggs or sperm. 

Radiation-induced mutations. As previously 
noted, certain point mutations seem to result from 
only one ionization of the gene. For a given dose 
of radiation, however, the yield of delectable imita- 
tions in germ cells varies from gene to gene, and 
the relative frequencies ol the various mutants dil 
fer from those obtained with mutagenic chemicals, 
suggesting that genes differ in their susceptibility 
to mutation, depending on the nature of the muta- 
genic agent to which they are exposed. Because of 
this variation and because mutations have been ob- 
served thus far in very few of the thousands of 
genes present in any cell, only crude estimates can 
hr* made of the radiation effec ts on the ovei-all mu- 
tation rate. 

In general, the frequency of point mutations in 
most types of irradiated cells varies in direct pro- 
portion to the dose, regardless of the dose rate. 
Henc e it has been thought that anv amount of ra- 
diation is mutagenic and that the effects of succes- 
sive exposures are entirely cumulative. Experi- 
ments with mice, however, suggest that the latter 
mav not he true of the complex populations of 
germ cells in mammals. These experiments disclose 
that fractionated or chronic irradiation causes 
fewer detectable mutations in germ cells than brief 
single exposures and that the yield of imitations 
diminishes at very high dose levels of 1000 roent- 
gens (r). Because of these discrepancies between 
mice and lower forms, any estimates of the muta- 
tion-inducing effectiveness of radiation in man are 
of necessity highly speculative. Such estimates 
have, nonetheless, been made in an effort to assess 


the genetic hazards of fallout radiation, the muta- 
tion rate-doubling dose for man being considered 
to he between 10 and 100 rad. 

Practical significance of genetic effects. l )nll ] 

more is known about the extent to which the mind 
and body are normally handicapped by unfavorable 
genes, the effects of added deleterious mutants may 
he only guessed at. Consequently, even if the rnu 
tagenir effectiveness of radiation were known a< 
curatelv. the diverse biological and social cunse 
qnences of a given radiation-induced increase m 
the mutation rate could not he estimated at present 
It is generally accepted, however, that the genetn 
burden is regulated In the rates at which mutant 
genes are prod ru ed and subsequently eliminated 
from the population through natural selection 
Hence it is thought that any increase in the muta- 
tion rate above natural levels augments the genetn 
burden. 

In the absence of more adequate knowledge <»t 
human genetics, attempts have been made to asses- 
the genetic burden in teinis of the morbidity from 
specific genetic traits, such as albinism, achnndro 
plasia. and aniridia. Of such trails, which are de 
tellable in about \ ( \ of all live births, only about 
one-fourth appear to he att i ibulnble to simple gt 
netic mechanisms such as a single mutant gene \ { 
cordinglv. if the mutation rate wore doubled b\ 
radiation, although the latter group would pie^iTm 
ahlv he doubled, the frequency of the other groups 
would not he increased so greatly. The total inn 
deuce then, of /ill such trails, although elevahd 
Ironi approximately V ' f to a level above 5 r < , would 
probably still remain below 8'; , or a value twice 
normal. 

In addition to the aforementioned trails, however 
the occurrence of which is deter mined b\ all «»i 
none mechanisms, there are characteristics that 
appear to he quantitaliv elv influenced bv heredity 
such as genera] vigor, length of lib*, fertility, and 
perhaps, intelligence. Animal experimentation ha** 
provided evidenc e that vigor, length of life*, and let 
lilitv arc* reduced in the offspring of irradiated par 
ents, hut the data are still fragmentary. Because ol 
the importance of these characteristics, similar ra 
diation effects in man would he of the utmost grav 
ity. 

EFFECTS OF RADIATION ON PLANTS 

Plant cells have been used extensively for studv 
ing the genetic effects of radiation and for investi- 
gating the effects of radiation on chromosomes and 
on cell division. Relatively little work has been 
done in plants, however, on radiation injury at the 
tissue or organ level. From available evidence, 
it appears that radiation effects on plant and ani- 
mal tissues are not qualitatively different if allow- 
ances are made for physiological discrepancies be- 
tween the two types of organisms. 

Irradiation has produced a wide variety of dis- 
turbances in plants. These vary from subtle change" 
resulting from mutations in seeds to marked in- 
hibition of growth and to killing. The cause of 



dtdtli is not known, hut it is noteworthy that the 
j,ro<tss of photosynthesis seems relatively insensi 
j|U to radiation Many of the effects of radiation 
m ilir* growth of higher plants c an he attnhuted to 
detraction of growth hormone or depression of its 

^williesi^ 

Induction of mutations by irradiation of seed has 
l , ( , n used to good advantage in breeding new va 
riches of plants, however, it must he remembered 
lint llu mutations so induct'd occur more or less 
,! landorn But since the great majority of muta 
non- ire deleterious one improved plant is gained 
>nl\ it the cost of thousands of others The value 
of the pine ess lies in the ultimate derivation of a 
inon desirable strain or specie's from one superior 
pt ml 

FACTORS AFFECTING THE RADIATION RESPONSE 

Radiosensitivity. The great variation among cells 
in -use c ptihilitv to ladiation injury is largely un 
\[»l mud although a number of factors aie known 
i i inline nee udiosensitiv if \ Of these perhaps the 
m >st important is position on tlu phylogenetic 
tit lot c x iirqilc moie tli in I 000 000 rad are re 
j in * <1 to kill cc it iin bacteria wheieas less than 
1000 i id kill most m imm ils md less than 100 rad 
m l< tli tl for rnin\ ivpes of mammali in cells (1 i 
II 2 ) 

\inlhcr dcteiminint of raHiospnsitiv it\ is the 
niiiii I ) i of ets of c liiomosome s prt sent in the cell 
I In is logo j| sim e e ic h se t of c hi omosonies t on 
mi- r i iit^ duplicating those of another Hence m 
m r n'n f limlv of cells those with multiple sets 
i liiomosome s m more resistant thin those with 
ih i smglc set T lie r adiose nsitiv ltv ol the cell 
I » \uics with the stage m the division cycle* it 
Inch it is i r r id i jte cl as well as with its rate of 
Jim nui is mentioned earlier Sinularlv the radio 
imIimIn of the organism varies at different stages 
in its d< \ t loprutnt 

In addition to the afoie mention* d intiinsie fae 

I 1 affciting ladiosensitmtv extrinsic variables 
ii< h is ft mpei iture moisture light \nd oxvgen 

u » s am influence sus< e ptihilitv (ells irradiated in 
llu ho/in state are in geneial relatively radio 
u ‘tint pre sumahlv bee ause of the le due ed forma 

II m ind diffusion of radieals at low temperature 

influence of tempeiature is complex however 
11 ' ints with the tinm the tempeiature is altered in 
lit ion to irradiation and with the t\pe of cells 
tidied Tn most cells vulnerability to radiation var 
les with oxvgen tension, presumably because oxi 
f h/mg radicals such as hydrogen peroxide are lm- 
iMirrant in the production of radiation injury 
Bxvgen also exerts other effects, however since in 
s ° me tv pes of cells the healing of broken chromn 
‘mtnes requires energy obtained through oxidative 
Pathways 

Physical factors of radiation. The biological ef 
e{ of radiation depend not merely on the amount 
? rd( J ,d nt energy absorbed but also on the distri- 
j Ull0n of the radiation in time (dose rate, or ra- 
ution intensity) and space (linear ion density, or 
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linear energy transfer) Ceitain effects, such as 
< hromosomal rearrangements, require more than 
one ionizing particle or ladieal to act simultane 
ouslv within a small volume of the cell Foi “multi- 
hit” effects of this type, densely ionizing ladiations 
such as protons have a high ielative biological ef- 
fectiveness in comparison with sparselv ionizing ra 
chat ions muh as gamma ia\s 

The dose rate may influence the effects of ra- 
diation in other ways too since some types of in 
jury undergo repair with the passage of time For 
sue h in | unes a given total dose is less effective if 
fractionated into successive widely separated mere 
merits than if administered m a single brief expo 
Mile Paiadoxjc ally however fractionation m some 
instances increases the effectiveness of radiation if 
ihe successive doses aie of appropriate size and pe 
tiodicitv fhe influence of fractionation depends 
therefoie on manv variables me hiding the total 
dose total duration of iriadiation number of expo 
sures dose per expnsuic dose rate per exposuic 
interval between exposures and recovery capacity 
of the' s\ sje m irraeiiated 

Indirect biological effects of radiation. In addi 
tion to affecting the cells madiated radiation in 
chrcitlv alters neighboring or distant < ells r I hese 
lnchre'ct e fleets may conceivably result from toxic 
substances hheiated hv ihe dying cells or from re 
utive changes oceumng as part of the body’s 
id ipt it ion to injur \ 

Thus f ir attempts t< d< monstiate the liberation 
of toxic mateiials from lnadiated re IN have yielded 
inconsistent results Hene e it is not established 
whether such materials are produced m ignific ant 
quantities It would appear however th it they are 
raiely if ewer of major importance in the reac- 
tion to loru/mg radiation 

On the other hand indire e t effc c ts resulting fiom 
adaptive or leparative pioc esses are well docu 
menied although then ielative impottance is not 
always known I hese include alterations caused bv 
loc il inflammation starring and oc c lusion of blood 
vessels m addition to constitutional changes such 
as immunol >gu al depiessum hormonal disturb 
mrts and debilitation 

Modification of radiation injury. It has long been 

the goal of radiohiologists and radiotherapists to he 
able to increase or decrease radiosepsitivitv at will 
Radiotherapists have sought wavs of increasing de- 
struclmn of camel cells without damaging normal 
tissues Although their objective is vet to be at- 
tained, methods for modifying radiosensitivity are 
now known and are being tested at the experimen- 
tal and c lime al levels 

One of these methods consists m administering 
drugs that reduce the effectiveness of radiation, 
principally by blocking or inactivating rudiation- 
mdured radicals The most potent of such drugs yet 
discovered aie cysteine and its derivatives, some of 
which lower the effectiveness of x-radiation in mi- 
croorganisms and laboratory animals by a factor 
of two or more Although most of the chemicals of 
this type thus far tested have proved too toxic for 
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human use, a few of the newer agents appear 
promising. 

The opposite approach, enhancement of the ef- 
fectiveness of radiation, is likewise still in the ex- 
perimental stage. Perhaps the most notable of the 
radiosensitizing agents studied is oxygen. Irradia- 
tion of cancer under increased oxygen tension has 
been prompted bv the fact that manv tumors are 
relatively poorly oxygenated in contrast to normal 
tissues and to that extent relatively radioresistant. 

Among other modifying agents under investiga- 
tion are chemicals such as nitrogen mustard and 
urethane which possess radiomimetic. 01 radiation- 
like. activity. These compounds, whic h aie rffec live 
by themselves in curbing the growth of cancer cells, 
exert additive or synergistic effects when adminis- 
tered concomitantly with radiation. 

In addition to attempts at preventing or modify- 
ing radiation iniurv b\ certain piocesses applied 
before or during exposure, trial treatments after 
irradiation are being carried out. Some cellular ef- 
fects hitherto considered irreversible may be inhib- 
ited if appropriate measures are taken promptly 
enough alter irradiation A particularly notable ad- 
vance is the discovery that otherwise lethal injutv 
of the bone marrow inav be repaited bv transplan- 
tation of nonir radiated blood-forming cells Unfot 
tunatelv, however, since immunologic al reactions 
usually occur when the donor of the marrow is ge 
netieallv different from the rec ipient. use of this 
method in man will be greatly restricted until this 
( om plication c an be overcome. 

EFFECTS OF INTERNALLY DEPOSITED RADIOELEMENTS 

The radiation injuries caused bv radioisotopes 
within the hod\ arc basically no different from 
those caused bv radiation penetrating from without 
Owing to inhomogeneities of distribution, however, 
and other variables peculiar to internally deposited 
emit lets, the effects of radioisotopes deserve to be 
considered separately. 

Anatomic distribution of isotope. In distribution 
of injury, the area damaged depends on the locali- 
zation of the radioelement in the organism and on 
the energy of the emitted radiation. 

The localization of the isotope is determined by 
its chemical nature, physical properties, and route 
of entrv into the body. Radioactive iodine-131, for 
example, behaves chemically like stable iodine, be- 
ing concentrated from the blood stream in the thy- 
roid gland. Strontium-90, on the cither hand, behaves 
chemicallv like calcium, being deposited primarily 
in the mineral salts of bone. In contrast to these 
two elements, which become localized in specific 
organs if dissolved in the blood stream, tritium, like 
hydrogen, permeates the entire body. If. conversely, 
these same elements aie incorporated into the body 
as insoluble particulates, their distribution is al- 
tered in that they aie then concentrated in phago- 
cytic cells, the location of which depends on the 
portal of entry of the particulates. 

The microscopic distribution of a radioelement 
— whatever its organ distribution —is usually irreg- 


Table 4. Distribution and excretion of some radioactive 
fission products and other radioelements 41 


Kadioelement 

Principal organ 
of deposition 

Hulf-life, days 

Ptiysicul Biological 

Barium 140 

Bone 

12 8 

200 

Gulciuni-45 

Bone 

132 

18,001) 

Garbon-1 4 

Bone* 

2 09 X 10" 

180 

Cesium- 137 

Muscb* 

12,000 

17 

Cohall-60 

Spleen 

1,900 

9 

lodine-131 

Thyroid 

8 

180 

PIuloniuin-239 

Bone 

8 8 X 10° 

43 000 

Polonium-210 

Spleen 

183 3 

>7 

Badiuni-226 

Bone 

5 9X1 0" 

16.000 

St rou li um -90 

Bone 

9,100 

3,90(1 

Uranium-233 

Bone 

5 9 X I0 7 

300 

Xenon-133 

Body 

5 :i 

0 I 


* Modi tied fioui Subcommittee on Permissible* Inlnnal 
Dost*, Maximum /Permissible \ mounts of Hadioisotuftes a, 
the Human tiodv and Maximum Permissible Concentrations 
in Air and Water , Handbook l\o r >2, I S National Hu 
reau ol Standaids. 1933, and ,1 (* Hamilton. The* mcdalm 
lisni of the* fission products and tin* heaviest elements, 
Hadwloqv , 49 328-343, 1947 

ular, with the icsult that its radioactivity tends to 
be conccntiated in foci For this Mason and «.inu 
the intensity of emitted radiation diminishes with 
the square of the distance from the radioactm 
atom, the distribution of ladiation damage tench 
to lie patchy, cspecialb when the emission consist^ 
of a-particles or low-energy [3 partic les Oi* the 
other hand, if the emission consists of penetrating 
y-rays, distant oigans that contain no radioisotope 
may be injuinpl- 

Elimination of isotope from the body. The 

gree ol injury caused bv a given radioelcment d<* 
pends on the amount of radiation it deliveis to snr 
rounding tissue. This, in turn, depends cm the di^ 
integration rate ol the* isotope ( physic a I dec av ) find 
on its late of elimination fiorn the tissue bv metal* 
olism or excretion. Since the physical decay of an 
isotope occurs at an exponential iate and since lot 
practical purposes its elimination horn the body 
also oec urs at a more or less exponential rate altei 
its initial distribution, the amount remaining in 
the body at anv given time (the “effective" comen 
tration) will vary as the resultant of the physical 
and biological half-lives. There is, of course, no 
consistent correlation between the two half-lives, 
both types of values vaiv enormously from oiu 
isotope to another. In general, however, elements 
that are concentrated in bone tend to be eliini 
nated very slowly and are therefore particularly 
hazardous. Included in this group are many heaw 
elements and fission products. 

PRACTICAL HAZARDS OF IONIZING RADIATION 

ft is evident from the foregoing comments that, 
barring occasional massive exposures from nuclear 
accidents or atomic warfare, the hazards of radia- 
tion result from small doses accumulated ovei a 
long period of time. The effects of such doses fall 
into two categories, genetic effects and delayed so- 
matic effects. To evaluate these hazards in proper 
perspective, note must he taken of the level of 
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tluiion ordinarily existing in the environment, since 
anV additional exposure will presumably be added 
in that already present. 

Owing to concern about the potential danger of 
fallout from wea P on tests, systematic studies have 
been made to ascertain the amount of radiation to 
wlu<h mankind is now exposed. This radiation 
(0inrs from several sources: (1) naturally occur- 
rin g radioelements present in the earth, atmos- 
pheie. and human bodies, (2) cosmic rays, (3) man- 
made devices, such as x-ray machines, watch dials, 
nm iear weapons, television apparatus. It is now ap- 
panmt that the natural background level has been 
materially increased by man-made radiation, paitic- 
,ilail\ medical exposure; however, the contribution 
f M ,m weapon fallout is almost negligible to date, 
despite its notoriety. It is also evident from these 
data that the average cumulative dose received by 
t } 1( - trmn cells during the first 30 years of life is in 
tlx neighborhood of 3 8 rad. 

\ llhmigh, as mentioned earlier, the biological ei- 
| n js nl small doses of radiation cannot vet be esti- 
mated accurately, certain recommendations have 
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time after uptake of isotope, days 


5 Rate of loss of radioactive iodine-131 after 
Maximal uptake in the thyroid gland. The rate of bio- 
logical loss is plotted as exponential, although it is 
actually somewhat more rapid initially than at later 
times after uptake. ( From G. A. Andrews, Ann. Internal 
Me d., 47:931, 1957 ) 
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Table 5. Average dose of radiation to soft tissues 
and gonads from environmental sources* 


Radiation source 

Dose to gonads 
per year,t rad 

Natural background 

Kxternal radiation 

Cosmic rays 

0.028 

Local 7 -rays 

0.047 

Radon in air 

0 001 

Internal radiation 

Potassium- 10 

0 019 

Carbon-14 

0 001 

Radon and disintegration products 

0 002 

Man-made contributions 

Medical radiology 

0 100 

Shoe-titling fluoroscopic machines 

0 001 

Luminous watch and clock dials 

0 001 

Occupational exposure 

0.002 

Television sets 

0 001 

Fallout from weapon tests 

0 001 

Total 

0 20 1 


* From l niled Nations Scientilii Committee on Iht* Kf- 
fcc Is of \(orni( Radiation, fteftor t to the (ieneral 1 sspmhlv, 
Oflicial Records, Thirteenth Session, Suppl ITCA/.'tfilttt), 
1938, and Medical Research (\>unril (Rrit ), The Hazards 
io Man of \urlear and Mhed liudiahons, 1936 

t (Hindi uppinxiiiiulioti to aveiuge estimate of dose at 
mm level in I inti'd Stall's ami Fuiope, inrludrs allowance 
ior relative biological effectiveness of heavy particles 

been made in an effort to safeguard man against 
exposure to le\els of ladiation likelv to cause de- 
tectable iri|iirv. Of the various possible types of 
in ) u i v , genetic effects have been considered more 
impoitanl than somatic effects since they are essen- 
tially irreveisible and till eaten future generations, 
whereas somatic effects occur only in exposed sub- 
jects. The Committee on Genetics of the National 
Academy oi Sciences (1956) has therefore recom- 
mended that the maximum permissible gonadal ra- 
diation dose foi the* general population not exceed 
10 rad during the first 30 vears of life, this dose be- 
ing below that estimated to double the natural mu- 
tation rate (10 100 rad). Since persons occupation- 
ally exposed to radiation (radiologists and atomic 
energy workers, for example) constitute but a neg- 
ligible percentage of the total population, it has 
been recommended that the dose to their gonads 
ma' be somewhat higher but that it still not ex- 
ceed 30 rad before age 30. 

Concerning the hazard of delayed somatic radia- 
tion injuries such as life-shortening and cancer, 
there is no conclusive evidence as vet that doses 
only slightly above the natural background are dam- 
aging. Hence, until more is known about the quan- 
titative relation between these effects and dose, the 
risks of low-level exposure cannot be estimated. It 
is noteworthy, however, that, on the basis of ex- 
trapolation from the experimental and clinical data 
now available, natural background radiation can- 
not conceivably account for more than a small frac- 
tion of the spontaneous incidence of cancer and 
degenerative changes associated with senescence. 
Sec Radioactive, fallout. [a.c.u.] 

Bibliography : G. A. Andrews. A few notions in- 
volved in the clinical use of radioisotopes, Ann . In - 
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Atomic Medicine , 2d ed., 1953; A. E. Hollaender 
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125:965 972, 1957; National Academy of Sciences. 
The Biological Effects of Atomic Radiation , Natl. 
Research Council Publ., 1956; A. H. Sparrow, 
S. A. Cordon, K. Sax. C. F. Konzak, and J. E. Cun- 
kel. Symposium on the effects of ionizing radiation 
on plants. Quart . Rev. Biol.. 32(11:1-56. 1957; 
A. C. Upton, Ionizing radiation and the aging proc- 
ess, J. Gerontol 12:306 313, 1957; A. C. Upton. 
Studies on the mechanism of leukemogenesis by 
ionizing radiation, in Carcinogenesis: Mechanisms 
of Action , Ciba Foundation Symposium, in press; 
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neutrons. X-rays, and n-ravs for acute lethality in 
mice. Radiation Research , 4:117 131, 1956. 

Radiation microbiology 

A field of basic and applied radiobiology concerned 
chiefly with the damaging effects of radiations on 
microorganisms. The basic studies are usually de- 
signed to elucidate the mechanism by which radia- 
tions produce their biological damage. The applied 
field, radiation food sterilization, has as its ultimate 
goal the “cold" sterilization of food and food prod- 
ucts by subjecting them to large doses of ionizing 
radiation. This article will deal with effects of 
ionizing radiation. See [ li/i hamoi.kt kadi axiom, 

RlOl.OGY. 

Basic radiation microbiology. Viruses, algae, 
bacteria, veast, and other fungi, as well as protozoa, 
have been used as test objects for radiation studies. 



This group represents a broad range of size and 
biological complexity. The size and homogeneity 
of the populations available, and the simplicity 0 f 
technique in growing, harvesting, and quantitative 
measurement of radiation damage in some of these 
organisms, especially free-living cells, have been 
deciding factors in the choice of test object. \ 
number of radiation effects have been studied on 
these cells, including lethal effects, mutation, and 
alterations in the biochemical and physiologist 
activity. See Alcaf ; Bacteria; Fungi; Viriv 
Yeast. 

Lethal effects. These are often measured by tin 
loss of reproductive capacity of the irradiated 
cells. This effect is quantitated in most experiments 
by determining the reduction in number of irradi- 
ated cells capable of lorming macrosropicallv visi- 
ble* colonies on sterile nutrient solid medium. 
Formation of such colonies results from a lar.^ 
number ol cell divisions arid does not indicate when 
the cells die. Killing bv ionizing and ultraviolet 
radiations is a simple function ni dose for a number 
of microorganisms. 

Mutagenic effects. Radiation-induced mutation^ 
are often measured in microorganisms |>\ deter- 
mining the absolute nuinhei ol cells in an irradiated 
population that have lost the ability to perlnrm a 
specific step in a biochemical synthetic palhwav 
or have lost or gained lesistance to an antibioiii 
substance or a vims. These alterations to he < las-i 
fied as changes in the hereditary material should 
he maintained in subsequent generations of tin- 
living cell in question. A difficult v in determining 
ihe frequency of such events in microorganisms is 
that in an irradiated population of cells sui h 
changes are accompanied bv lethality. 

Physiological and biochemical changes. A num- 
ber of radiation-induced changes occur in micro 
organisms, for example, alterations in the permea- 
bility of the cell membranes, loss of synthetic 
capacity, delay in cell division, and induced hyper- 
sensitivity to other physical and chemical agents 
Some of these effects are now known to he reveoi- 
ble. 

Target theory considerations. The similarity be- 
tween the randomness of the physical events known 
to occur along the track of an ionizing particle and 
the randomness of occurrence of effects in a micro- 
bial population was recognized by early radio- 
biologists. The hit theory for production of biologi- 
cal damage resulted from the recognition of this* 
interrelation. Consideration of the nature of the 
physical events, that is, an ionization occurring m 
or passage of an ionizing particle through a vital 
structure resulted in the effect under investigation, 
led to the formulation of the target hypothesis. The 
hypothesis led to the conclusion that the dimension* 
and structure of ihe target could he deduced from 
proper radiation studies. 

Nature of the target . The assumption inherent 
in the target hypothesis is that the occurrence of 
the physical event within a subcellular structure 
leads to the effect. In other words, a structure i? 



l0n mdt* r ed to be the target. Analysis of survival 
( ( ,r\ps for some microorganisms indicates that the 
sen mM\ e volume is less than 0.001 of the cell vol- 
1|[|ie If a spherical shape is assumed, the target 
, in he deduced to have a diameter of approxi* 
’ji tiiel n 200 angstroms. There are many structures of 
,1 lt M- dimensions within the cell. Most of the 
lN( ,iKil)le data, however, suggest that a minute frac- 
lH ,n of the i ellular material will he destroyed or 
altered In ihe small amounts of energy required to 
|,io(lij( c the effects. It seems reasonable therefore 
lo a^mnr that the sensitive material must he pres- 
, n t within the cell in limiting amounts, and that 
r|„ material must he crucial to the continuity of 
the (HIV life processes. Of the materials known to 
.mipn^e the living cell, the genetic or heieditarv 
jn.itrt i,i I prohahlv best fulfills these requirements 
}JovM\er, the same argument can he made for anv 
\ mil en/vmc or en/vme system piescnt within the 
nil in limiting concentration. Several lines of 
t\id(Mi<< seem to implicate the genetic material in 
llu hlhal effect. In microorganisms that have a 
w el I rlefmed nucleus, as well as in cells of highei 
lot m*. nt life, iwadiatinn of the nucleus is more 
.Hidiw in killing than irradiation of the i vto- 
plism or nonnuclear portion. There are stuins nl 
whl available h>? investigation that have discrete 
multiple'- of chiomosomal sets, and therefoic rnul 
1 1 l>h st*p of identic al genes ( sc’e Pot ypi oldy I 
Ujploid tells, which have one set. diploid cells, 
who li have 4 two sets, and higher ploidv series of 
< II s have been studied to determine the iclative 
i idiosensitivitv as a function of the rn u It i pi i< it y 
"I genetic material. The results of such studies 
"how that diploid cells ate more resistant than 
h i ph >id tells, which suggests that radioresistan e 
* n i lum lion of the degree* of ploidv. Unfortunately, 
die higher phudv series do not show a simple rela- 
tion between radioresistance and ploidv. In some 
( «ll v nt higher forms of life, the si/e of the rell 
tdMllels the degree of ploidv. On this basis, it 
i r, ighl he assumed that the enzyme content in- 
• redoes with increasing ploidv These results are 
"’igftestive, as far as mec hanism is concerned, but 
do not prove that killing is < aused hv lethal muta- 
,lur ^ fn ha' teria, evidence for genetic killing is 
fn less convincing than in the microorganisms al- 
icach mentioned. .See Mutation; Raima i ion in- 
jir y (iiiology). 

f ecn/i lending to biological effert. Much interest 
^ ^ ,epn aroused by the large number of studies on 
modification of the effects of ionizing radiation by 
< nvircjnmental factors. Results of these studies 
mdu ^ the possibility of elucidating the nature of 
r h»‘mic*al events occurring between the initial or 
pninai) physical processes, and biological effect. 

finding that several relatively simple environ- 
mental factors can profoundly change the efficiency 
0 ^ radiation in producing its effect suggest that 
10 n i zing radiation may act by production of toxic, 
^ X1 <lizing free radicals or molecules in cells in a 
^ >r mal physiological environment, or by activation 
0 target molecule, which is then inactivated 
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x-ray dose (kilo-roentgen) 


Survival of haploid and diploid yeast cells. (R. Latar- 
jet and B. Ephrussi in Compt. rend., 229:306 , 1949) 

by further reaction with oxvgen or another acti- 
vated molecule or hv a normal molecule in the 
vicinitv of the tat get. The table shows some of the 
factors that can alter the efficiency of x- or y-ravs 

in inactivation of a bacterium. 

Some of these conditions, such as oxygen removal 
and freezing, are known to alter the yield of oxi- 
dizing radiodec omposition products in irradiated 
water. Although the effects in the biological system 
and in pure water are similar, the results do not 
necessarily prove that free radicals and hvdrogen 
peroxide are the toxic* agents responsible for cell 
inactivation. 

Postirradiation conditions can also modify the 
effect produced per unit dose. The temperature at 
which irradiated hacteiia are incubated and the 
presence or absent e of certain nutritional factors 
in the medium in which the cells are inc ubated 
influence the* effectiveness of the radiation. The 
response of irradiated cells to these postirradiation 
treatments has been demonstrated both for ionizing 
radiations and for ultraviolet radiation. Results of 
experiments that involve modifying treatments do 


Modification of the bactericidal effect of x-rays 
on Escherichia coii B r by environmental factors 


Treatment before and 
during irradiation 

Protective 

factor* 

* Oxygen removal 

Chemical treatment 

3 

Cysteine 

2 5 

2,3-Dimercaptopropanol (0 02 M) 

4 

Sodium hydrosulfite (0 02 M) 

4 

/3-Mercaptoelhylainine (0 04 M ) 

8 12 

Freezing (oxygen present) 

5-6 

Freezing (oxygen absent' 

10-12 


• The ratio of dose required to produce the same per- 
centage killing with the procedure used as compared to a 
standard suspension irradiated in the presence of air 
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not pinpoint the nature of the reactions but they 
do indicate that there are a number of reaction 
steps between the physical event and the irreversi- 
ble fixing of the biologit al damage. The success of 
postirradiation treatments in reducing the meas- 
urable damage also indicates that reasonably long 
times are required for establishment of the damage. 

Applied radiation microbiology. Food technolo- 
gists now take advantage of high-intensit v radia- 
tion sources to remove mi* robiologieal contamina- 
tion of foodstuffs. IJeat-labile drugs are routinely 
sterilized by high-energy electrons. A variety of 
foods and food products can he essentially freed 
of bacteria by bombardment with large doses of 
y-rays in the absence of heat (cold sterilization). 
One of the disadvantages of this process is the 
production of off flavors in food products that c on- 
tain a high concentration of fatty acids. Some of 
the conditions that will prevent the 4 off flavors also 
reduce the lethal effectiveness of the radiation 
Spores of some bacteria arc* relahvelv resistant to 
ionizing radiation, and their elrmination from the 
food determines the length of exposure reejuired 
Progress in this held is dependent to a great extent 
on information from basic studies in radiation mi- 
crobiology. .See Food pri sun a new ; Radiation 

BIOC HLMISTRY ; RADIATION IIIOI OGY. | G I S. | 
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damentals of Radtobjology , 1955; R. S. Hannon, 
Re scurf h on Sueur e and Ter hnology of hood 
Preservation by Ionizing Radiations , 1956; A Hol- 
laender (ed.). Radiation Biology , vol. 2. 1955; 
I). E. Lea. dr lions of Radiations on Liung ( rlls, 
2d ed., 1955. 

Radiation pressure 

Electromagnetic radiation transmits energy, pos- 
sesses momentum, and exerts a pressure on objects 
on which it impinges. In the rase of a plane electro- 
magnetic- wave incident normallv on a plane ab- 
sorbing sheet, the* mean pressure is 

P = K’cAV 

where ho is the amplitude of the electric field, and 
e is the dielectric constant of the medium. If the 
wave impinges normallv on a perfectly reflecting, 
plane conducting sheet, then standing waves are 
formed, and the average pressure is twic e that on 
the absorbing sheet. These pressures are very small 
(about 10 f> newton/m if E is a few volts per 
meter), but were measured successfully bv E. F. 
Nichols and (r. F. Hull in 1905. The effect is con- 
spicuous in the* case of a comet near the sun, 
where the radiation pressure from the sun forces 
the lighter eometarv constituents away from the 
sun. .See Elm irom \GNEru kadi m ion: Maxwcil’s 
equations ; Wave i-quation. (w.r.sm.] 

Radiation shielding 

Material interposed between a source of radiation 
and a radiation-sensitive body to protect the lat- 
ter; also, the process of effecting such shielding. 
Sources of radiation include radioactive isotopes, 


x-rav machines, nuclear reactors, and cosmic rays 
Radiation-sensitive bodies to he shielded are u Su . 
allv people, but may include radiation-deteai on 
instruments, photographic film, or materials who** 
physical properties are changed by radiation, s U( h 
as rubber, cloth, certain chemicals, or electronic 

components. 

For the effects of radiation on living organism*. 
see Radiaiion biology; Radiation injury (hi 
ology). For the effects on inanimate materials 
see Radiaiion damage (inanimaie materiaisi 
See also Niki i ar explosion. 

Damaging radiaiion includes charged parties 
(or- and fi- rays), uncharged particles (neutrons) 
and electromagnetic radiation (y-rays. x-rays). Ho 
cause of their electric charge, or- and /Tiavs aif 
easily stopped. Neutrons, y-rays, and x-rav s. lmw 
over, are more penetrating and present a serums 
shielding problem. 

Radiation sources. The most common stion h 
source of neutrons is the nuclear reactor, in wind, 
neutrons are produced in the fission process. 'I hi \ 
are distributed in eneigv approximately as shown 
in Fig. 1. whi< h shows the distribution foi in arnuir 
255 fission. That for other fissionable isotopes \< 
similar. While the most probable energy is ahum 
n,/ \ \Tev. and th<- mean energy about 2 Mov. tin- most 
important neutrons Irom realtor shielding lonsul 
orations are those produced at considerably highti 
eneigv. usually about H Mev. because of then 
greater penetrating ability. Additional neutrons an 
produced by fission-prodmt deiay and ciiaijinl 
particle reactions See Fission, nwiiar; Rm 
TOR, \Uf I EAR : RLA< TOR PHYSIC s. 
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photons fission Wev 



Fiq 2 Energy spectrum of gamma rays observed 
within 10 sec after fission 


I Ik ■) r iys pioduecd in a reactor come from sev 
til s<unts y lays emanating immediate lv from 
tin tissionm^ nut It 1 m distributed in triers as 
h wn iri I i^ 2 

( tmin i ri\s ait also pioduccd in iidiontiw 
1 i\ ol fission piodmts ind of mutton ictivated 
mitdiiK I he sc drier mint shit ldmg it quin merits 
I t i it it tor iflt r shutdown 

Neutron < rpture constitutes tin single most mi 
it ml sourt e of / r i\s m reactors Hit tot ll <n 
t^\ i I t \f)tur< y r i\s from r smglt neutron tap 
t t t\tnl is ttpnl to tht binding energy t»f tin 
filmn m tht nu< It us which is about 7 Mt\ for 
n ist elements Not ible ext t ptions int bide hvdro 
n (2 24- Mev) ind nitrogen (10 b Mev ) See 

* \M\1\ KMS Nn IKON Nn ItlON (Ross SIHTON 
Vulrons tan also < ausc y ra\ production bv in 
li tie s< Ultimo The neutrons must have sufftt rent 
knit In energy to triable cxcitition to at le 1 st the 
1 vv * st t m rgv level abtm the ground st ite t>f the 
Out k nut lens This process whrle disad\ antageous 
I uise of tht production of secondary /rays is 
ftni desired because in the process the neutron is 
"lowed down and deflected rendering it less likclv 
f ‘ |n m Irate the shield 

Attenuation processes. Gamma ravs arc atten 
nited primarily bv three processes the photoelec 
bn etfpt t the pair production process and Comp 
1 )n interactions The last is a scattering process 
tin fust two are tantamount to absorption For 
dctuled information of these processes see Comp 
l0N tMrcr Pair production (limtronposi 
TRon ) Ph()TOFMISSION 

Compton effect is accounted for m shield 
ln 8 ( ale illations by rnultiplving the intensity due 
un(L °lbded photons by a “buildup factor” which 
K ve ry roughly equal to one plus the number of 
T, Han free paths traversed The cross sections for 
photoelectric effect, pair production and Compton 
vary from element to element roughly as 
^ and Z, respectively, Z being the atomic 
number of the shielding material The total cross 
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section is the sum of the cross sections for the in 
dividual processes shown as a function of energy 
for lead in Fig d In Fig 4 are shown the total 
macroscopic cross sections that is the attenuation 
(oeffiuents ft divided by density p for all ele- 
mc nts and several photon energies 

Neutrons are attenuated in shields primat lly by 
bting first slowed down and then absorbed Slow 
ing down is achieved by elastic scatteung from 
light nuclei especially hydrogen and bv inelastic 
scattering usually lrorn heavy nuclei While hydro 
gen scattering is effective for neutrons of all ener 
gies above thermal (aboye about 0 02 r > ev ) the 
heavy elements do not scatter inelastic ally for neu 
lions below the eneigy threshold which varies from 
m in v Mev in some c Ic ments to about 100 kc v in the 
best inelastic sc atterers Nt ution capture after 
the Mention is slowed down occurs within a short 
distance in most male rials Neutron shield male 
rials an chosen primarily for then abih'v to slow 
down tin fast neutrons lo allow for the extra 
shield pent nation following m atte ring a buildup 
1 tc tor for Mentions is ds<> used which is toughly 
equal to the exponential t with positive exponent 



Fig 3 Gamrra ray attenuation coefficients for lead 
( After G W Grodstem) 



atomic number £ 


Fig 4 Gamma-ray attenuation coefficients versus 
atomic number of absorbing material for various en- 
ergies 
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equal to one-third the number of mean free paths 
traversed. 

Thus, if a point isotropic source of neutrons or 
y-rays is shielded by a surrounding spherical shield, 
the penetrating flux is given roughly by 


</>(*) 


4ir« 2 


cm 2 sec 1 


where S = source strength, neutrons or photons sec" 1 
R = distance from source to measuring point, 
cm 

t ~ shield thickness, cm, with t ^ R 
X =* mean free path of source neutrons or 
photons in the shield, cm; X = jli~ 1 for y- 
rays 

B{t/\) ~ buildup factor 

^ 1 4- t/\ for y-rays 
^ e* /3X for fast neutrons 


Shielding materials. The most commonly used 
criteria for selecting shielding materials are radia- 
tion attenuation, ease of heat removal, resistance 
to radiation damage, expense, and structural 
strength. 

For neutron attenuation, the lightest shields are 
usually hydrogenous (ammonia, lithium hydride, 
water), and the thinnest shields contain a high pro- 
portion of iron, copper, or other dense material. 
For y-ray attenuation, the high-atomic-number ele- 
ments are generally the best. The production of 
y-rays in the shield caused by neutron capture can 
he suppressed by including in the shield nuclei 
such as those listed in the table; these absorb neu- 
trons and release charged particles. For an expla- 
nation of the reaction nomenclature used in the 
table, .see NlJCLEAR REACTION. 

For heat removal, particularly from the inner 
layers of a shield, the material must have good 
heat conductivity or he capable of being circulated 
to a heat exchanger, that is, a coolant such as 
water, an organic fluid, or a liquid or molten metal 
(mercury, lead, bismuth, or lead-bismuth alloy). 
Since the water, organic fluid, and corrosion im- 
purities picked up by all the coolants will become 
radioactive because of neutron capture, shielding 
must also be provided around piping and the heat 
exchanger. 

Metals are the most resistant to radiation dam- 
age, although there is some change in their mechan- 


Nuclef useful in suppression of capture y-rays 


Target 

nucleus 

Reaction 

Thermal -neutron- 
capture cross 
section, barns* 

Energy 

release, 

Mev 

Natural 

element 

Isotope 

Li 8 


71 

945 

4.78 

B 10 

B ,0 (*,a>Li 7 

B '"(n,a)U 7 

14 

222 

2.792 


4 0.48-Mev y 

711 

3591 

2.792 

N 14 

N 14 (ri,/>)G 14 

1.75 

1.75 

0.624 


N“(n,y)N 18 

0.08 

0.08 

10.8 


* Barn - 10~ 24 cm 2 - measure of probability of capture. 


iron-water thermal shield 



experiment access hole and plug 
(stepped to prevent neutron “streaming") 


Fig. 5. Typical reactor shield configuration. 

ical properties. Concretes, frequently used because 
of their relatively low cost, hold up well; however, 
if heated they lose water of crystallization, benmi 
ing somewhat weaker and less effective in neutron 
attenuation. Although hydrogenous materials art 
particularly Sensitive, simple molecules such a* 
water and ammonia are exceptions because of re- 
combination of decomposition products and ease 
of removal of these products. 

If shielding cost is important, cost of materials 
must be balanced against the effect of shield size 
on other parts of the reactor facility, for example, 
building size and support structure. If condition^ 
warrant, concrete can be loaded with locally avail- 
able material such as natural minerals (magnetite 
or barytes), scrap steel, water, or even earth. 

Typical shields. Reactor shields vary with appli- 
cation and with reactor type. The over-all thickness 
of material is chosen to reduce the biological dose 
rate outside to a tolerable level, taken to be 2.5 
milliroentgen-equivalent-man per hour (mrem/h» 
at U.S. Atomic Energy Commission-approved in- 
stallations. The level is usually made about one- 
tenth of this or les9 to ensure adequate protection 
and to give low background for measuring instru- 
ments outside the reactor. 

The shield is usually considered to consist of two 
regions: the biological shield and the thermal 
shield. The thermal shield, located next to the re- 
actor, is designed to absorb most of the energy of 
the escaping radiation. It is often made of st cc ‘ 
and water and is cooled by a circulating fluid. The 
biological shield is added outside to reduce the ex- 
ternal dose rate to a tolerable level (Fig. 5). [e- p - b -1 

Bibliography: E. P. Blizard, Nuclear Radiation 
Shielding , in H. Etherington (ed.), Nuclear En- 
gineering Handbook , 1958; H. Goldstein, Fundo- 
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mental Aspects of Reactor Shielding , 1959; B. T. 
p,ue. C. Horton, and K. Spinney, Radiation Shield- 
]()S7; T. Rockwell (ed.), Reactor Shielding 
'iksigr Manual , USAEC TID-7004, 1956. 


Radiator 

\ n v of numerous devices, units, or surfaces that 
emit heat, mainly by radiation to objects in the 
sp.icc in which they are installed. Because of their 
radiant heating, radiators are exposed to \iew. 
Thev often heat also b\ conduction to the adjacent 
rheimnllv tin ulated air. 

Types. Radiators are usually classified as cast- 
iron (ot steel) or nonferrous. They mav be directlv 
hr*d In wood, coal, charcoal, oil, or gas (such as 
4 , n ranges, and unit spare heateis). 

Hi r heating medium may be steam, derived from 
i ‘.team boiler, or hot water, derived from a watei 
l^aler suitably circulated through the heat-emit 
tin" units 

fast iron radiators aie made in sections of var\ 
ina widths and heights and are assembled in the 
uqmied number bv top and bottom nipples Some 
nr made in a flat panel They are set on legs or 
mill ii supports or affixed to side walls bv adjust- 
il>|< hangers The preferred location is uridei win- 
dow 

Wlun windows are low cast-iron baseboaid radi- 
r t c >i s less than 1 ft liigh, arc* a\ailahle foi use 
limit i the windows of the room Because of the 
limit » d heat oulfmt rt is frequently necessary to ex- 
it nd the radiators along the nonwindow baseboard 
I In i idiation is assembled with \al\e and end sec- 
erns extension blocks, and inverted and project 
in. comer covets, cast-iron convectors mav lie 
used j| so 

I inned tube radiators consist of a pipe or tube 
Mill affixed fins of either steel, ropper. or alumi- 
num Thev ate available with ot without en< leisures, 
md usually aie wall mounted They are more com 
pu' than cast-iron radiators, having greatei heat 
in" aiea per volume. 

Related devices. Converters are customarily 
m ide of nonferrous finned tubes in a wide variety 
“I enclosures for free-standing, recessed, oi wall- 
limv installation. Air circulates over the elements 
natural convection or bv fans, in which case thev 
Uf know n as unit ventilators. Convec tors and unit 
' out il.itor s are not true radiators because thev emit 
nic^t of the heat b\ conduction to the circulated 

in 


^ limited amount of cooling mav be produced by 
P^smg chilled water through radiators, but care 
1 " ,s t he exercised to dispose of moisture eondensa- 
h° n 1,1 humid weather. 


Electric heating elements mav be substituted foi 
1 (J fluid heating elements in all tvpes of radiators. 


f,) n\f*ctors. and unit ventilators. See Comfort con- 


r,mi . Hot-water heating system; Radiant hfat- 

lN( ' ^ItAM HEATING. f K.l .W. 1 

Mdihography: American Society of Heating and 
,r Conditioning Engineers, Heating Ventilating 
m An Conditioning Guide , 1959. 


Radio 

Communication between two or more points, em- 
ploying electromagnetic waves as the transmission 
medium. For many puvpose* electromagnetic 
waves are an ideal means of transmission, because 
they travel last ( 186,000 miles pei second ) . can be 
produced easily and economically, requite only 
space (which is unlimited) for a medium, and can 
be intercepted in receiveis which are small, effi- 
cient, and inexpensive. 

General principles. When an electric- current 
flows through a wire energy is stored m the form 
ot an electric field which surrounds it. If this cur- 
rent alternates idpidlv in diieition, energy in the 
field is convened to electromagnetic waves which 
(an he detected at a distance. They aie radiated 
through space, as aie light waves from a luminous 
objecl. In piactice. the wire around which the ra- 
dio waves form is specially designed and elevated 
above inteifering obstacles to function efficiently 
as an antenna. See Eli c i hom AGNETK radiaiion. 

Radio waves and light waves are identical 'in 
composition and are identified individually only 
because the frequencies aie vastly different and 
produce different effects Waves having an alterna- 
tion ficcjuem v of about 15.000 oi moie cycles pei 
second (tps) become useful foi communications. 

The first significant ladio applications employed 
frequencies of about 500 kilocycles (ke) for ship 
communications. Thcii value was demonstrated 
diamatically in 1909 and 1912 when help was ob- 
tained bv the sinking passenget ships Republic and 
Titanic , and hundteds of lives were ‘-aved. Roughly 
10 veais later, the modern overseas ladio commu- 
nications complex was born, upon discoveiv that 
frequencies of about .1000 80.000 kc traveled over 
great distances bv reflection from the ionosphere. 

I atei many othei services, such as television, FM 
bidden asting. radai, and microwave relaying, were 
developed as the unique pioperties oi much highei 
frequencies were discoveied and exploited. 

Information transmission. Radio waves tians 
nutted continuously, with each cycle an exact du- 
plicate of all other-., indie ate only that a eairier is 
pi esc The message must cause changes m the 
canier which can lie detected at a distant receiver. 
The carrier must he modulated bv the message, 
such as sending it at inteivals to foim dots and 
dashes, or causing the amplitude or the frequency 
to fluctuate. The manner in which a carrier wave 
is frequency modulated or amplitude modulated is 
shown in the illustration See Moduiation. 

Methods of radio communication. Communica- 
tion bv radio ran be effected bv many different 
methods. The method used is determined by the in- 
formation to be transmitted and the purpose of the 
communication system 

Code telegraphy. The carriei is keyed on and off 
to form dots and dashes. This technique is used in 
ship-to-shore communication but has been largely 
superseded by more efficient techniques in other 
services. See Amplitude-modulation radio. 
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Frequency-shift transmission . The carrier fre- 
quency is shifted a fixed amount to correspond 
with telegraphic dots and dashes, or with combina- 
tions of pulse signals identified with the characters 
on a typewriter. This technique is widely used in 
handling the large volume of public' message traffic 
on long circuits, principally by the use of teletype- 
writers. See FRMJULNt Y-MODULAIION RADIO. 

Amplitude modulation . The amplitude of the 
carrier is made to fluc tuate corresponding to the 
fluctuations of a sound wave, a television picture 
signal, etc*. This technique is used in AM broad- 
casting, television picture transmission, and many 
other services. .Sec Ampli iuiu modulation. 

Frequency modulation. The ficquency of the 
carrier is made to fluctuate mound an average axis 
to correspond to the modulating wave. This tech- 
nique is used in FM broadcasting, television sound 
transmission, and microwave iclaving. A lelated 
technique, called phase modulation, is used in pub- 
lic safety, land transportation, and many other 
services above 30 Me. See Frlqut n< v modui a non ; 
pH ask MOniJI AT ION. 

Pulse transmission. The cairier is transmitted in 
short pulses, which change in repetition rate, 
width, or amplitude, or in complex groups of 
pulses which vary from group to succeeding group 
in accordance with the message information. These 
forms of pulse transmission are identified as pulse- 
code, pulse-time, pulse-position, pulse-amplitude, 
pulse-width or pulse-frequency modulation. Such 
tec hniques are complex and are employed pi ini i- 
pallv in microwave relay systems .Sec Pi j sh mod- 
ULA HON. 

Radar. The carriei is normally transmitted as 
short pulses in a narrow beam, similar to a seat ell- 
light. When a wave pulse stiikes an object, such as 
an aircraft, energy is icfleeted hack to the station, 
whi< h measures the round-trip time and con veits it 
to distance. An aii borne radar can receive varying 
inflections fiom the earth beneath it and display 
these reflections in a maplike presentation on a 
eathodc-ra\ tube. .See Airbornj- radar; Radar. 

Uses of radio. The first piactical application of 
radio, over a half-century ago between ships and 
shore stations, was followed quitklv bv < ommuni 
cation overseas and between other widely separated 
fixed points. Subsequently, the applications have 
become widely diversified. Some of the important 
uses are listed below. 

1. Public* safety: Marine and aviation communi- 
cations, police and fire protec tion, forestry conser- 
vation, highway traffic control. 

2. Industrial: Powei utilities, pipelines, relay 
seivices, news systems, agriculture petroleum 
pnn essing. 

3. Land transportation: Railroads, motor car- 
riers. taxic abs automobile emergency needs. 

4. Broadcasting: Television, FM broadcasting, 
standard broadcasting, short-wave international 
broadcasting. 

5. Military: Radar, communications, navigation, 
telemetering, missile tracking, guidance, detection, 
and aiming. 


6. Fixed point-to-point: Long-distance message 
and picture transmission. 

7. Relaying: Television, sound, picture, and 
public message relaying over long distances. 

8. Telemetering: Remote indication of water 
levels in reservoiis and rivers, performance of e X . 
perimental aircraft, missile and satellite perform 
anee, and other data. 

Radio channels. Hundmls of thousands of ra 
dio transmitters exist, each requiring a carrier of 
some frequency. If all operated on the same fie- 
queney, the interference would be intolerable. Tins 
is prevented by using different carrier frequencies 
for transmitters where service areas overlap, and 
building receivers which select only the cariiei fie 
quenev of the desired station. Resonant elec tn, 
circuits in the meiver are adjusted, or tuned, u. 
accept one frequency and reject others. 

Each station operates within u specific ri chan 
nel. All othei stations within a geographical aiea 
are exc luded irom using this channel. Each channel 
must he wide enough to accommodate the message 
information, provide tolerance foi small cairm 
frequency diift, perhaps provide 1 a guaid hand ami 
allow foi impel feet receiver selectivity c apalnli 
ties. The minimum usable channel widths (<>i hand 
widths) \aiv from seivice to set vice 1 , depending 
upon the amount of information a channel must a< 
commodate. In television it is 6000 k< . became nl 
the large amount of essential picture inhumation 
In FM broadcasting it is 200 kt . and m \M 
broadcasting ^10 kc . The gieat demand lot .uitlioi 
l/ations requites efficient channel utilization In 
the 1 mobile transportation service the FC( v\^ 
compelled to reduce* channel widths 50', v* lie n 
tec helic al developments made it feasible. See Band 
WIDIH KHJITJRI MINTS ( ( ()M M UNH A 1 IONS ) . 

FCC regulations. All nations have a soveieign 
light to use freely anv or all parts of the radio 
spectrum. But a growing list of intei national dgm j 
ments and treaties divides the spectrum and spec 
ifies sharing among nations for their mutual ben 
efit and protec lion. 

Every nation designates its own regulatin' 
agency. Functioning within the international 
agreements, it issues authorizations; assigns fre 
quencies; polices operations; creates technical 
standards, rules, and practices; and safeguards and 
protects the public interest. 

fn the United States all nongovernmental radio 
communications are regulated by the Fcdei«d 
Communications Commission, according to the pi° 
vision of the Communications Act of 1934. 
amended. Creation of a radio station or servic e re 
quires authorization by the FCC. Upon compl^ lon 
of an authorized facility, a license to operate > s 
issued. Radio stations are inspected regularly b' 
engineers attached to FCC field offices. Station- 
must comply with the terms of their authorization 
regarding carrier-frequency tolerance, power h* 11 
itations, permissible communications, call signal-- 
and control by properly licensed personnel. 

Volume requirements . The demand for FCC r a 
dio authorizations is increasingly great for both ex 



unmodulated 

carrier 


modulated 

carrier 


frequency 

modulation 



amplitude 

modulation 



sound 

wave 



Methods of modulating a carrier wave with a sound 
wave 


i*l m<r 4 mrl new services. In t lie United States alone 
t la h an* nearly 2.000.000 listed authorizations for 
u\i \ different kinds of services There are ovei 
HOODOO outstanding radio operator licenses or 
|.i mills to pei sons who operate aulhori/ed sta- 
tion^ The approximate number of authori/ations 
whii h hive been issued for stations in various cate 
_mtk s is show n below : 


\M hmadc a^t (loininnri ear 


inii 

8500 

ricr 

2000 

1 \ broadc ast- 


Land transput 


ti" 

900 

tatiori 

810 000 

1 \1 broadc M 


Industr ial 

825,00° 

mg 

800 

Av idtion 

60,000 

Public safety 

250,000 

Marine 

70,000 

\i.iaU ur 

100,000 




Radio sport rum allocations. The rf spectrum 
"»nts ihe range from about lb. 000 to 100,000.000,- 
(,( H) f \iles pei second. Within it are loosely di- 
\i(hd segments which have unique propagation 
hiUdi renstir s. Freipieneies from tliese segments 
(ire allocated to servii es which take advantage ot 
dinr natural characteristics. See Radio spmtiu'm 
^> iO( ahons; Radio-wax f pRoeAf.AiioN. |r.f.uj | 
bibliography: W. L. Everitt (ed.), Fundamen 
tuh of Radm and Eler i ionics, 2d ed., 1058; K. Hen 
n, ‘^ Radio Engineering Handbook , 4th ed., 1958; 
^ Hand, Frequency Modulation , 1942; Federal 
Girninunieations Commission, Rules and Regnfa - 
tinrw, F. E. Terrnan, Radio Engineers 9 Handbook , 
Mj 


Radio astronomy 

That branch of astronomy which studies heavenlv 
Mies f>v observations of the radio waves that they 
ymt F he fact that radio waves are arriving at 
arth from outer space was first recognized in 
t 0 K. G. Jansky at the Bell Telephone Labora- 
r || riev New Jersey. He observed a steady arrival 
. 1X1 ^aves from fixed directions in space. The 
ax »mum intensity was received from the direction 
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of the center of the Milky Way — our spiral galaxy 
of stars — and a ridge of strong emission was found 
along the plane of the Milkv Way. 

Since about 1945 radio studies have been made 
of the Moon, Sun. several planets, the central re- 
gion and spiral arms of the Milkv Wav, various 
type<- of gaseous nebulae within our galaxy, normal 
spiral and peculiar external galaxies, and a large 
number of unidentified objects. A large amount of 
cosmic radio emission originates in a nearly spheri- 
cal halo of hot lemious gas enveloping our Milky 
Way galaxy and other spiial galaxies Radio waves 
have been detec ted fiom the Sun, and it is expected 
that hursts of radio emission from certain stars 
will eventually hi* rec orded. 

Significance of radio astronomy. Over most of 
the electromagnetic spectrum, the waves arriving 
at Earth from interstellar space cannot penetrate 
Earth’s atmosphere and ionosphere. Only visible 
light, the nearby infrared, and a portion of the 
radio spectrum reach the smface of Earth. The 
radio penetration window extends from a short 
wave length limit of several millimeters dependihg 
upon the state* and humiditv of the lower atmos 
phere to a long wavelength limit of tens of meters, 
depending upon the state of the* ionosphere. 

With the advent of artificial Earth satellites and 
other space* vehicles, radio astronomv will merge 
with infrared, optical, ultraviolet, and \-rav astron- 
omy thereby connecting all blanches of observa- 
tional astronomv and \ resenting an unobsc uied 
view of the* universe, except where opaque clouds 
of interstellai gas or dust mav inteiferc. 

Radio wav^s are identical with light waves except 
that they aie much longer. This great difference in 
wavelength results in important and c ornplc mentarv 
differences between radio and optical astronomv. 
First the radio wavelengths are difficult to foe us 
sharplv because wave diffraction requires tele- 
scopes many times largei than in the optical c ase 
to obtain a corresponding degree of sharpness of 
detail ot angular resolving power (see Radio 
TILImopl) Second, radio waves readily penetrate 
opaque planetary atmospheres and interstellar dust 
clouds. All- weal her radio observations ran be made 
of celt- t ml regions hidden behind interstellar dust 
and of planetary surfaces below permanent cloud 
cover. On the other hand, radio waves are unable to 
penetrate the optically transparent ionized gases 
enveloping the Sun and other stars. Long radio 
waves are absorbed bv tenuous, transparent, but 
nearly invisible ionized gases in interstellar space. 

Several modes of radio observation are common: 
mapping radio intensities over the celestial sphere; 
cataloging position, size, intensity, and polariza- 
tion of localized intense sources of radio emis- 
sion; and continuously recording transient varia- 
tions and outbursts of emission from the Sun. or 
the planet Jupiter, as a func tion of time and fre- 
quency. 

When the galactic signal level is higher than the 
noise generated within the receiver, it is possible to 
listen to the steady hissing noise from the galaxy ; 
its characteristics are similar to the noise generated 
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in a receiver. Measurements can be made of noise 
signals some 10,000“ 100.000 times weaker than the 
noise level intrinsic to the measuring receiver by 
integrating the output of a wide band-pass receiver 
for several minutes. 

Generation of radio waves by nature. The basic 
mechanism for the generation of radio waves is the 
oscillation or acceleration of electric charge, 
principally the acceleration of electrons in electric 
or magnetic fields; lightning discharges, explo- 
sions, shock waves in the solar atmosphere, the 
acceleration of energetic electrons in magnetic 
fields (the lesulting radiation being called synchro- 
tron radiation), and collisions between elections 
and ions or molecules in ionized gas clouds are 
examples in nature. Radio waves are also emitted 
during electronic transitions between closeh 
spaced atomic and molecular energy levels; mo- 
lecular transitions in the molecules of oxygen and 
ol water vapor in Edith’s atmosphere and the 
atomic transition in the ground state of neutral 
atomic hydrogen in interstellar gas clouds have 
been measured. .See Atomic s i m c nmi and spm - 
tka: F.i.m tromagnitk radiation; Moimuiak 
SIKIK I l HI. AM) set < i a A. 

Waves from the Sun's atmosphere Radio waves 
are emitted from the Sun's atmosphere at a steady 
level when it is undisturbed and in buists when 
disturbed bv sunspot or flare activity (Fig. 1 ). The 
steady level ol emission is due to thermal collisions 
between elec trons and ions in the hot tenuous solar 
atmosphere. The long radio waves are emitted lrorn 
the outer atmosphere or corona. Centimeter wave 
measurements give information about the tempera- 
ture and elec tron density distribution in the lowei 
solar atmosphere, or ehromospheie. Large sun- 
spots commonly produce excess radio emission 
whic h is closely correlated with the electron con- 
ccntialmn in the E lavei ol the ionosphere See 
Ionosphkrf. 



Fig. 1. Sun on June 27, 1957. (o) White-light sketch 
of the Sun showing sunspots. ( b ) Radio picture of the 
Sun illustrated by contours of the radio brightness. The 


Occasionally, active sunspot regions flare up j n 
the spec tral lines of hydrogen, helium, and calcium 
in a localized region on the solar surface. Soim* 
flares produce sufficient emission of ultraviolet 
x-ray, optical line radiation, and of high-vdorih 
charged particles to disrupt Earth’s ionosphere 
and prevent world-wide radio communications. \ 
day or so later, during the arrival of the slovse, 
charged particles, the ionosphere is again distuihd 
and may remain so lor many hours. During these 
periods. Earth’s magnetic field is affected, currents 
are induced in the Earth which disrupt comrnunu f | 
tion lines, and auroral displays, or the northern 
lights, are Irequently seen. .Sec Aurora. 

Observation of the time variation of the radio 
spec tra of bursts from the* Sun, provides means t„ 
deduce the velocity at which the charged puitnl^ 
aie expelled lrorn the active regions on the Sun 
During intense flares, cosmic ray increases h,m 
been lecorded on Earth, and solai radio speitra 
observations indicate the temporary existence n| 
energetic electrons that radiate b\ moving in strong 
magnetic fields m legions < ompatublc in d/e to tlir 
Sun and whic h extend outward fiom t he Sun li i* 
believed that the energetic electrons and the Mihr 
cosmic ray paiticles aic accelerated simultaneous 
by the same mec lianism in the solar atmospheic \ 
corresponding dose relationship is believed to e\M 
between galactic* cosmic rays and radio eifhssuui 
.See Cosmic rays. 

Waves from the Moon . Radio wave's have heei 
observed ir^m the Moon at centimeter wavclc nplle 
These waves are thermally generated in the ouli 
few centimeters or meters of the Moon’s smldo 
layers. Measurements of the variation ol the r adn 
intensity with frequenc v and with phases ol tin 
moon yield information about the thermal and < lo 
trical properties of the Moon’s surface. I he ev i 
deuce requires the presence of an exceptional!' 
good heat-insulating layer of dust on the moon Hu* 
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fainter radio brightness contours of the quiet Sun & e 
not shown. ( Radiophysics Laboratory, CS1RO, Syd ne h 
Australia) 



fad was suggested earlier by infrared measure- 
ments of the Moon. 

Echoes from the Moon. Radar echoes have been 
obtained from the Moon and from the planet Venus. 
Tbe lime it takes a radio pulse to travel from the 
Earth to the object and back is a measure of the 
distance to the object. From these studies, it is 
possible to deduce a more refined value for the 
M\de of the solar system than has previously been 
possible. The recording of the intensity of radar 
echoes at different frequencies provides informa- 
tion about the electrical properties 0 f the surface 
n f the Moon or planets, or the atmospheric or inter- 
planetary gases. 

Centimeter waves from planets. Radio waves have 
J K >rn measured from the planets Venus, Mars. 
Inpiter. and Saturn. These waves may be generated 
thtMinally in the solid or liquid surface layers or 
ilr-nse atmospheres of the planets. The intensity of 
centimeter wavelengths from Venus requires a tem- 
pci t ii in e at the level where the emission originates 
<il at least 500° K, if it is of thermal origin. This is 
ni (Mter than anticipated from prior inflated obser- 
vations. Similar measurements of Jupiter require a 
trinpei alure of about 1S()°K near a wavelength of 
,(in and higher variable temperatures at longer 
wavelengths. The emission from Mats is not in 
i diiflii t with thermal (‘mission from its solid sor- 
bin* This is a valuable new approach to the stud\ 
Hi the phvsieal properties of the surface and atinio- 
plieie- oi planets, espec ially those which are per- 
manently hidden by a blanket of clouds. It rnav he 
nos- ib le to deduce the period of rotation of the 
phi net Venus h> searching foi small variations in 
tin* intensity of the emitted radio signals. 

Decameter naves from Jupiter. At the radio 
wavelengths greater than 10 m it has been dis- 
"»UTcd that Jupiter frequently emits intense nai- 
uiw-b.nid hursts of radio energy. A study covering 
ib'Mit a decade has disclosed loc alized regions of 
Mibu emission which indicate a fixed statistical 
ulationship in the longitudinal spacing on Jupiter 
between these active regions. This indicates that 
t 1 «• s.iuu'c of these radio waves is fixed to the solid 
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rotating body of Jupiter. The period obtained is the 
true period of rotation of Jupiter; it is .slightly 
shorter than the observed periods of rotation of 
the opaque atmosphere. The measurement of polar- 
ization of radio waves from Jupiter discloses that 
an appreciable fraction of the radio waves are 
cir( ularly polarized. This suggests the existence of 
a magnetic field on Jupiter of about 5 oersteds, or 
about 10 times the Earth’s field. See Jupiter. 

Cosmic background radiation. Radio waves are 
emitted from all directions in space. The back- 
ground radiation intensity increases steadily with 
increasing wavelengths, and is of both galactic and 
exfraga lactic origin. The extra galactic component 
is probably the result of unresolved and numerous 
weak extragalactic sources of radio emission, such 
as normal, peculiar, or colliding galaxies. The 
galactic component can he resolved into a flattened- 
disk distribution coinciding with the disk of the 
Milky Wa\ and slightly flattened spheroidal dis- 
tribution of radiation enveloping the disk radiation 
(Fig. 2). The spheroidal component lias also been 
observed around a neighboring spiral galaxy in ’the 
constellation of Andromeda and is referred to as 
the galactic corona or halo. It radiates l>y the 
acceleration of energetic electrons in a magnetic 
field of the order of 10 *■ oersted which forms the 
halo. 

The galactic disk radiation can he further re- 
solved into at least two components, a thermal 
component due to tin* emission from interstellar 
ionized hydrogen and a mint hernial component, 
which iiiav he due to the energetic electrons either 
in magnetic fields distributed cither continuously 
throughout the galactic disk or spiral arms or 
concentrated in discrete localized region- of radio 
emission. The radio spectra of the above compo- 
nent of galactic radio emission are required in the 
attempt to determine the structure, composition, 
and development of spiral galaxies. 

Cosmic radio sources. Many localized regions 

or discrete intense sources of radio emission have' 
been found distributed over the celestial sphere. 
Certain galaxies external to our system emit radio 
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wave** both in the hydrogen line and as continuous 
spectrum radiation. The hydrogen line ladiation 
has been detected from the Magellanic Clouds, two 
nearby external galaxies. Continuous radio emis- 
sion has been observed from a number of known 
galaxies; some are normal spiral galaxies similar 
to the Milky Wav and radiating at about the same 
radio energy rate: the others are peculiar galaxies, 
mostly pairs of colliding galaxies, radiating at a 
rate several orders of magnitude greater than the 
normal spirals. It is belie\ed that a number ot the 
known radio sources are external galaxies, perhaps 
pairs of colliding galaxies beyond the range of 
optieal telescopes. 

Only a small fraction of the radio sources so fai 
detected has been identified with optical objects. 
There are at least two spectral types of radio 
sources: a type having a radio emission spectrum 
consistent with thermal radiation from ionized 
interstellar gas, and a nonthermal type whose radio 
spectrum is not in accordance either in form or in 
intensity with thermal radiation but is consistent 
with radiation from the acceleration of energetic* 
electrons in interstellar magnetic fields. Because of 
their different spectra, the nonthermal sconces arc 
prevalent at meter wavelengths and the thermal 
sources at centimeter wavelengths. The thermal 
sources are bright galactic nebulae such as the 
Great Nebula in Orion; the nontheimal sources 
include normal spiral galaxies like the Andromeda 
Nebula, colliding galaxies like tlm intense sour* e 
in Cygnii'-.. unusual galactic nebulosities like the 
intense source in Cassiopeia, and super novae* rem- 
nants like the Crab Nebula in Taurus (.see Cr\h 
Nfmjla). This is the first cosmic radio source to be 
identified with a celestial object. It is the result of 
a rare explosion of a star in the \ear 1051* a.d. ; 
the* gases are still expanding at a velocity of 1100 
km /sec. The light from the central amorphous 
mass within the filamentary shell is linearly polar- 
ized to such a degree that its explanation requires 
the assumption that this light is generated h\ the 
acceleration of energetic (TO 1 -’ ev) electrons in a 
magnetic field (about 10 ‘ oersteds). Centimeter 
waves emitted b\ the Crab Nebula are also partially 
polarized. These facts, and its radio spectrum, 
strongly suggest a similar mec hanism for the origin 
of its radio emission. 

The distribution of thermal sources is concen- 
trated toward the galactic equator, the plane of the 
Milkv Wav. This is consistent with the distribution 
of bright galactic nebulae which occur in the spiral 
arms. Nonthermal sources are distributed in two 
classes. Class I consists of large intense sources 
which are concentrated near the galactic equator 
and have a measured angular size of about 1°. 
Class [I sources show little concentration toward 
the plane of the galaxy and are usually a few 
minutes of aic or less. Class 1 sources contribute to 
the continuous background emission roncentrated 
along the galactic equator. Class II sources consist 
of both galactic and exlragalaclic sources. 

There is one radio source that is in a class by 
itself. It is an intense source in the galactic nu- 


cleus; some galaxies similar to the Milky Way have 
an intense concentration of stars in the center «f 
the bright central bulge. This dense nuclear r 0n . 
eentration of stars may also exist in our galax\ 
hidden behind concentrations of interstellar dust 
hut disclosing its presence by intense radio eniis- 
si on. 

Radio sources are of intrinsic value. They g en . 
crate radio energy by a process that is also at work 
in the solar atmosphere. They supply clues to the* 
processes of galactic evolution and to the type of 
cosmology governing the tmiveise. 

Hydrogen line radiation. Radio waves are emit- 
ted and absorbed bv neutral atomic hydrogen 
aL a wavelength of 21.106 cm. This correspond, 
to a transition between two closely spaced enerp\ 
levels in the hvperfine structure of the ground state 
The majoiitv of the gas in the galaxy is hydrogen, 
the hulk of it is neutral and atomic. It occurs j n 
clouds concentrated in the galactic* plane, prin 
eipallv along the spiral arms. Measurement of tin 
line emission profiles in the plane of the galaw 
gives the Doppler ^hifl in frequency, which yields 
measure of the relative radial velocity between 
Raitb and interstellar c louds within the anlenrwi 
beam. The combination of these velocities dcln 
mined along the galactic* equator with a model of 
galactic rotation found bv optical studies. juak<- 
possible ihe mapping of the spiral lorm of tin 
gaseous aims. Investigations o| this t\pe have it 
vealed for the fust time the nearly complete spnal 
pattern of tjrte Milky Way galaw. This is an out 
standing accomplishment of radio astrmioim. Opti 
cal attempts to discover and loc ate spiul aims an 
severely limited b\ interstellar dust obscuration 1*** 
cause the dust is concentrated in the galactic plain 
Studies within the galaxy have been made bv me.h 
uiing the Dopplei velocity and radio intensity 
surrounding localized inteistellai regions in an at 
t erupt to obtain data on the phvsi»al processes in 
volved in the formation of now stais. 

Bv the measurement of the exact frequency ol 
the 21 -cm absorption lines due to inteistellai cloud** 
in front of distant radio sources emitting a ton 
tinuous spectrum, it is possible to obtain infwniu 
tion on the structure and size of these clouds of 
neutral hydrogen. It may he possible to detect 
Zeeman splitting of the lines due to weak galattu 
magnetic fields and thereby measure these fields 
See Zf.f max f fi i:< t. 

There is a possibility of detecting the emission 
or absorption of other radio spectral lines; a nen 
tral atomic deuterium line occurs at a wavelength 
of 91.57 cm; there arc two lines of the hydiow 
radical at 17.98- and 18.00-cm wavelength. a n 
several lines of hydrogen and helium at other 
wavelengths. 

Cosmology. Because the second brightest tad 10 
source is believed to be about 500,000,000 hP 1 * 
years distant and because it would be possible to 
detect this source if it were ten or more times fur 
ther away, it has been assumed that a large nuin * 
of the unidentified radio sources are too distant 
be photographed by th$ 200-in. Hale telescope a 
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Mount Palomar. For this reason, radio telescopes 
IP believed to be penetrating deeper into space 
than optical telescopes and thus will play an im- 
portant role in determining a cosmological model 
appropriate to the universe. 

Various types of cosmological models can he 
selected or rejected by counting the number of 
radio sources in each intensity interval or by meas- 
uring the radio source size distribution of many 

faint sources. 

Observations from satellites. Use of small, low- 
irJ ,n antenna** and a radio receiver in a space ve- 
JiM Ic extends the radio energy spectrum of the 
nralfutio background radiation from a wavelength 
of 30 m to a cut-off wavelength in the region be- 
h ren 1 and 10 km. This limit is due to wave refrac- 
tion bv interplanetary electrons. The dynamic radio 
spntra of solar bursts, and perhaps bursts from 
Jupiter, can also be extended to longer wavelengths 
|i\ means of a low-gain antenna and a sweep-fre- 
r pionc' receiver in an artifi< ial satellite orbiting 
high above Fat til’s ionosphere. 

With the development of large antennas on space 
M'hiiles, it would be possible to extend the radio 
eiurgv spectrum of discrete tadio sources, to map 
the galactic background intrnsitv at low frequen- 
tly to measure the low-frequene\ spectrum of the 
uncli-t mbed Sun. and to make studies of low-frc- 
tpiciM \ bursts fiorn Jupiter. and possibly from 
nthei planets and stais. Spac e probes which pent- 
tt ii< below the ionospheres on Venus and Jupiter 
i*rl me isure radio waves that rnav be trapped be- 
I the planetary ionospheres would }>c of interest. 
With the advent of a radio observatory on the 
Moon it will be possible to observe the entire Tadio 
*pc« trurri from a wavelength of tens of kilometers 
t' the infrared legion. Large antennas can be 
cre< tod free of wind and weather in the reduced 
oitational field of the Moon. 

Applications. Radio waves from the Sun, Moon, 
uni i ad in sources can be used for all-weather 
"nigation because radio waves penetrate lain, 
f"g snow, and clouds. The accuracy of a solar 
extant developed by the U.S. Navy exceeds that 
"btainahle bv the optical hand sextant. Large radio 
^Hennas can be calibrated bv using noise signals 
h<>in the bright radio sources, planets, the Moon, 
a,1( l Oie Sun, which have been measured by radio- 
^tronomers. Radio sources are used to study radio 
propagation through the Earth’s lower atmosphere 
nut ionosphere. Cosmic radio noi^e levels are re- 
‘pnred in the design of radio communications, 
nj \igdlion. and detection systems. Large radio 
Jn ^nnas designed for radio astronomy are now 
IN ^ radar, radio communications, and satellite 
e I’mcteiing. Special radio techniques have been 
(p vHoped which are now used in tracking artificial 
dr *h satellites and space vehicles. See Antenna 
V fr ™^ ; Astronomical spectroscopy; Micro- 
Ue; Radio-wave propagation. | f. t. haddock | 
n j!*^°g r aphy: R. D, Davies and H. P. Palmer, 
, lo Studies of the Universe , 1959; F. T. Haddock 
ijj ^ r uc. IRE , Radio Astronomy Issue , 46(1), 
Pawsey and R. N. Bracewell, Radio 
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Astronomy , 1955; J. L. Steinberg and L. Lequeux, 
Radio Astronomy , 1963; H. C. van de Hulst (ed.), 
Radio Astronomy, Intern. Astron. Union Syrn. 4, 
1957. 

Radio broadcasting 

The transmission of radio programs intended for 
public reception. 

Radio broadcasting began in 1920 at Pittsburgh, 
based upon experimental broadcasting over an 
amateur radio telephone station owned and oper- 
ated by Dr. Frank Conrad of Wcstinghou**e. The 
conception of a public broadcasting service arose 
from the gieat interest shown in these experimental 
broadcasts of speech and music and led to the es- 
tablishment of station KDKA, the world’s first sta- 
tion to be licensed and operated for this purpose. 
The success of this station created one of the most 
extraordinary growths of a new industry in human 
historv. B\ the end of one year the number of sta- 
tions had increased to 31 and at the end of two 
years over 600 stations vveie providing service 
thioughout the United States, with growth accel- 
erating rapidlv. 

Scope. Radio broadcasting is a highly depend- 
able and extremelv valuable seivice in all c ivilized 
areas of the* world. In many areas of the United 
States listeners have a choice of as many as 30 
stations. Over 160.000.000 broadcast receivers are 
in use in the United States. Service is provided foi 
entertainment, education, information, and allevia- 
tion of distress irom early morning until late at 
night, and in manv areas it continues around the 
chx k to serve all segments of the population. 
About 50,000 persons are employed directly in the 
operation of stations and manv more are engaged 
in allied services, such as apparatus manufacturing 
and ^ales, script writing and progiain production, 
advertising agency activities, news and publicity, 
publication of magazines and trade publications, 
common carrier network services, and federal regu- 
lation. 

Frequency allocations. By international agree- 
ment. certain portions of the radio-frequenev spec- 
trum are set aside for radio broadc asting. Tn the 
United Mates over 3200 stations occupy the Stand- 
ard Broadcast Band of 107 channels, extending 
from 535 to 1605 kiloc ycles (kc), each channel be- 
ing 10 kc wide. In addition, there are 540 stations 
on 100 channels utilizing the frequency-modulation 
hand from 88 to 108 megacvcles (Me) each band 
being 200 kc wide. Television broadcasting occu- 
pies bands in the regions 54-72, 76-88, 174- 
216, and 470 890 Me*, each channel being 6 
Me: wide. See Amplitude-modulation radio; Fre- 
quency-modulation radio; Television. For sup- 
plementary and auxiliary service, such as relaying 
programs from a remote point of origin, transmit- 
ting the program from the studio to the transmit- 
ter, conveying program production orders and com- 
munications, and for emergency use, frequencies 
in the areas of 1620 kc, 26 Me, 152 Me, 450 Me 
and 950 Me are utilized in the United States. See 
Radio spectrum allocations. 
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FCC requirements. All radio stations of any kind 
in the United States must be licensed by the Fed- 
eral Communications Commission (FCC). In re- 
sponse to a written application to construct a 
broadcast station in accordance with specified con- 
ditions, FCC issues a construction permit provided 
the station will not create prohibitive interference 
for existing stations, and provided the station will 
serve public interest, convenience, and necessity. 
When all conditions are met. a license to operate 
the station is issued. Some important technical con- 
ditions to he met follow. 

Frequency tolerance. The maximum permissible 
deviation of the assigned carrier frequency from its 
specified value is limited for standard broadcasting 
stations to plus or minus 20 cycles. This limitation 
minimizes interfering beat-note audibility. 

This close tolerance is met by the use of crystal- 
controlled vacuum-tube oscillators, in which special 
precautions are taken to minimize the effects of 
changes in ambient temperature and circuit con- 
stants. With modern equipment, variations are lim- 
ited to only a few cycles per second over long pe- 
riods of lime. 

Carrier power. The power of the radio- frequency 
carrier is specified in the FCC construction permit 
and license. Licensed-carrier powers range from 100 
watts for small station* serving local areas to 50,- 
000 watts for the largest stations serving large 
areas and long distances. The specified powers 
must be rigidly maintained. 

Directional antenna usage. Often it is possible to 
avoid interfering with another station by the use of 
a directional antenna which radiates low power in 
the direction of another station assigned to the 
same channel and concentrates its coverage in di- 
rections in which lie the areas most desirable to 
cover. Figure 1 shows a typical directional antenna 
pattern. 

Signal propagation. Signals from standard broad- 
cast stations arrive at the receiving points in two 
ways, by the ground wave and by the sky, or ion- 
ospheric, wave. In the da>time only the ground 
wave is received, but at night both giound and sky 
waves are effective. .See Radio-wave propagation. 

The variation of radio field intensity caused by 
changes in wave propagation in the ionosphere is 
known as fading. From early evening until dawn, 
radio waves at standard broadcast frequencies are 
reflected back to earth from the unstable E layer 
of ionized air about 60 miles above the earth. 
Changes in reflection may cause fluctuations which 
vary widely with time. These reflected sky waves 
return to the earth at distances from 50 to 1000 
miles. However, propagation may occur over thou- 
sands of miles from multiple reflections between 
earth and ionosphere. Deep fading may be present 
when sky waves and ground waves are present si- 
multaneously and have comparable amplitudes but 
opposite phase. 

Broadcast service area. The geographical area 
over which a standard broadcast station projects 
its signals is divided by FCC into two categories. 
A primary service area is the area served by ground- 



wave propagation with sufficient field intensitv t« 
provide consistent day and night service. A *ec<»nrl- 
ary service dxea is the area served by ground w.nr- 
of insufficient strength to provide consistenl <ki\ 
and night service, or by sky waves at night. 

Signal strength. At standard broadcast frequen- 
cies the strength of signals conducted to any poinl 
by the ground wave depends upon the power of the 
broadcast station and the distance separating ihe 
transmitter and receiver. If the earth were perfect l\ 
conducting, the signal strength would fall off di- 
rectly with distance, but the actual decrease in sig- 
nal is greater, because the earth is not a per let t 
conductor. 

Signal strength at a receiving point is termed its 
field intensity, which is commonly expressed in 
terms of the root-mean-square value of the ele< tru 
field in the direction of maximum intensity, be- 
cause a greater voltage will be produced by a more 
effective receiving antenna, the field intensity is 
pressed as so many microvolts per meter, the latt< r 
portion of the term indicating the effectiveness of 
I lie receiving antenna. 

Broadcast channel classification. Except for a 


limited number of channels reserved for servn’C 
over large areas, each broadcast channel is used 
a large number of geographically separated sta- 
tions. All these stations do not have the same v n ' 
ority status. A dominant station may be permits 


to broadcast full time. Some secondary stations arr 
permitted to operate only between the hours o 
sunrise and sunset so they will not interfere vat 
other stations having higher priority status on ^ 


channel. 



Clear channel . A channel on which the dominant 
station or station** render service over wide area* 
tailed a clear channel. Stations on a clear chatt- 
el if r cleared of objectionable interference within 
then piiinary service areas and over all, or a sub- 
stt miial portion, of their secondary aieas. 

\ ( lour channel which ha* no duplication at 
nlJ j,t and on which transmitters must utilize a 
pow <*r of .SO kw is in class TA. Although daytime 
dupln a lion may be permitted, the dominant station 
Js protected against interferenre to its 100 micro- 
volt ground-wave contom from cochannel stations 
ami its 500 microvolt ground-wave contour from 
nations on adjacent channel*. Of the 30 class IA 
channels used in the Western Hemisphere 6 are as- 
mned to dominant Canadian stations, 6 to domi- 
nant Mexican stations, 1 to the Bahamas, and the 
Kiiumdci to the* United States. 

On class IB clear channels, night duplication is 
permitted if inter ferenee is not created at those 
distance's wlieie the 500-mic rovolt nighttime signal 
jntensih js present 50°? of the time, and 10 SO kw 
power mav be used. The* United Slates utilizes 21 
IP channels which in some cases are also used by 
nl In r c mint t ies. 

\ class 11 station is a secondaiv station which 
opt rates on a c leai channel and which must pro- 
fit tin* dominant c la-s 1 station or stations bv lim- 
il it inns m powei or operating hours, or bv use of a 
dire < Uonal antenna. 

Rt^mnal t haunt f. Several geographic all\ sepa- 
1 ‘ltd stations mav operate on a regional channel 
w 1 1 1 1 powers not in excess of 5 kw. The ])rimar\ 
nighttime service- aiea of a i egional-ehannel station 
mav be substantially limited as a result of inter - 
ler mo from other cochannel stations. Its purpose 
i to s» rve regional areas. 

I fie following frequencies are assigned for use 
l»v regional stations: 550 630: 700. 910 930: 950 
WO 1150, 1250; 1330; 1350 1590; 1410 1440, 
Ub() 1130; 1590: and 1600 ke. 

I o< ul channel. Many geographic ally separated 
Nations may operate on a local channel with pow- 
< r ' not in excess of 250 watts. The primary service 
11 r a of a Joe al-ehannel station mav he severely lim- 
>tcd a* a consequence of interference from otlier 
,0< lianncl stations. Its purpose is to serve local 
m as Six frequencies between 1230 and 1490 kc 
t,n ' signed for use by local station*. 

Reid intensity measurements. Field intensities 
mn be- estimated closely by calculation, hut for 
i urate determination measurement* are neees- 
They frequently are required for evidence iri 
bearings and are assembled by most stations 

^ a measure of effectiveness and for sale* promo- 
tion 

Hu* conventional method of making a field inten- 
vl1 ' survey is to lay out on a road map at least 
routes corresponding to equally spaced radi- 
going out from the transmitter. The field inten- 
SJ *v is measured at intervals of a mile or two, 
^ginning at the transmitter and ending at the dis- 
! ance where the field intensity is too low to be of 
interest. 
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The measurements are plotted on graph paper 
and a smooth curve is diawn through them. This 
information can be transferred to a map and the 
points of equal field intensity on the various radials 
ate connected to form smooth contour lines (see 
Fig. 2). For precise measuiernent of the 1-mile 
field, measurements at close intervals aie made to 
brae ket the 1-mile distance. 

The useful coverage of a broadcast station is 
evaluated in terms of the distances or area* oxer 
which field intensities of interest are provided. 
When the natural static level and the receiver input 
noise level are known, the field intensity required 
to override them may he easily derived to deter- 
mine the minimum values required for satisfactory 
reception. It is common practice to use a value of 
0.5 millivolts per meter fniv/m) as the minimum 
field intensity requited for primary set vice in open 
c ountrv. For a large, heavily populated, suburban 
area. 10 mv / m i* often used. 

Station coverage calculations. In planning the 
constitution of a station, and particularly its loca- 
tion, the coverage aieas are estimated closely in 
advance. Three important factors ate the power, 
the antenna efficiency, and the field intensity which 
thev will produc e at some short distance where 
earth attenuation is negligible. The distance used 
is ordinarily 1 mile, and the 1-mile field intensity is 
a c omrnonlv used figure of merit. For an efficient 
50- kw nondirec tional station the 1 mile field is usu- 
ally about 1700 mv/m, for 5 kw with a less elabo- 
i ate antenna it is about 500 mv/m; and for 1 kw 
with a small antenna it is about 180 mv ^m. 

Another important factor is the attenuation pro- 
duced by heating losses in the eaith, which ate 
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cumulative and increasingly severe at distances be- 
yond 1 mile. These losses vary widely for various 
types of terrain, with salt water contributing little, 
and sand and rock contributing heavily. Also, the 
losses for a given type of terrain increase rapidlv 
with the carrier frequency. For example, a 50-kw, 
500-ke station with 1700 mv/m at 1 mile transmit- 
ting over moist farm land has a primary service 
area over 10 times as large as a 50-kw. 1 500-kc sta- 
tion transmitting over a lockv or sandv aiea. 

Transmitter locations. Tiansmitter locations are 
selected with care to provide adequate signal inten- 
sity for the maximum number of persons. In urban 
areas interfeienee exists from electrical machinery, 
and high signal attenuation is introduced bv the 
concentrations of large buildings and the fieepient 
location of receivers (with built-in antennas) in 
the lower floors of large hotels and apartment 
houses. To provide noise- fiee service under such 
conditions, transmitters aie located in the most fa- 
vorable direction and usually at such a distance as 
to provide at least 50 mv/m over the urban area. 

For suburban areas, with more favorable condi- 
tions, 10 50 im rn is desirable. Foi liual aieas 
2-10 mv/m is desiiable, but the nominal primal \ 
service area extends out to the 0.5 inv 'rri contour. 
Under favorable conditions good servi< e is obtained 
out to the 0.1 mv / m contour, but it is quite \ulnei- 
able to static and man-made noise Stations of 50 
kw are usually located within 15 miles of the* urban 
c enter. 5 kw stations within 5 miles, and lower-pow- 
ered stations are usuallv in the close suburbs or in 
the urban area itself. The FCC diseouiages locating 
so close to the heavilv populated areas that over- 
powering signal strength blankets reception of 
other local stations, and it imposes the condition 
that the number of persons within the 1000 mv / rn 
contour shall not exceed of those within the 

25 mv 'm contour. 

Frequency-modulation broadcasting. Frequem \ 
modulation (F\l) came early in radio development 
Patents on FM transmission were requested in 1902 
and granted in 1905. Bv 1935 techniques and de- 
vices had been developed and combined in a sys- 
tem which provided unique advantages over regular 
amplitude-modulation (\M) broadcasting Ed- 
win H. Armstrong was c losHv identified with the 
development and growth of FM broadcasting. 

FM broadcasting has full provision for high-fi- 
delity reproduction, is ordinarily free of static, sub- 
stantially suppresses noise and inter ferenep. and 
is relatively free of fading. The service range is or- 
dinarily 40-80 miles, but stations with high power 
and high antenna altitude are often receivable at 
distanees of 150 miles. 

Receivers made exc lusively for AM broadcasting 
cannot receive FM and vice versa, but combination 
receivers are manufactured which can receive both 
systems. 

In the United States and many other countries 
FM broadcasting is assigned frequencies between 
88 and 108 Me. The channel widths are 200 kc. 
Commercial FM broadcasting was authorized by 
the FCC on October 31, 1940. In the first year 25 


stations were authorized in the United States. This 
number has increased to 690. The majority of FM 
stations are operated by owners of AM stations and 
the stations usually broadcast the same progiarns 
to enable listeners to enjoy FM high-fidelity rerep. 
tion of their favorite programs. As an economic aid 
to FM broadcasters, the FCC in 1955 aulhoii/ed 
supplementary functional music transmission lo 
provide subset ibers with background music in ies. 
tautanfs, offices, stores, and factories. This is p er . 
rnissilde bv conventional FM transmission or bv the 
process of multiplexing, in which the second pro 
gram mav he simultaneously transmitted and n- 
oeivod bv the use of a subcarrier. Without multi 
plexing, functional music may be broadcast onlv 
when the regular FM program is absent. With fur 
thei growth of FM hioadcasting and more expen 
ence with multiplexing techniques, the requnc 
ments may he ( hanged to specify that function il 
music or other auxiliary services must utilize mul 
tiplexing to avoid suspension of the regulai Jnoad 
casting program service. 

The FCC permits experimental stereophony 
broadcasting utilizing two separate hut i eland 
audio channels The wide FM < hanncl makes n 
seeminglv more feasible to do this in FM than m 
A.M broadcasting, which is limited to a bandwidth 
of onlv 10 kc 

To understand how a stereophonic system up 
elates, assume that a symphonic onhestia is hunt: 
broadcast Without the stereophonic feature, flu 
entire ok hesjtfa may he picked up hv a single mi 
erophone and reproduced on a single loiidspeakc i 
with the result that the listemer lias no sense of 
the location of the performing aitists. In I lie stereo 
phonic system, however, one microphone would lie 
at the* left renter of the orchestra and another at 
the right cemter. At the i receiver there would be two 
correspondingly sepal ated loudspeakers, lire 1 nu 
erophone at the left would provide a signal cm In 
sivedv for the loudspeakei at the* left, and the* light 
hand microphone would exclusively excite* the 
light hand speaker, thus giving a greater sense of 
spatial realism and hieadth. Following further do 
velopment of stereophonic techniques, the F(C 
mav adopt a ^tandaid method of FM stereophony 
transmission and reception and authorize e onime” 
rial transmission. 

Short-wave international broadcasting. Shortly 

after World War T, experiments in transmission on 
radio freepiencies between about 4000 and 20,000 
kc proved that communication was possible over 
great distances by reflection from layers of ionised 
air, which vary in altitude from about 150 to 250 
miles. Radio waves from the transmitting antenna 
follow a path at low angles above the earth until 
they arrive at the reflecting ionized layers of air. 
called the Fl and F2 layers, where they aie re * 
fleeted back to earth. A number of succeeding re ‘ 
flections between the F layers and the earth make 
possible transmission for many thousands of mu^ 
and. at times, transmission completely around the 
world back to the starting point. . 

By World War II short-wave internal 011 * 



broadcasting was conducted by most nations in the 
*<>rld Such operation is predominantly, but not 
pvlud\elv, conducted by the governments of the 
ie wpe( tive countries, or by organizations controlled 
[ }> them. Commercial operation of short-wave 
i,n>adt asting was authorized and conducted in the 
\ nited Slates bv several organizations prior to 
W () rld War TT, but such operation plays a minoi 
pa?i at present. See Radio; Radto broadcasting 
^ jwoitks; Tn i vision n i iworks. | r. r. u y] 
Bibliography : W. L. Everitt. Fundamentals of 
Rnflio and Elc< tromrs, 1958; Federal Communica- 
i,on^ Commission, Rales and Regulations , pt 3; 
K Hennev (ed ), Radio Engineering Handbook . 
'tli rd 1059; E. A. 1 aport. Radio Antenna Engi- 
•i, f ring, 1952; National Assoc ration of Broadrast- 
, r> Fn "in rering Handbook. 

Radio broadcasting networks 

\ pinup of broadcast stations connected by radio 
Di wire so that ail stations tan broadcast the same 
pio^ram sirnultaneouslv 

In 1922 the American Telephone and Telegraph 
(oniprnv 1)ir i It a < omplcte broadcasting station in 
V w \ nrk through whi< li anyone w it h whom it ( on- 
tint^d ( ould broadcast his own piograms hv pav- 
mnit (d tolls. This led to the concept of using the 
11111111(111 carriei inter c it \ facilities for sending pio 
„i ini'' tiom the point of origination to distant sta- 
tion^ for simultaneous broadcasting 
Network luoadcasting was first accomplished on 
Juiiuiv 1 1 92 I. when a program originating at 
T A1 \I in New York was also sent to and broadcast 
or liiluneousU bv WNAC in Boston Thus was horn 
i Miuif* hv which elaborate and expensive pm- 
-r mis and events of widespread interest are made 
i\ nl.ihle to networks of stations, all of whic h sliare 
ihi lmidensome costs. These events led to the for- 
nution of private network broadcasting companies, 
"link c ontrac t with AT&T for distribution of their 
i mgniTis 

United States broadcasting networks. Tn the 

I mtnl State's there are four principal sound broad 
« Ming networks and three for television, all of 
utilize telephone company facilities for pro- 
^ nni distribution. The AM networks are listed 
Mfo\ with approximate statistics. During the Hint- 
lnei Uie circuit mileage may increase because of 
large daylight saving time differentials. 

Yetwork Stations Circuit miles 

National Broadcasting Co., Inc. 200 17.500 

*°luinlaa Broadcasting System 200 16,500 

tnerican Broadcasting Company 284 21,000 

utu al broadcasting System 410 28,000 

did^° te ^ ev ^ on networks are those of NBC, CBS, 

an( * are roll Pbly comparable in size to 
{e networks of these companies. Sec Th.lvi- 
I0N NH WORKS. 

Other countries utilize program distribution net- 
and ^ ^ rom ^ese principally in scope 

ownership. To meet the complex requirements 
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of modern broadcasting, program distribution net- 
works take several forms, all of which may be an 
integral part of a national network. 

Round robin . A network circuit that extends from 
a network office to and through other communities 
on a circuitous route back to the starting point, 
serving individual stations and groups of stations 
en route, is called a round robin. 

This tv pc of network operation has the advantage 
that programs may be inti od uced from any office on 
the network by opening the round robin at one of- 
fice and closing it at all other offices. The illustra- 
tion shows how a round robin might be constituted. 
The found robin connects the network offices in 
New York, Chicago, and Washington. Along the 
route there are Bell svstern offices, which feed local 
stations or groups of stations. Round-robin net- 
works aic used for both radio and television broad- 
casting 

Round robins simplify the switching of programs. 
The number of stations connected to a network at 
any one time mav change widely throughout the 
dav Stations take network programs at certain 
lirne^ and at other times originate their own 

A program originating in New York mav be 
routed Irom the network headquarters to the New 
York office of AT&T, thence to Bell offices in Stam- 
ford, Bridgeport New Haven, Schenectady, Buffalo, 
and so on to the network office in Chicago At thi r 
point, if desired, the round lobin may he opened 
and a different program sent on thiough the Bell 
ofhc es in Indianapolis, South Bend, and Pittsburgh, 
to an additional group of stations. Thus, anv de- 
sired number of stations mav he served bv this 
round robin either individually, in groups, or in to- 
tal. An important feature of a round robin is that 
the network mav perform the switching functions 
in it own offices without dependence upon remote 
Bell v stern offices. 

The circuit arrangement associated with the 
Pittsburgh office is shown in some detail to illus- 
trate an intermediate Bell system office. At each of 
t he* \T&T offic es often referred to as lcpeater sta- 
tions. one or more broadcast stations may be con- 
nected Separate circuits transmit the program 
from the Bell office to the local broadcast studio. 
After monitoring, the program is fed to the local 
transmitter on another circuit. At intervals along 
the' round robin, network extensions may be con- 
nected to serve other parts of the country not cov- 
ered bv this round robin. 

The round-i obin type of circuit provides for 
transmission in one direction only, so that to reach 
from one office to another substantially the whole 
round robin may be required. For example, a trans- 
mission from New York to Washington requires 
that the program go through Albany, Chicago, and 
Pittsburgh. 

In practical operation of a round robin, two or 
more network offices may participate in the pro- 
duction of a program. For example, it mav be de- 
sired to have an announcer in New York for a pro- 
gram originating in Chicago. With control of the 
network from the broadcast’ offices the switch be- 
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tween the program and announcer mav be made 
instantaneously on word cues This is one of the 
reasons why the round robin was established with 
the network offices as the nucleus 

At the network offices, highly skilled and experi- 
enced technical personnel make d great many pro- 
gram switches quick]' and simpl>. 

Retersible circuit. A broadcast network circ uit in 
which the direction of transmission may he leversed 
at anv of a numbei of intermediate points or termi- 
nals is known ds a reversible circuit. Tt is possible 
to have continuous transmission from one end to 
the other, reverse it in direction, or open the cir- 
cuit at an intermediate office and transmit a pro- 
gram in both directions. Customarily, this type of 
switching is done at the network offices. When it is 
essential to switch at a non-network office the opera- 
tion is performed by the AT&T staff by preairange- 
ment. 

Reversal switching requires some loss of pro- 
gram time and a sponsor may be willing to spend 


thousands of dollars to avoid it, even though onh 
seconds are involved The reversible circuit laik- 
some of the flexibility of the round-robin ciuiut 
It normally is controlled from designated poin^ 
by electrically operated relays 

Leg of a network. An appended supplemental 1 ' 
network circuit, feeding more than one station Irom 
an intermediate point along a reversible or a lound 
robin system, is called the leg of a network Net 
work legs are usually, hut not necessarily, one wav 
circuits from the AT&T office to the leg offices and 
the stations they feed. There are many such 1<T 
which feed geographical regions, such as the New 
England states, the southeastern states, and tin 
north central states. 

To originate a program for the network from a 
station on a one-way leg, various methods are P° s 
sible. One is to lease a special circuit from the n«t 
work leg station to the nearest AT&T point on the 
round robin and utilize the AT&T staff for 

«■ A M A*1*A1i in liA n«^M* the Clt 
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< uif from fhe network leg .station to llie nearest net* 
W()I 'k control office which performs the switching 
'Miration. Connection by way of the network office 
^ Us ffio advantage that the network can adjust to 
un\ schedule change independently of AT&T. 

Tup from the network. This comprises one indi- 
'iffiial station fed from a network line. 

St a tion-to- station feed . With this tvpe of network 
"peration, a program is sent to a station, which in 
turn c ends it on a Bell circuit to a second station. 
w hich in turn sends it to a third, and so on. 

Local loop The telephone line which connects a 
telephone-system office to a broadcasting station, is 
billed a local loop. The loop circuits are owned and 
operated hy local telephone companies. 

Special lines . These circuits are provided, usu- 
ll <>n a temporary basis, to send a program over 
' onsiderable distances, such as between cities. Such 
,nes ^ re used often for remote pickups from points 
0 which regular lines are not established. Network 
r °adcasting stations are not fed from special lines 


until after the program has gone through the net- 
work control point. 

In-and-out feeds. The Bell system circuits at their 
local offices are connected to the local offices of the 
network or the individual broadcasting stations by 
in-and-out feeds. These feeds make it possible for 
the customer to perform switching functions, be- 
cause he has at his disposal both the incoming 
and the outgoing circuits. 

Circuit designations. Each segment or branch of 
a network has an identifying designation for con- 
venience. These designations facilitate quick refer- 
ence to a segment upon which there may be trou- 
ble. or which may be ordered separately for pro- 
gram connections. For example, the Nil circuit 
in the illustration consists of a group of stations in 
New England fed from the AT&T office in Albany, 
and IND identifies the section of the round-robin 
circuit between Chicago and Pittsburgh. 

Channels for program transmission. Network 
channels with different electrical characteristics 
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are available for different purposes. The subsc riber 
chooses the type most suitable for his purpose. The 
available channels are listed below; AAA is the 
most expensive and E the least. 


Schedule 

Use 

Frequency range 

AAA 

Continuous, when 
so ordered 

50-15,000 

BBB 

Occasional 

50- 15,000 

AA 

Continuous, when 
so ordered 

50-8000 

BB 

Occasional 

50 -8000 

A 

Continuous, when 
so ordered 

100 5000 

B 

Occasional 

100-5000 

C 

Continuous 

200-3500 

D 

Occasional 

200-3500 

E 

Occasional 

300-2500, 


for speech only 

Velocity Of propagation. A radio network may 
use program lines in which the velocity of propa- 
gation is relatively low. This is inconsequential 
with respect to other times involved. However, when 
transmitting a netwotk program of television sight 
and sound, it is necessary to maintain synchronism 
of lip movements, and the velocity of propagation 
of the sound program lines must oloselv approxi- 
mate that of the picture program line. Therefore, 
television audio lines must he selected from the net- 
work circuits which have low time delay. These ina\ 
consist of carrier circuits rather than metallic cir- 
cuits. To maintain lip synchronism in television, the 
over-all delay is limited to about SO milliseconds 
compared with the picture. 

Delay equalization. On metallic* circ uits the low- 
frequency waves normally travel moie rapidly than 
high-frequency waves because of circuit icaetanee. 
This results in arrival of low frequencies before 
high frequencies and production of distortion of 
the sounds whic h would lie objectionable. To avoid 
this, the telephone eompanv provides velocity equal- 
ization, which delays the low-frequency waves so 
that all frequencies arrive with a time difference of 
not more than 10 milliseconds. Sound circuits with 
velocity equalization are not always suitable for 
television, because all frequencies arc delayed com- 
pared with the picture. 

Maintenance of program levels. Tt is necessary 
to maintain program transmission levels within pre- 
determined limits to over-'ome circuit noise, avoid 
overloading of amplifiers and other circuits, and to 
allow switching of program circuits flexibly and 
freely without level adjustments. This is accom- 
plished by careful pread justment and continuous 
monitoring of levels on level indicators, technically 
known as VU (volume unit) meters. A standard 
type is used throughout the system to assure uni- 
formity in the observations. See Radio broadcast- 
ing. ]*R. F. GUV*] 

Radio range 

A radio facility emitting signals which, when re- 
ceived by appropriate companion equipment, pro* 


vide a direct indication of the bearing of the fa- 
rility from the vehicle. 

A-N radio range. First installed in the United 
States in 1927 to form the backbone of the airways 
system, this equipment was considered obsolescent 
in 1946 but has continued in use much beyond that 
date. It operated in the 200 to 400 kilocycle range 
and was received on a high-selectivity receiver of 
conventional design. The A-N range establishes 
four radial lines of position which can be identi- 
fied by a continuous tone signal. This continuous 
signal is actually made up of keyed pulses of equal 
amplitude representing the Morse code letter A 
and N. The pulses interlock to form a continuous 
tone on the lines of position, as shown in Fig ] 

The piinciple of this device is illustrated in Fjg 
2. This figure represents two loop antennas, wind, 
are connected to a radio transmitter by a motor- 
driven switc h. The transmitter is continuously mod 
ulated bv a tone to which the ear is sensitive. It 
is connc< ted to one loop for 3 sec, to a second 
loop for 1 sec, back to the first loop for 1 sec, and 
back again to the second loop for 3 sec. If the rr 
eeiver is located on a line with the plane of one 
loop, the Moise letter A (dot-dash) may be heard 
If, on the other hand, the receiver is in line with 
the plane of the second loop, the Morse Jclter 1 \ 
(dash-dot) may he heard. However, if the leceivu 
is on a line forming the bisector of the planes of 
two loops, there will he heaid a continuous dash 
formed by the interlocking of the two letters. It an 
aircraft goeyoff this course, one signal (Am 1 N > 
is received with greater intensity, breaking up tin 
continuous tone and warning the navigator. 

The two loops are connected to the transmitter 
through a goniometer which permits the rotation ol 
1 he courses. Provisions aie also made to bend and 



lines of continuous tone 
(equal A and N signals) 


Fig. 1. A-N radio range signals. 
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p,g 2 Diagrammatical representation of the princi 
pies of the aural radio range 



Fi 9 3 Principles of the simultaneous radio range 
Ground station, (b) Aircraft. 

the (ourses in order to align them with the 
of the desired airways. The width of the 

toui^e ls a b out $o 

^ U(1 to night effect (caused by mixing of the 
unwind and sky-wave signals), the loops aie often 
rt pla<ed by directional arrays consisting of four 
'mil il radiators (two vertical radiators replacing 
” llP This arrangement is known as the T-L 

ra nge To permit simultaneous reception of voice 
Stance signals, a fifth tower is installed in 
e center of the array and fed by a separate trans- 
Inuter which differs in frequency from that of the 


Radio range 

keyed transmitter by 1020 cycles. Modulation is re- 
moved from the guidance-signal transmitter; con- 
sequently, the guidance tone is generated by the 
beating together of the frequencies from the two 
transmitters. The voice-frequency transmitter is 
modulated with speech which is first passed 
through a filter which passes all voice frequencies 
except 1020 cycles Two filters arc connected to 
the aireiaft receiver output One of these filters 
passes only 1020 cycles (the guidance signal), 
while the othei passes all fiequcncies except 1020 
cycles and is therefoie used when voice reception 
(of weatbei liifoi mation ) is desired Set Fig } 
Consol. Also called Consolan and Sonne, this 
radio lange navigation aid provides a number of 
c liarac tcnstic signal /ones that lotate in a time se 
queue e A healing is deteimined 1>> observation of 
the instant at which tiansition occurs from one 
/one to the following zone 

l he ( onsnl system consists of three antennas 
spaced in line Hie spacing between the antennas 
of a pan is approximated 2 88 wavelengths The* 
cent! a! antenna of the tno is excited with an un 
changing ladio fiequenc y euirent, whereas the 
othei two antennas an supplied with cunents that 
lespec tivelv lead and Jag by 90° the current m 
the c c ntral antenna f uillier, the phases of the cur 
rent in the othei ante nnas aic rotated as a fun< - 
tion of time Keying of the Morse lelteis E and 
r is accomplished by leveising the phases of the 
Him nl in the outc l antennas bv 180° 

'I he space pattern of the Consol system is shown 
in 1 lg 4 Coverage is provided over an aiea of 
about 120 on eithei side of the antenna array The 
usual cycle of operation of a Consol station is 
as follows (1) omnidiiectional transmission with 
idcnlii)iug station letters foi 28 see, (2) break for 
1 ^ »‘c ( $) transmission of *0 each of the E and 

T characters while the lobes roLate for 30 sec, 
(4) bieak foi 1 S sec 

The Consol signals are leceived on a conven- 
tional receiver operating at low frequencies The 
pilot counts the number of Es (dot-) and Ts 
(dashes) heard dining one cycle and the ratio of 
these two counts (when referred to a chart) gives 



Fig. 4. Field pattern of a Consol system. 
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bearing to an accuracy of about Vj°. It is evident 
from the pattern that Consol has an ambiguity 
every 40°. In order for the Consol information to 
be useful, it is therefore necessary to have means 
(such as a direction finder) for determining posi- 
tion to within 20° before this information has sig- 
nificance. 

Navaglobe. This long-range, continuous-wave, 
low-frequency radio range system of the ampli- 
tude comparison type provides bearing information 
for the Navarho polar-coordinate system (.see 
Navarro). 

Vhf omnidirectional radio range (VOR). This 

type of range operates at very-high frequencies and 
provides radial lines of position in any direction. 

This facility operates in the 112-118 Me range 
and employs a directional and a nondireclional an- 
tenna. The emission from the directional antenna, 
when combined with radiation from the nondirec- 
tional antenna, results in a cardioid space pattern. 
This space pattern is rotated at a speed of 30 cy- 
cles per second either physically or through the use 
of a goniometer. No other modulation appears on 
the rotating (variable phase) pattern. The rotation 
is synchronous with a frequency modulation which 
is imposed on a small amount of radio frequency 
energy derived from the source that feeds the vari- 
able phase antenna and radiated by the nondirec- 
tional antenna. The output of the nondireetional 
antenna is therefore a carrier frequency that is 
amplitude-modulated with frequencies that vary 
cyclically from 9480 to 10.440 cycles at a 30-cvcle 
rate. This signal appears even where in space (see 
Fig. 5) within the coverage of the station. 

A special receiver is necessary to derive naviga- 
tional information from the VO If. This equipment 
receives both the variable and reference phase 



synchronous reference-phase 


motor antenno 

Fig. 5. Principle of the vhf omnidirectional radio 
range. 


emissions on a common channel. After the detector 
output, a band-pass filter operating from 9480 to 
10,440 cycles recovers the reference phase signal 
while a 30-cycle low-pass filter recovers the varia- 
ble phase signal. Phase detectors operating servo- 
mechanisms may then be used to indicate hearing 
It is also common practice to adjust a phase shifter 
to a hearing that it is desired to fly. The phase d P . 
tec lor then indicates when the phase of the received 
signal is equal to the desired bearing. See Navic.\. 
TION SYSTEMS, ELECTRONIC. [>. C. SANDRK1 r<)l 

Bibliography : P. C. Sandretto, Electronic J v j. 
gat ion Engineering , 1938. 

Radio receiver 

That part of a radio cornriiunication system which 
abstracts the desired information from the radio- 
frequency (rf) energy collected by the antenna. 
All radio receivers must perform three basic func- 
tions: selectivity, amplification, and detection. Foi 
basic discussion of radio principles, see Radio. 

Selectivity. There are many radio signals trails 
milted at the same time which are available at the 
antenna. Out of these many signals the receiver 
must select the single one desired. This is done 
by tuning the receiver to the frequency of the de- 
sired carrier. The tuning circuit contains a combi- 
nation of inductances L and capacitances £, one 
or more of which are variable. The frequent v / 
selected is determined by the relation 

y / = 1 /2 tt\//7c 

where / is in cycles per second (cps). L is in 
henries, and C is in farads. 

Tuning the receiver, therefore, consists in chain- 
ing the inductance or capacitance, usually the lai 
ter. When so tuned the inductance-capncitarn »' 
circuit accepts the desired frequency and inert- 
other frequencies. By using several such circuit- in 
series, a high degree of selectivity may he obtains! 

Amplification. Because the incoming signal ma' 
he weak and because a certain minimum energy i“ 
required to operate the loudspeaker, the head- 
phones, or the television picture tube, considerable 
amplification must take place between the input id 
the receiver and its output. This is usually called 
the gain of the receiver. It may amount to 10,00u 
000 times in voltage or 140 decibels (db). S (1< ’ 
Amplifier. 

If the detector, which abstracts the desired coin- 
miinication from the high-frequency amplified ^ r 
nals. requires 1 volt to perform its function prop’ 
erly and if the input to the receiver is 1 microvolt- 
a total amplification of 1,000,000 times is requif^ 
prior to detection. If the loudspeaker requires 
volts, another voltage amplification of 10 is nec ’ 
essary between the detector and the loudspeakci- 

Figure 1 shows the gain between stages of a su 
perhetcrodyne receiver. The voltage gain of any 
stage or group of stages can be obtained by ta 
ing the ratio of the ordinates of the proper curves. 
The gain in decibels is found by subtracting * e 
values of the proper curves. For example, the yo 
age gain at 1000 kc of the second intermedia** 
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eqnency (i-f ) amplifier is the total gain to the 
L( ,nd detector divided by the total gain to the sec- 
nd i f grid, ° r 940,000/17,000, or 55. The db gain 
, i ig-84 = 35. 

Detection. The energy collected by the antenna 
nd presented to the input of the receiver is in the 
, rm of iadio-freqiiency waves which act as a car- 
tr lot the information to be transmitted The pui- 
of the detector in a receiver is to remove the 
f sired (ornmuniedtion from this (airier and to 
>,i% er t it into a foim that will actuate the output 
u t such as a loudspeaker. Si e Dt ti ( toh 
Types of receivers. Two general t>pes of re 
i\ei aie in use today, the tuned-iadio-fiequem \ 

1 K h ) and the supeihelerodvne. Both of these 
n 1m used foi amplitude modulated (AM) sig- 
,|s I i equem y modulation (FM) ie< eivei s aie al 
i„si llwavs super hete todvnc 
I HI rtceim In a TRF ietei\ei, all ainphfiia 
on up to the dt te< toi takes place at the fie 
nt in v of the incoming signal This usually le 
iiims sfu'ral stages of tuned amplifu ation Fach 
is tuned to the same fiequemv and the tun 
i (It mdits aie ganged togethei lor convenience 
Im ii tuning lor i discussion of tuned amplifiers 

\ Ml I II 11 It 

! K I menus art especially applicable to the 
w lit(|ii< iuv and \m low ficquciHv hands liom 
I. oil 10 ()()() to 300 000 «|)s Fig me 2 diows a 
} 1 » k (Ii igr nn of a TRF ie( t‘i\tr compaied to a 
|h i lit It iod\ ut it*« t nei 

\uju tin f< io(l\ nt ref (tiff With the inc teased 
t of login r lieijiiem ies toi hi oach astmg and 
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1 Voltage gain in successive stages of super- 
e, *rodyne receiver. (From K. Henney, ed., Radio En- 
Serins Handbook , 5th ed., McGraw-Hill, 7959) 



Fig 2 Comparison of TRF and superheterodyne re 
ceuers 


communications a high degree of selectivity be- 
taine necessaiy The TRF receiver was inadequate 
in tins i# spe c i This selectivity was obtained h\ cir- 
( ml techniques involving frequency c hanging. The 
siiperhc lei od \ ne ciicmt changes the fiequency by 
lietciody mng «u beating iwo tiequenc ies together 
to get a third When two signals of small differ- 
ence in fiequency an superimposed on a nonlmeai 
device the output consists of energy at two majoi 
< omhination frequencies which aie the sum and 
diffeiencc of the ouguial frequencies The sum of 
the two heating Irequeac ies js usually eliminated 
hy tuned cue mts following the heterodyne plot ess. 
The difference frequency, n hired to as the inter- 
mediate fnquency, is passed on lot lurthei am 
plifu ation and, what is more impoitant. thiough 
stages of high selectivity because selectivity at 
lower frequencies is more easily obtained than at 
high fiequene ies 

The new l-t signal denved lioin the modulated 
carnei frequency and an unmodulated local oscil- 
latoi fiequene v (see Tig 2) is modulated to the 
same degiee as the original earner There is very 
little distortion in this process which takes place 
in the mixer 

The difference frequency (i-f) must be high 
enough so that little response is obtained to the so- 
c ailed image frequency, which is an incoming (but 
unde sired) radio frequency signal whose difference 
from the loc al beating oscillator is the same as the 
desired signal The image signal diffeis from the 
desired signal bv twice the i-f frequency. An exam- 
ple of this is d desiicd signal of 1000 kc and a 
local oscillator of 1500 kc beating to obtain an 
intermediate frequency of 500 kc. The image fre- 
quency of 2000 kc, if allowed bv the selectivity of 
the TRF amplifiers ahead of the heterodyne, will 
cause interference hy developing the same differ- 
ence of 500 kc when beating with the 1500-kc local 
oscillator. 

The tuning of the local oscillator in home-enter- 
tainment leceiveis is ganged to the tuning of the 
TRF amplifiers and thus does not present any 
more difficulty in manipulation than does a TRF 
receiver. 
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Where the ultimate in operational characteris- 
tics is desirable, it may he required to heterodyne 
the incoming signal more than once. Commercial, 
radiotelegraph, traffic-handling systems emplov at 
least dual and even triple superheterodyne receiv- 
ers. The first intermediate frequency is made 
rather high foi good image suppie^sion. The sec- 
ond intermediate frequency is lowered to a value 
where other, spurious signals are not too obtrusive. 
A third very low intermediate frequency, for very 
high selectivity, is then utilized for final detection 
or demodulation to the oiiginal intelligence. 

The actual change of frequency in a superhet- 
erodyne receiver is performed by a frequency con- 
verter, often called a mixer, hotel odyne modulator, 
or first detector. This device mav be a tube, transis- 
tor, or other nonlinear device. Two inputs are ap- 
plied to tin* mixer, the incoming signal, and the 
output of tlie local oscillator. The fiequencv of this 
oscillator differs from that of the incoming signal 
by the intermediate frequency. 

The mixer mav be very simple, with both signals 
applied to the same grid of a tube, or it may be 
more complex, ft may contain means for generating 
the local frequenev. oi it mav have additional in- 
ternal elements to wlih h the local oscillator output 
is applied. In any c ase the mixing process lakes 
place because of the ability which each tube cle- 
ment has to modulate the electron sit earn from 
cathode to anode. 

The greater the number of electrodes in a com- 
mon electron stream, the greater will be the noise 
de\ eloped in the output. Therefore multielement 
mixers are used onlv in those circuits which have 
considerable signal amplification ahead of the 
mixer. This reduces the relative noise contribution 
of the mixer. The use of a separate local osiillatoi 
allows better fiequencv stabilization. Good fre- 
quence stabilization is especially required when 
the following i-f amplifier has a high selectivity 
(narrow bandwidth). 

Lo< al oscillators used in superheterodyne receiv- 
ers require careful design. Assuming that the 
transmitted signal is kept within narrow limits of 
frequency tolerance, the local oscillator must keep 
the resultant intermediate frequency at the renter 
of the pa-*s hand of the amplifier. This is impor- 
tant to reduce distortion and operator attention. 

The narrower the pass hand of the amplifier — 
that is, the greater its selectivity — the more impor- 
tant it is that the local oscillator does not vary in 
frequenev. This is difficult in receivers which must 
be tuned by an operator so that one of sevetal sig- 
nals may be selected at will. In dual-detection su- 
perb cterodynes the second oscillator ipav be accu- 
rately controlled in frequency by a piezoelectric 
quartz crystal, such as that used to maintain radio 
transmitters on theii assigned frequencies. 

Regenerative reedier. A very simple and effec- 
tive form of receiver, often employed in the early 
days of radio communication, utilizes the phenom- 
enon of regeneration to improve signal strength. 
In this system, some of the received energy is fed 
back into the input after amplification. If the feed- 


back has the proper phase, the energy fed back 
adds to the incoming signal and produces a greater 
output than if no feedback were employed Al 
though the amplification is high in such a system 
the selectivity is not enhanced and for this reason 
regenerative receivers are seldom employed no^ 
FM receivers. Receivers for frequency-modula- 
tion systems differ in several respects from those 
used in amplitude-modulation systems. 

In an AM system, the desired communication ls 
impressed on a high-frequency carrier by \anin«r 
the magnitude of the carrier in accordance with 
the magnitude of the signal to be transmitted. Tln> 
detector in a receiver for this system produces an 
audible signal corresponding to these amplitude 

vuiidtions. 

In an FM system, the* earlier is modulated h\ 
the desired message by vaiying the frequent \ of 
the carrier instead of varying its amplitude (s^ 
Fw (,)ifi nh modi» i a i ion ) . The receiver for such A 
system must have some means of producing a van 
ing voltage amplitude to correspond to the \ar\ing 
frequenev. Tn other words, the FM signal must he 
converted to an AM signal. 

Because the actual incoming fietjueruv vano. 
the bandwidth to he parsed bv the leeciver urriuP 
must he wide, and the greater the frequenev valid 
tion for a given input voltage variation, tin 
greatei will he the advantage of the FM^sv stern 
compared to an AAI system from I ho standpoint m 
eliminating noise. 

Tn an FM re< ei\et, a limiter is employed to Him 
inate all amplitude variations of the tairieT and tn 
deliver to the final detector a signal which r s fitt 
of noise. Several types of FM detectors arc cm 
plovcd, usually called disc riminatois. See Fiu 
OUI \( y-MODl LA r ION 1)1 r 1 V< TOR. 

Single-sideband (SSB) receivers. This u pc H 


communication system is advantageous computed 
to frequene v modulation and amplitude modulation 
in spectrum conservation and power gain. For the 
theory of single-sideband see Ampliiudf. modi m 

I ION. 

Tlieie ate two forms of SSB receivers. One 
(onnnonlv referred to as single-sideband (SSBhi" 
for the rec eption oi but one sideband of inlclli 
genre on a reduced carrier. The other, independ 
ent-sideband receiver (TSB), is used for the re 
ception of two channels of intelligence, one on an 
upper and one on a lower sideband. To effect thh 
type of reception without undue distortion, the c ai 
rier is exalted or reinforced, and in some instance* 
a local carrier synchronized by the incoming 
cluced carrier is employed lor demodulation, “nine 
times referred to as product detection. 

To separate the sidebands and carrier, carehdb 
designed filters are employed. Their characteii 4 ^ 
are very important to reduce crosstalk between 
the sidebands and the sidebands and carrier cha n 
nel. 

Independent-sideband (ISB) enables a 
deal of intelligence to be received over a 
carrier. It is possible to receive four telephone 
versations in a 12 kc total bandwidth, or a 
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Fig. 3. Block diagram of FM superheterodyne receiver. 


telephone conversation, facsimile transmission, and 
man\ telegraph subcarricrs at one and the same 
time. 

Diversity reception. Signals received at a given 
point \aiy in strength (fade) because they are re- 
flet ted down to the antenna from the ionosphere 
ninth is unstable with time. Signals at two Joca- 
lions spaced a wavelength or more apart do not 
lade the same amount at the same time. They ma> 
lit* strong at one site and weak at the other. The 
(ouelation decreases with the number of wave- 
lengths, ten wavelengths being a practical limit. 

l)i\eisit\ leception takes advantage of this phe- 
non'cnori \nlenmis ate located at several sites arid 
the deter ted outputs derived from receivers con- 
noted to these antennas aie applied, through 
su j|< lung devices, to a common output. Automatic 
filing oi selection means, controlled bv the strotig- 
i^l or best signal, assure it to he the major or 
on I \ tnntiihutni to the final output. Thus, the out- 
put will have the best signal-to-noise ratio for anv 
Munhinatiou of operating conditions. The final out- 
put ol the diversity receiver is derived from the 
ullage induced on one antenna only. 

Receiver antennas. r rhe main objective in the 
d« Mgn of a receiving antenna is extraction of maxi- 
mum power with least noise and interference from 
unwanted signals. 

\ high signal-to-noise ratio is desirable. This 
mo not always lie feasible, as in the ease of re- 
•mwis used in homes for entertainment pm poses, 
wline a properly designed antenna would he an 
•nr onvenience not required in areas served bv high 
Md strengths. In the field of commercial commu- 
11,1 aliens, however, a properly designed antenna 
' V, H i educe the requirement (and expense) of a 
nveiver of low noise factor. A good antenna of 
uanow directivity wil I extract a large amount of 
power from the wanted radio wave. 

The form that antennas lake is detei mined by 
manv factors, according to the particular require- 
ments of the receiving instrument with which they 
are to he associated, the frequency coverage ap- 
plicable, the service, the availability of land, and 
hath. The field of radio antenna engineering is 
a, £c, requiring specialists to resolve each design 
1,n iquely. See Antenna (aerial). |"w. Lyons'] 
biography: K. Henney (ed.), Radio Engineer- 
"'z Handbook, 5th ed., 1959; E. A. Laport, Radio 
nte/i/m Engineering , 1952; S. A. Schelkunoff and 
• Friis, Antennas— Theory and Practice , 1952; 
n Radio Electronics , 1956; K. R. Sturley. 
iUi Reiver Design , 2d ed., 1953. 


Radio sources (astronomy) 

Surveys of the .sky at radio wavelengths have re- 
vealed the presence of discrete sources of radio 
emission. Some 2000 sources are now listed in 
published catalogs. One can distinguish between 
galactic sources, which belong to our own galaxy, 
and extragalactie sources. See Radio astronomy. 

Galactic sources. Galactic sources are concen- 
tiated near the plane of the Milky Way. Those 
sources which are near the Sun have been identified 
with visible objects; obscuration of visible light by 
dust clouds in the galactic plane presents identifi- 
cation of distant galactic sources. Two types of 
galactic sources exist: the thermal sources, such 
as the Orion Nebula, whose radio emission is due 
to the thermal agitation of electrons in ionized 
hydrogen, and nontherrnal sources, such as the 
Crab Nebula, whic h are the remnants of supernova 
explosions of stars, and emit radio waves by the 
svncluolron process (sec Cosmic kws). 

Extragalactie sources. Extragalactie radio 
sources, unlike galactic radio sources, show no Yon- 
rent) at ion toward the galactic plane. Some of these 
extragalactie sonnet air nearby normal galaxies, 
such as that in Andiomeda. These galaxies can 
also he observed hv the hydrogen line radiation. 
However, most of the extragalactie sources are 
unit h more powerful radio emitters than normal 
galaxies, hv a factor of up to 1,000,000, The spec- 
trum nt the emission i «. similar to lhat of nonther- 
mal sources in our own galaxy. By ihe use of large 
radio interfrrometeis and bv observations of occul- 
t .i t ion s of somccs by the Moon, positions of radio 
sou i ces <an be determined to a few seconds of arc, 
hut only about one-sixth of the e\tiagala( fir sources 
have been identified with visible objects. Since the 
identified objects air brighter than normal galaxies 
at the same distance, it follows that most radio 
sources are vciy distant indeed. 

About half of the extragalactie sources show 
structure at radio wavelengths; they generally 
consist of two components. In the case of identi- 
fied sources, the radio components usually lie well 
outside the visible object, almost as if they had 
been ejected from it. The optical object is gener- 
ally a peculiar galaxy; it may be a double galaxy 
or a galaxy witlr abnormal structure. 

Quasi-stellar sources. A new class of object has 
been identified. Tn the radio position of 45 sources, 
photographic plates have shown star like images, 
sometimes surrounded by a faint nebulosity, and 
wilh very peculiar visible spectra, characterized 
by a large excess of ultraviolet radiation. The 
optical spectrum has been found to contain lines 
shifted by a large amount in wavelength because of 
the large recession velocity of the objects. If it is 
assumed that this recession is similar to lhat of 
the distant galaxies, one of the sources, 3C 273, is 
a distance of 2 X 10“ light-years! It can be 
concluded that the “quasi-stellar” objects are not 
stars, «inee they emit 100 times as much light as 
a galaxy. Nor are these objects normal galaxies, 
the size of the visible source in 3C 273 being 
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about 2 light-years, as against 80,000 light-years 
for a galaxy. Some of these sources show variations 
in their light over a period of a few years; this 
characteristic supports the conclusion that they 
are small objects, since changes in the sources 
cannot occur in a time shorter than the time of 
travel of light across the source. 

More of the extragalactic sources may, in due 
course, be identified with quasi-stellar objects. How 
these objects are formed is uncertain. The theoiy 
that radio sources are galaxies in collision is not 
satisfactory ; such an event is not frequenl enough, 
nor would it generate enough energy. The most 
recent theories suggest that a star with a mass of 
about 100,000,000 suns is formed and collapses 
undei its own gravitational field. Tn the process, 
electrons of high energy and a magnetic field are 
formed, giving lise to radio emission. This theory 
is also not completely salisfactoiy, and it does not 
account foi eithei the quasi-^telLir sources or the 
two-component type of radio source, which seem 
very different in nature. [ r. r k. tai iinv-ioth | 

Bibliography : 1. L. Greenstein and I.. Sc hmidt. 
The qiiusi-stellar ladio sources 3C 48 and 3C 273, 
Jstrophys. 140(1 ) :1 34, 1064; J. D. Kraus, Re- 
cent advances in radio astronomy, IEEE Spectrum , 
t(9):78-95, 1964; A. R. Sandage. Exploding gal- 
axies, Sri. Am 11(3) :38 47, 1964; 0 Shove and 
V. Zebergs, Astronomy of the Turntieth Century , 
1962. 

Radio spectrum allocations 

The specification of the frequencies of the radio 
spectrum which are available for use b\ the various 
radio services. The radio spectrum is the part of the 
spectrum of electromagnetic radiation lying be- 
tween the frequency limits of approximately 1 0 1 
and 10 n cycles per second. For purposes of identi- 
fication, the radio spectium is divided into hands 
differing from adiacent hands by frequency latios 
of 10. These hands are identified by the metric 
wavelength of the shortest waves in each band (such 
as the metiic hand or the decimetric hand), or by 
adjective or numerical frequency designators, in 
accordance with the accompanying table. The wave- 
length A in meteis is related to the frequency / in 
cycles per second by the relationship r = /A, where 
c, the velocity of propagation of radio waves in 
space, is about 3 X 10 s meters per second. 
Allocation of frequency bands. The table pie- 

sents a listing of the majoi classes of services which 
are provided with international allocations within 
the indicated frequenev bands. Within the United 
States there is also a national allocation which con- 
forms in general to the international allocation. 

The numbers of services and the specific alloca- 
tions and provisions ielating,to them are extremely 
complex and no complete table of services, alloca- 
tions and sharing arrangements can he given here. 
The characteristics of radio waves vary greatly with 
frequency, so that the frequencies allocated have 
characteristics satisfying the operational require- 
ments of the service with regard to distance, band- 
width, and other parameters. Since many services 


have varied operational requirements, allocation* 
to them will he found in several frequency bands 

In most of the frequency bands it has been found 
practical to make block allocations of frequent ies 
to given services. Individual frequency assignments 
of radio stations operating in that service can then 
he made on a routine basis with little need foi co 
ordination with frequency assignments to stations 
in other services. Some of these bands aie exclusn,. 
to a particular service and some are shared between 
specified sei vices in varying degrees. Similarly, ]n 
some services, the stations have individual fre- 
quency assignments which are protected from inter 
fetence by other stations, whereas the stations m 
other services share time on frequencies common 
to several stations. These Arrangements are based 
upon the nature and needs of the services concerned 

The* safety sei vices aie given the greatest meas. 
lire of protection. These include radio navigation, 
marine and aviation. Cleai channels are generally 
assigned to the services directly affecting the pub 
lie, such as common cairier and broadcasting, and 
services which opeiate continuously and automati 
callv without the assistance of a professional op 
eialoi. such as microwave services. Services wludi 
are adjuncts to various commercial and industrial 
operations can tolerate varying amounts of inter 
luplion or interference and these stations operate 
geneiallv on shared frequencies # 

Assignment of specific frequencies. In making 
specific* radio- frequency assignments, the reparation 
between frequencies which are assigned mu4 be 
sufficient to provide for the width of transmitted 
hand required for the type of service involved m 
each case, for the separation between transmitted 
hands necessary to avoid interference, and for tin 
lack of perfect stability of the frequency of the la 
dio transmitter. As a result, the separation between 
adjacent assigned radio frequencies varies wideh 
depending on the type of service and loc ation in tin 
frequency scale. 

The high-frequency hand, by reason of system 
atic reflection of radio waves from the ionosphein 
layers of the earth’s atmosphere, provides interna 
tional fixed radio communications, international 
broadcasting and long-distance mobile cominunica 
tions for ships and aircraft. The characteristic * ( >f 
these frequencies are highly variable. Different fre 
quencies within the band have different distance 
ranges at a particular time, and a particular he 
quenev will have different range capabilities at (Id 
ferent times of the day and night, at different sea- 
sons of the year and at different epochs of the solar 
radiation cycle. Thus, within this band, a group 
spaced frequencies (sometimes called a familv ol 
frequencies) is used by stations requiring continu- 
ous communications over fixed distances. The pe- 
culiar characteristics of this range of frequence 
results in its great demand by a number of service* 
and the use of large numbers of frequencies b\ 
each service. Severe congestion results, so that a 
great amount of coordination is required both n*' 
tionally and internationally. Frequency-conserving 
techniques are widely employed, such as prohi» 1 ’ 
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International radio frequency allocations 



i mi*' i^imst ihe domestic use of these frequent irs 

I fi\<<l si itions wheie alternate means of (oinnui 
ni ilmn nt available limitations on the amounts 

I pnvw i radiated h\ si itions the use of din t tional 

ii in milling and tm riving antennas the use ol el 

I I uni mod j hit ion techniques and handv\idth con 
nm r lei finiques such as single side hand opera 

l ii me! time signing anangeimnts S ( r LU\n 
MIDI H I1IOI IHIMIMS ((OMMI Ml \ IIONS| 

Control agencies. Since tin uses and effects of 
thi"f frequencies aie mtei national in scope an m 
t* 1 n it iciiial oigam/dlion is rcqmied foi efftttive 
nn i r cniMit Ihe need foi jntt r nat lonal coopera 
i n euh inc ed l>v the use of frequent ies m this 
Did otliti bands hv ships and dirt f aft which move 
d) in te i national < oinmeic e 
Inti mat tonal control The organization for llu 
>ntiol of intei national eommunic ations including 
1 idio is the International 1 eler omnumic alion Tin 
hm (IT! 1 ) The ITU ((insists oi the nations which 
^ m i atified the Telecommunication Comention 
) and its appended regulations relating to 
Mcho and table operations A Secretanat and 
1,1 fate i national Frequent y Registration Hoard 
‘H RR) d \ Geneva, Swit/ciland, pio\ide continuing 
u< Mclinati(in of radio problems among the nations 
,,f die world The ITU is assisted hv international 
wh,l, P v of experts As examples, the International 
^ a dio Consultative Committee (CCJR) assists in 
,<( hnjial studies of wa\s to obtain mipioveinenfs in 
^"tems operation and iti spectrum utilization, the 
i national Civil Aviation Organization (ICAO) 
' SMsls Jn legard to matters of concern to aviation 
lP ladio regulations divide the world into three 
lfp,ons and contain a detailed table of allocations 
' v, ih certain differences in the thiee regions. The 
n filiations provide for regional agreements. Na- 
i Jf, naJ allocations can he made within the world 
framework. but any departures must be ac- 
c °*nphshed on a basis of noninterference with the 


internationally agitcd alloc ations 

United States control Within the United States, 
the respnnsibilit) for frequent v allocations is di 
vided between tilt Pit side nt who controls fre 
queue ic s used b\ the fecit ill government, and the 
Federal Connminit ations Commission (FCC) 
whic h c out i ols frequencies used hv nongovernment 
entitle s r ac h is empowered to author i/e the use of 
am liequtncy The Tnterdc pui ttnenl Radio Advi 
senv Committee flRAC) a cooperative group of 
go\ Moment agencies lias been delegated to act for 
the President m ugaid lo the fedeial government 
use of ficquentits The work of this group and the 
procedures established hv the fCC have resulted in 
i ni mnal i aclio frequent v alloc utmn plan and m 
iul< for the operation of radio stations This plan 
is not ideal The demand for radio assignments has 
always exceeded the supply Manv of the services 
do not opei, lit on frequencies which are optimum 
for the st i v u t the optimum frequencies having 
been preempted hv prior services, or techniques 
not lining been developed to make the optimum 
frequencies available when the service was estab- 
lished oi foi other causes A laige factor in the 
problem is the economic tost of hulking service 
changes to improve spet truni usage In addition to 
the continuing studies being made b\ the appropri- 
ate nrgani/ itions at national and international lev- 
els to improve the allot ations several studies of the 
problem have been made bv independent groups in 
government and industry fl W Aiif>, JR. | 
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1934, as amended; U.S. Federal Communications 
Commission Rules and Regulations Concerning Ra- 
dio, Part 2. 

Radio telescope 

A radio antenna, or system of antennas, with asso- 
ciated receiving and recording equipment, de- 
signed for use in receiving radio-frequency waves 
from beyond the Earth’s atmosphere. Extraterres- 
trial radio waves were discovered by K. G. Jansky 
in 1932 with an antenna and a receiver designed to 
st;udv atmospheric radio static. The first antenna 
designed for astronomical obseivations was a 30-ft 
paraboloidal reflector built by G. Reber in 1937. 

Diffraction limitation. The principal function of 
a radio telescope is the same as that of an optical 
telescope — to collet t and concentrate weak elec- 
tromagnetic energy from outer space in sufficient 
quantity to permit detection and rneasuiement Ra 
dio telescopes with collecting areas of several acres 
have been built Of comparable importance is the 
ability of a telescope to select waxes ariiving from 
a given direction while rejecting those ftom other 
directions The ability to separate, or resolve, 
waves from two bright objects subtending a small 
angle in the field of view lequires a telescope with 
a si/e or an over all extension measured in units of 
a wavelength, equal to the reciprocal of this angle 
expressed in ladians 

The wave diffrac tion limitation on angular re- 
solving power is a much more serious limitation foi 
radio telescopes than for optical one's because ra- 
dio wavelengths are 10 1 10 7 times longer Radio 
telescopes have diameters approaching 1000 wave- 
lengths. wbeieas the hugest optic al telescope has a 
diameter of 10 wavelengths Diffiaction limits the 
resolving power only of small optical telescopes 
The lesolution of large ground-based optical tele- 
scopes is seldom finer than about 1 sec of arc be- 
cause of vacations in light-ray paths through the 
Earth’s nonuniform atmosphere, an effect which is 
obseivc'd as srintillation of stars (see Twinkling 
stars). This limitation can he overcome only by 
placing the telescope above the atmosphere, in 
which case a 15-in. optical telescope would have as 
fine a resolution as the largest ground based in- 
strument Astronomical radio measurements are 
also ultimately limited by variations in propaga- 
tion through the Eaith’s atmosphere and iono- 
sphere. 

Choice of location. The radio telescope is rela- 
tively poor in rejecting unwanted wide-angle, stray 
radiation; a rejection factor of 10,000 is not easy 
to obtain, whereas special optical telescopes are 
1000 times better than this. Radio emission from 
the Earth’s atmosphere and ionosphere has a neg- 
ligible influence at meter wavelengths on the per- 
formance of a radio telescope, but man-made sig- 
nals and natural static arriving at the antenna 
fiom nearby or from beyond the horizon seriously 
interfere with accurate measurements and weak 
signal detection. Consequently, radio telescopes 
are most favorably located far from populated 
areas, in valleys between mountain ranges. The 


mountains shield the antenna from ground-wave 
radio interference, bad weather, and damaging 
winds. In contrast, optical observatories are placed 
on mountain tops to avoid much of the turbulent 
and impure lower atmosphere. 

At short radio wavelengths, it is convenient to 
mount the antenna the same way as that of an opti 
cal telescope, making it easy to track celestial ob 
jects across the sky with a simple merhanual 
drive Although the lequired precision of angular 
pointing of a iadio telescope is much less than that 
of an optical telescope, the problem is still dif 
ficult for the larger antennas because of their si 7e 

Spe< ial radio telescopes have been built to oper 
ate ovei a wide hand of wavelengths simultanenusfi 
without loss of performaine; other antennas are 
designed for the measurement of the state and de 
giee of polaii/ation of the incident solar, plane 
tai v , or ( osin i< i adio waves. 

The dete< toi of a radio telescope is noimally a 
radio ie< civer (although at millimeter wavelengths 
heat detectors have been employed); superhttero 
d\ne, timed iadio frequency, oi traveling wave tube 
leceivers, with or without solid state low-noise pit 
amplifiers have been used The outpuL signal from 
the re< civer is leiorded on continuously mov mg 
paper tape, magnetic tape, m photographs film The 
observing and recording techniques m radio and 
photoelei tii< astronomy have nun h in c omniftn 
Discrimination between signal sources. I In 
maximum numhei of cosmic radio sour* es that can 
he reliably measured both in position and mtniHh 
with a giverrradio telescope is deteinuned cithtr b\ 
(onfusion between sources due to inadequate rt 
solving power or b> lack of sensitivity due io in 
adequate signal to-nojse ratio. The antenna dim 



Precision radio telescope 85 ft in diameter on an eq ua 
torial mount. This reflector can selectively receive cefltj 
meter radio waves from an angular area of only 3 5 / f 
of the face of the Moon. (t/.S. Office of Naval Reseat 
and University of Michigan ) 
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rive gain the ra ^° ^ steradians, the solid 
drl g| t . of the celestial sphere, to the solid angle of 
the antenna beam measured in steradians at the 
| ia |f intensity level. It has been found by experi- 
em e that the maximum number of discrete radio 
„ mir , rs that can be measured reliably is less than 
one t-nth or one-twentieth of the antenna gain. 
For example, at a wavelength of 1 m, an antenna 
diameter of 70 m can produce a 1° beam of ciicu- 
|ar cross section. This telescope with a sensitive re- 
, e ivei is not limited by energy sensitivity, but it is 
limited liv confusion, and can therefore leliably 
nic mure less than 4000 individual radio sources, 
oi an aveuge of 1 source pei 10 scjuare degiees 
of ^ky 

On the' other hand, at a wavelength of 10 cm a 
P beam can he obtained with a 7-m diameter an- 
Knna But this telescope is limited by lack of son- 
1 1 1 \ itv bee a use of the small collecting aiea and the 
f it t tlidt most radio sources emit less at shorter 
\v i\ ^lengths, with a sensitive rei eiver, it is impos- 
sible to detect more than about 600 radio sources 
I oi comparison, about 10,000 stars pci square de- 
jin r can be detected optically, away fiom the 
M jlk \ W i\ In general, at inetei wavelengths, the 
lirge ladio telescopes are limited by source confu- 
sion and at centimeter wavelengths, by lack of 

s( Il-lIlN it\ 

Types of radio telescopes. Because <>i the wide 
i in,. e of wavelengths and the* \arietv of observing 
in Imiqnes employed, ladio telescopes appear in a 
\ nl< vanetv of forms The antenna most commonly 
umcI it centimeter wavelengths is the paiaholoidal 
nflMloi with the diamelci langing trom 2 to 90 fl 
Ihc^e aie fiequently on two-axis equatorial 
mounts Occasionally 2 to 12 similar leflectois a re 
lntnc ounce lc*d m a system to obtain a< cm ate* sourc e 
^i/c oi position measuiements by exploiting the* re 
"lilt ini complex antenna pattern. 

\t longer wavelengths, large paraboloidal and 
1< ng paiabolio cylindrical reflectors, usually fixed 
'<> I lie ground, die employed in both single and mill 
iiple arrangements. The largest steerable reflec toi 
s 250 tt in diameter and is located near Manches- 
ter England. It can operate efficiently at a wave- 
kngth of '-everal decimeters. A precise ladio tele- 
S( °pe is shown in the illustration It is mounted 
< i|Udloriall\ on a polar gear 48 ft in diametei. The 
nflec tor is 85 ft in diameter and has a solid suifar e 

curate to about % in., and theiefoie can he used 
al a wavelength of a few centimeters to produce 
d l ,Pdrn less than 0.1°. A reflector 600 It in dtanie- 
h*r on an altitude-azimuth mount was built in West 
* ,r glnia for the U.S. Naval Research Laboratory 

B\ elect lonically comparing the output signals 
rorn two linear-array antennas perpendicular to 
Pa °h other, a single effective antenna beam of cir- 
(,l ) ai r ross section is produced. This is called a 

nils cross and is used at meter wavelengths in 
^ppmg the radio intensity of the celestial sphere 
an d in recording the position and flux of radio 
s °tirces. 

The angular resolving power of a large antenna 
' ln one example it is 64 acres) can be obtained 


with much smaller antennas by synthesizing the 
large effective area mathematically from the daily 
output records from two small antennas connected 
as interferometers as a helt of the sky passes 
through the interference pattern. Each day, the 
separation and the azimuth of the base line between 
the antennas is varied until all independent ar- 
rangements have been covered. A computer then 
c ale ulates with high angular resolution the radio- 
intensity distribution ovei the fraction of the sky 
smveyed .Sec Radio as ironomy [f.i haddock] 
Bibliography: R H Brown and R. Q. Twiss. A 
new t> pe of interferometer for use in radio astron- 
omy, Phil. Mag ., 45:66^-682, 1954, J D. Kraus, 
Rddio telescopes, Sci American , 192:36 41, 1955; 
A C B love'll. Radio astronomy and the Jodrell 
Bank telescope, Pro( IKE , pt. B, vol. 103:711- 
721 1956, 1 . Martin (ed ). Alliances in Electron - 
ic s and Election Physics, vol. 7, 1955; G. S. Mum- 
ford. Ill, Rddio observatories of the world. Sky 
and Telesc ope, vol 18, 1959 

Radio transmitter 

A generator of high-frequency electric current 
whose c haracterisl K s of amplitude, frequency, or 
phase angle may be altered, cu modulated, in ac- 
cordance with the intelligence to be tiansmitted. 
\ radio transmitter (onsists of several distinct ma- 
)oi components to accomplish the objectives of a 
paitnular design foi a particular requirement 
The power a tiansn itter delivers to the antenna 
mdv vary fiom a frac tion of a watt to 1,000,000 
watts I owei powers are used mainly for portable 
oi mobile servites while higher powers are re- 
quired lot broadc asting over large aieas and in 
point to point c ommunic ations 

Transmitters may he classified by the type of 
modulation used Amplitude modulation (AM) 
transmitters are employed for broadcast purposes 
at medium frequencies Frequency modulation 
( FM ) and phase modulation require much larger 
bandwidths in broadcast seivice, and are used 
niamlv at ven high frequencies foi broadcast pur- 
poses Fiequencv and phase modulation provide 
greater signal to-noise ratio than amplitude modu- 
latno, for the same antenna input power There is 
also an advantage in operating at very high fre- 
quencies. where noise is considerably less than at 
the lower or medium frequency band Single-side- 
hand (SSB) or independent-wideband (ISB) trans- 
mitters are used for the transmission of single or 
independent adjacent sidebands. The carrier is sup- 
pressed or reduced to an amount which is negligi- 
ble in eoinpaiison to the total power of the trans- 
mitter. The modulation of the transmitter in this 
mode is both amplitude and angular. The principal 
application of single-sideband transmission is for 
point-to-point long-distance telephone and tele- 
graph circuits. A particular type of SSB transmis- 
sion called compatible single-sideband may be uti- 
lized for broadcast program transmission since it 
can be received by the usual AM broadcast re- 
ceiver. See Amplitude modulation; Frequence 
modulation; Phase modui ation. 
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Fig. 1. Schematic diagram of AM radiotelephone 


transmitter. (From F. E. Ter man. Electronic and Radio 


Engineering, 4th ed„ McGraw-Hill, 1955) 


Amplitude-modulation transmitters. AM trans- 
mitters have two principal design types, either low- 
level modulated or high-level modulated. The low- 
level modulated transmitter is modulated at its low 
power stages, requiring little modulation power. 
The high-level modulated transmitter, which usu- 
ally accomplishes modulation at the anode of the 
output power amplifier, requires modulation power 
to be equal to about 50% of the carrier’s power. 

In order to amplify faithfully and reproduce the 
modulation at low levels, the power amplifiers must 
be linear. These are usually Class B linear ampli- 
fiers, which are much less efficient than the Class C 
amplifiers employed in high-level modulated car- 
rier amplifiers. Because it operates over a large 
band of frequencies, the high power modulator 
must have linear power amplification to achieve 
low distortion. Sec Amplifier. 

Typical equipment. A low power rf oscillator, 
whose frequency is very accurately controlled 
(since it determines the final carrier frequency), is 
the exciter for the transmitter. The exciter is fol- 
lowed by several stages of power amplification, 
which are required to drive the final power output 
stage. In low-level modulated transmitters, all the 
amplifiers following the modulated stage are 
tuned to the same frequency. Those ahead of the 
modulated stage may he used to double or triple 
the frequency of the exciter. In a high-level modu- 
lated transmitter the power amplifier stages are 


seldom tuned to the same frequency, except for the 
input and output tank circuits of the power arnpli- 
fier which feeds the antenna. 

The modulator of a high-level transmitter de- 
rives its input from a microphone or other source 
of audio signal and amplifies the signal, with low 
distortion of the order of 1%., to a level which i« 
usually half that of the carrier power. 

Most high-power modulators utilize push-pull 
in either Class A or linear Class B to reduce dis- 
tortion by balancing even harmonics and to balance 
out some hum and noise components. Negative 
feedback is also used for this purpose. 

'tnlennas. Antennas used with transmitter 1 - 
transform ti* power generated to an electromag- 
netic field. They are designed to have a high ratio 
of radiation to total resistance, which determine* 
the efficiency. Other factors in the design are a sul- 
ficient bandwidth to accommodate the frequenrv 
hand transmitted, direc tivity, and the restriction 
of the solid angle of radiation. With certain tv pr- 
of antennas, it is possible to suppress radiation of 
harmonic frequencies which may cause interler 
once for other services. Usually, harmonic trap" 
are used to couple the antenna to the transmitter. 

Protection. This important design objective in 
transmitters assures continuity of operation and 
protection of personnel. The power supply and 
high-voltage system design are probably the majoi 
problems for any new transmitter type. Safety in- 



Fig. 2. FM reactance tube transmitter. (From F. E. 
Terman, Radio Engineers' Handbook, McGraw-Hill, 
1943 ) 
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p ( g 3 Schematic diagram of SSB transmitter ( From 
f E Terman, Electronic and Radio Engineering , 4th 
nd McGrow Hill, 1955) 

f ilrxks circuit breakers, and warning lights are ferent from the means of detecting amplitude mod 
employed extensively Automatic discharge of t a illation A frequency discriminator tuned to the 

p k i to i s for the protection of personnel is impor relevant fiequenc y must he used to reconstitute the 

tint for the protection of equipment the tern modulation at the transmitter monitoring position 
per itine of the cooling water oi an draft must he Single-sideband independent-sideband. SSB/ 
muntuned low enough for efficient operation or ISB transmission promises great growth of c ommii 

the t qmpment is shut down automatic ally nuations be< ause of several peculiar system char 

Monitoring The operation of a transmitter must ac trusties The ability to transmit intc lligenc e,or 

lx momtoied at all tunes to keep the operating cupymg onlv half the bandwidth as compared to 

lersonncl mfoirned of the condition of transnus AM and FM modes and its adaptability for modu 

m )ii Meteis in important paits of the circuit os I ltion by many low fi cquenc y subcamers aie prin 
illos( 0 |)(s md am al inonitonng aic all used cipal advantages The decreased hand occupancy 

Frequency-modulation transmitters. The trans and reduced c arriei effectively concentrate all the 

tutting frequency in in FM transmitter is v me d intc lligenc e in halt the bandwidth greatly me reas 

f m ind below the median b\ an amount aeeoid ing the effective powe l in voice oi broach ast De 

l > flic unplitudc of the modulating signal and creased bandwidth lequmd feu tiansmission 

I i i it' determined by the modulating sigml The doubles the liumbei of services which can use any 

un| lilude of the tiansrmtted iidio frequency is portion of the fiequenc y spectrum 
nsr int therefore the entite FM system is ai Without SSB I SB mean" lor tiansmission radio 

n^ui to he insensitive to amplitude disturbances telegraph and i adiolelephone circuits are difficult 

1M ti msinitteis aie basic allv sinnlai to AM to operate on closely spaced fiequenc > assign 

ti uiMnillt is except that the AM modulation arn merits Maintaining precision and stability at high 

I hlun^ system is dispensed with and the 1 exciter radio frequencies is much more exacting than at 

iiiusi be i variable fiequenc y source One method the ubcarrni modulation freejuencies m the low 
l modulating the frequency at the exciter utilizes audio spec trum 

rt let me e in the frequency determining section Typical equipment arrangement for SSB trans- 
I I lie oscillator in the excitei The reactance mission comprises an SSB generator (exciter) 

'die is changed electronically oi elec trie ally m vvhic h makes the SSB oi ISB signal ( using a system 

u <oid nice with the low frequency modulating sig of balanced modulators usually ) and filters to sep 

•nl The remainder of the transmitter as in the at ate out the i arricr for reinsertion in the desired 

case will he made up of freejuenry doubling amount, select the desired sideband, and rejet t the 

md tripling stages of power amplification and a unde ued sideband The output at low levels of 
P >\vci output stage several watts is then amplified without frequency 

(nriur stabilization Foi FM transmitters this changing m lmeai Class B amplifiers to the final 

more difficult problem than foi AM tiansmit power output for coupling to the antenna This 

Mdnv schemes have been used, including method (Fig * ) is c ommonly referred to as linear 

^ ' ♦ used for carrier automatic frequency control SSB transmission A principal design objective is 

1,1 ’’ectivers See Automatic tri-quhvcy coniroi the* maximizing of power output for minimum spu- 

* ) Another means of frequency stabilization rious radiation 

employs heterodyning a high-frequency, ciystal *A more complex transmission system employs an 
^neiated wave with a lower frequency, well sta AM modulated transmitter of normal design, an ex- 

hili7f d tank c lrcuit oscillator, modulated by push- citer or adaptor which splits the SSB signal into 

pull reactance tubes See Frfqu*N( y moduiator its two components of amplitude and phase modu- 

I rotation Protection of FM transmitters is sim lation, the normal transmitter stages (which may 

lar tf) that m AM transmitters, except that there employ frequency multiplication and Class C 
fewer components involved and the system is power amplifiers for amplifying the phase compo- 
t,le refore not as extensive nent) , and a rec tifier lor rectifying the AM compo 

Monitoring FM transmitter monitoring differs nent for insertion into the modulator as an ordi- 

r ° ni that in the AM transmitter, because the nary AM signal These two components are then 

meanR of detecting frequency modulation are dif- recombined, after phase artd amplitude equaliza* 
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lion, at the highest power level. This method is 
called envelope elimination and restoration single- 
sideband. The major design objective here is the 
reduction of spurious radiation, which is independ- 
ent of the power output. 

A so-called compatible single-sideband system, 
utilizing the techniques of the last paragraph, mod- 
ifies the amplitude envelope by using product de- 
tection for the AM component and full instead of 
reduced carrier. Compatibility is effec ted because 
the amplitude em elope of this SSB wave is similar 
to that of a normal AM wave and can be received 
bv the usual AM receiver. fw. i yons | 

Bibliography : L R. Kahn. Single sideband 
transmission by envelope elimination and restora- 
tion, Prof . I RE , 40:8(H 806, 1952; E A I aport. 
Radio 4ntenna Engineering, 1952; S A Schel- 
kunofl and H. T Enis, Antinnas Theory and 
Practife , 1952; S. Seelv, Radio Elect i arm s. 1956 

Radioactive fallout 

The radioactive debris of nuclear explosions, con- 
sisting of the materials formed bv the splitting of 
uranium or plutonium atoms (see IN i n \ ar txiuo- 
sro\). This material is ineoiporated into and de- 
posited on the surfaces of the dust formed bv the 
explosion of a nuclear bomb or other nucleai 
weapon. The dust is homed by the vaporization and 
subsequent recondensation of the solids from 
bomb parts, dust already in the aii. and dirt from 
the ground if the explosion occurs close enough to 
the surface for the incandescent fireball to touch 
the ground. See Fission, mitcifvr 

Fallout radiation. The radioac tivity of the fission 
products is due to the natuial instahilitv of tin* 
atoms formed bv the fission act This instahilitv is 
removed bv the emission of radiations. The iadia- 
tion is either the simultaneous emission of an elec- 
tron and an antineutiino a process often called 
/?-parti< le emission or /2-radiation or the emission 
of a y-ray. which is a type of elec tionidgnetic ra- 
diation The first process electron radiation with 
antineutrinos, the latter being themselves essen 
tiallv undetectable constitutes on the average 
about two-thirds of the radiations emitted bv fall- 
out, y-ray s constitute the remainder. 

An important difference between the two kinds 


of radiation is that the electron (/?) radiation ha* 
much lower penetrating power, although they 
carry about the same total energy on the average 
The electron radiation is 50% absorbed in about 
y?o of 1 in. of wood, flesh, or water, while the 
y-radiation requires about 2Y> in. of the same ma 
terials for 50% absorption. In denser matter the 
penetiations are less, hut the older and relative 
ranges of penetration are approximately the s dllle 
as in light inateiial. See Beta rays; Gamma u\ys 
T he effects of fallout radiation thus are due to 
these very different kinds of radiation. The sh or j 
range, more absorbable electron radiation is jb| e 
to cause effects only when the fallout is cither 
taken internally or is in contact with the skin he 
cause ordinary clothing is adequate protec tion On 
the* othei hand, the y-radiation is so penetrating that 
1 2 yd of earth or conciete is required for full pm 
tec tion undej heavy fallout conditions. Gamma ra 
diation requires as manv as ten faclois of tw„ 
reduction in intensity for xeasonable safety 
As stated heloie, the radioactive fismoi 
products produced in the explosions become piri 
of and attach themselves to the* solid particles 
formed hv the cooling gases of the fireball part of 
which are volatilized solids fiom the bomb nr 
dust, and fin the case ol surface* huists) soil pat 
tide’s After the detonation, these paitic les Return 
to eai th < an sing the fission piodue ts Tins is udm 
active fallout. See Radioac nuiY 

Local fallout. Tile si/e of the* pat tic les Is of gif it 
lm pentane e /in determining the rate of t el urn hi 
the case of suiface huists ovei land, not onlv is soil 
vaporized and then roc ondensed together with the 
vapoi from the bomb itself, lint gieat tonnage snl 
soil are also taken up into the fireball and meltd 
and paitially vapotized These effec ts lesull m 
larger particles than aie formed m the case of an 
huists or in the ease* of surface bursts ovei sea wi 
ter. Consequently, the fallout falls more i apidh 
from surface bursts and to a greater degree 
In the case of ground bursts, as much as 80 r , t- 
brought down in the fust few hours in this wav m 
an oval-shaped pattern stretched in the downwind 
direction with intensity contours appioMiHJ^'V 
those shown in Fig. 1. Similai eaily fallout occur*- 
for suiface bursts over water, although the to’ 1 



from the fallout during the first 36 hours after the on March 1, 1954. 
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fraction brought down is less than for land bursts, 
posMblv ah little as 20% • 

Thi^ early fallout is called local fallout because 
j in the vicinity of the bomb explosion. Local 
fallout may extend downwind 200 300 miles, de- 
fending on the strength of the wind and the bomb 
iieJd. For example, in March 1954, a megaton- 
m,*M bomb fired on the Bikini coral atoll in the Pa- 
ah( gave a local fallout over 7000 mi- as shown in 
| The fine dust made from the totally and pai 
nalK vaporized coral fell back in the downwind di- 
rection in the first 36 hours after the explosion. Be- 
, a u^c the local fallout descends so quickly and in 
Mi<h a concentrated way, it is much more danger- 
ows in the affected areas than are the slower- fall- 
, | (f tvpps. of world-wide fallout which constitute 
t|, ( remainder of the fallout. 

I lie mixture of fission pioducts formed in a nil- 
i liar detonation decays in such a way that the ra- 
ijiirinri intensity decreases tenfold for every seven- 
InJd increase in age. Thus, fallout occurring at 1 
houi lfter the explosion will at the end of 7 hours 
he reduced to 10* of the intensity it had when it 
!u>.| fed I, and at the end of 49 hours, or 2 days and 
ninlil 1 ' it s intensity will he 1 . 

The local fallout being so newly formed and 
undent, shelter for piotection is required particu 
nth against its penetiating y-iadiation. Thus the 
piohlem of civilian defense against nuclear attack 
i- in laige pait the problem of understanding and 
hiding from local fallout. Some warning will al- 
w \s he possible, so shelter can be sought with 
2<H>d hope of success. Fallout shelters can be im- 
pimised in many existing buildings, the basement 
<>i the ordinary home being a good example. 

Stratospheric and tropospheric fallout, 'i he 


pirtic h which aie too fine to fall in the first hours 
eventually descend over a wide area and constitute 
the world wide fallout types. In the rase of bombs 
large enough to push their clouds into the strato- 
sphere above about 40,000 ft. this delayed fallout 
« irulv world wide, it circulates widely before it 
fnidllv descends. Current estimates are that it 
spends an average of about five years in the air if 
iniected near the equator, or as little as six months 
h injected in the fall of the yeai near the poles, al- 
dimigh the residence time for the debris from any 
fmen injection varies with latitude, altitude, and 
hme of \ear Thus its radiations are much ieduced 
m intensity when deposition finally does occui. 

A rough rule is that hvdrogen bombs (fusion 
bombs) are strong enough to push clouds into the 
S trdtiisph*re, whereas atomic bombs (fission bombs) 
not. Hydrogen bombs normally give energy re- 
Mses in the range of the equivalent of millions of 
tons (megatons) of ordinary chemical explosive, 
* jde atomic bombs equate to thousands of tons 
j l°tons). Stratospheric fallout results from hy- 
j r( ‘gen bombs and tropospheric fallout from atomic 
)0 |nhs. .Sec Atomic bomb; Hydrogen bomb. 

01 atomic bombs of kiloton yields, the bomb 
c °ud st abilizes below the stratosphere in the lower 
a Sphere, that is, the troposphere. 


No fine particulate matter can remain in the 
troposphere for more than 1 month or so because 
rain and snow continually wash it clean. The wash- 
ing mechanism seems to he at least as effective on 
the smallest particles as it is on the larger ones. 
Apparently the smaller particles are rapidly kicked 
around in a zigzag path bv collisions with mole- 
cules of the air, and as a result they have a good 
chance of hitting the droplets of water which make 
up clouds and of sticking to them. Thus the wash- 
ing process really is more of a cloud-air cleaning 
mechanism. In a matter of 1 month or so, essen- 
tially all tropospheric air spends a few hours in a 
cloud, so that the whole troposphere is washed 
clean in 1 monlh or less. In addition, the fine par- 
ticles can stick to leaves on trees and on grass and 
other surfai es Thu^ tropospheric fallout is carried 
bv rain or snow in the main, and this is why there is 
very little world wide fallout in desert regions. The 
only such fallout occurring is by surface contact of 
the fine particles, a minor effe< t relative to the rain 
or snow deposition. 

Because tropospheric fallout lasts only 1 moYith 
or so. it is restric ted latitudinally to the region of 
the test, a band about 10° wide around the earth. 
This band is more or less uniformly covered except 
when there die lot al variations in rainfall. 

The stratospheric fallout occurs most probably 
because of gradual mixing of stratospheric air — 
something like 20 r r per vear for equatorial shots 
with the troposphere Here the weather phenomena 
take control and the fine fallout particles are 
brought down by rain and snow and surface contact 
just as for tropospheric fallout 

Fallout hazards. The principal hazards from 
fallout are the y-radiation from external fallout, 
particularly in local fallout, and the radiations 
from internally assimilated fallout, principally of 
the world wide vaiieties. At the present time the 
latter has been discussed much more widely than 
the former. This is because local fallout is care- 
fully controlled in the testing of nuc lear weapons, 
whereas world-wide fallout is less readilv con 
trolled. In mu lear warfare, however, the external 
radiation from local fallout probably would be the 
print !pal hazard 

The y-radiation effects are twofold, the effects on 
an individual’s health (somatic effect) and the ge« 
netir effects on future generations. The health ef- 
fects range from disabilities noticeable within a 
few hours of intense exposure, which mav lead to 
death in a few days, to the induction of leukemia 
and possibly cancer of the bone, which may appear 
yeprs later. These serious health effects are first 
obvious at doses of about 100 roentgen units (i ) of 
whole body radiation. Death occurs for whole body 
radiation in half the cases of exposure at about 
450 r. Natural radiation from the ground, human 
bodies, and cosmic radiation amounts to a total of 
0.1-0.2 r/year depending on locality and altitude. 

The genetic effects which will develop only in 
later generations are not known for humans. Judg- 
ing from experiments on animals and plants, how- 
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ever, it is expected that about 10# of the present 
genetic mutations are due to the natural radiation. 
The radiation genetic effects may he proportional 
to total dose and cumulative; that is, it is not cer- 
tain that recovery from radiation-induced mutations 
occurs in general. The present pool of human re- 
productive germ plasm has an enormous accumula- 
tion of mutations, presumably largely of chemical 
origin. Judging from the estimate of 10# of the 
natural rate of generation of new mutations for 
0.1 to 0.2 r/vear. however, one can estimate the ge- 
netic effects of world-wide fallout from nuclear 
weapons testing or from particular types of nuclear 
war campaigns. The irrevocability of such effects 
has caused much concern, although the present ef- 
fects from nuclear testing are quite small. 

Strontinm-00, Probably the most serious world- 
wide hazard from fallout is stronhurn-90, one of 
the fission products produced in highest vield. It 
ha<- a relatively long average life of 40 years and a 
chemical similarity to the element calcium winch 
causes it to fix itself in hone in a semipermanent 
fashion (sec Strontium). The hone is exposed to 
electron radiation from strontium-90 and its short- 
lived iadio<u live daughter pioduct, yttrium-90; 
however, neither this isotope nor its daughter 
emits y-radiation and therefore strontium-90 is 
not a genetic hazard because hone structures are 
not near the reprodm tive organs. The irradiation 
of the hone structure can cause cancer of the hone 
and leukemia; these deleterious health effects con- 
stitute the hazard of strontium-90. The fallout is 
assimilated in milk and dairv products and in veg- 
etables -the regular sources of dietary calrium- 
and the strontium-90 is taken in from these sources. 
In 1959. in the populous part of the northern hemi- 
sphere, new human bone- -as in young children- re- 
ceived 0.006 to 0.010 r/year from the strontium-90 
of past nuclear tests. Ibis is veiv small relative to 
the natural background, but in time of nuclear war 
it could become much larger over a major part of 
the world I see Fig. 2). 



Fig. 2. Cumulative deposition of strontium-90 at Mil- 
ford Haven, Wales. ( After N. G. Stewart et a!., in E. A. 
Martell, Atmospheric effects of strontium-90 fallout, 
Science , 129 (3357hl 197-1 206, 1959 ) 
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Fig. 3. Surface distribution of strontium-90. (E A 
Martell , Atmospheric effects of strontium-90 fallout 
Science , 129 (3357) 1 197-1 206, 1959) 


The fallout in the Northern Hemisphere has bmi 
heavier than in the Southern; thus the Southern 
effects to hr expected are proportionately smallu 
(see Fig. 3). Tests on the bones of children from 
the Southern Hemisphere show only 25 # of ih, 
amount of strontium-90 found in the hones of <hj| 
dren from the United States and northern Futopi 
Cesium-I 17. Another fission product, cesium-1 )7 
which U a high-vield, long-lived (40 year aveiaja 
life) y-emitter. is seiiously watched in the world 
wide falloutyzBeing like sodium rbemicallv it h 
not permanently fixed in the body hut stavs onh (> 
months or so before passing out again. Its effect- 
are the same as for external y-iadiation. The PJV) 
level was about 0.0015 r/vear from the cesium 1 >7 
as a result of past nuclcai weapons tests Tin c\ 
ternal y-radiation intensity in the Northern Hcmi 
sphere is about 0.003 r/yeai. See Radia non i n 
jury (biology). | w v t 1 

Bibliography: H. W. Feelv, The Sr 110 content of 
the stiatosphere. Science* 131 ( 3401 ) :645 6 1-9 
1960; Hearings of the Joint Committee on Atomic 
Energy. Mav 27 June 7, 1957, Radioactive Fallout, 
pp. 554-568, 3 vols., 1957; J. L. Kulp. A K 
Schulert. and E. J. Hodges, Strontium-90 in man 
HI, Science, 129(3358 ): 1249 1255, 1959; W. I* 
Langham. The potential hazard of world-wide Sr’ 
fallout from nuclear weapons testing. Health Pfos 
ia s, 1(2) : 1 05 124. 1958; W. F. Libby. Worldwide 
radioactive fallout, Proc, Nat. Acad. Sn ., 42 : -36 ^ 
390, 1956. 

Radioactive minerals 

The so-called radioactive minerals loosely com 
prise species that contain uranium or thorium as an 
essential part of their chemical composition, to 
gether with minerals in which these elements an* 
sometimes present in solid solution, usually ,n 
small and variable amounts. About 150 minera** 
fall into the first category, including many 
rare or that are imperfectly known. The princip 3 
uranium minerals from the point of view of tneJ 



•onomir importance are the oxide uraninite and 
. va riety pitchblende, the vanadates carnotite and 
h uvamunite, the silicate coffinite, the phosphates 
lutunite and torbernite, and the complex oxides 
in jnnerile and davidite. The chief thorium miner- 
a j^ () f economic interest are the silicates thorite 
irwl thorogummite and the oxide thorianite. .See 
K mhi ivi ; Thorium; Uranium. 

The minerals that contain uranium or thorium in 
.inall amounts as vicarious constituents are rela- 
tivdv numerous. Some of them are of present or 
potential economic interest as sources of uranium 
f>r thorium, particularly when these elements can 
ho obtained as by-products of the recovery of asso- 
ciated elements or minerals. The chief source of 
thorium in the past has been the rare-earth phos- 
phate mineral monazite, which commonly contains 
thorium as a vicarious constituent in the range 
ironi 8 to 10 f /< ThCL. Uranium often is an impor- 
tant acec^soiv constituent in the niobate-tantalutes, 
and is present sometimes in significant amounts 
in rnanv other minerals including allanite. zircon, 
and the apatite of some phosphate- rock deposits, 
riiouinn occurs as an accessory constituent chiefly 
in minerals containing zirconium, cerium, calcium, 
oi uranium. 

I he radioac tive decay of the uranium and tho- 
i nun present in minerals is accompanied by the 
emission of o part ides, electrons, and y-radiation 
<\ in\s). and a variety of methods of study of such 
minerals and of prospecting for them are based on 
tin* detection and measurement of this radiation. 
Urn m stallin'; structure of minerals containing 
iiiammn and thorium may he broken down in pa rt 
nr entirety In the internal absorption of radiation, 
'■Ineflv tv-particles, released within the crystal. In 
the filial stages of radiation damage the crystal 
rmi\ become transformed into an amorphous, glassy 
h«» ( l\ that is optically isotropic and does not dif- 
fract \ ravs. Such minerals are said to he metnmiet. 
The structural change usually is accompanied by 
1 hemical alteration. Lead accumulates in all radio- 
:,,, lhe minerals, since it is the end product of the 
radioactive decay of the uranium and thorium, and 
measurement of the ratio of the lead to uranium 
and thorium, or of lead isotope ratios, has been 
widely used as a method of measuring geologic 
time. 


Prom the crystallochemieal viewpoint, minerals 
mmtain uranium fall into two broad catego- 
ry: those that contain uranium in its quadrivalent 
sta * p - ,Jn d those that contain it in its hexavalen! 


s tate as the so-called uranyl ion. The minerals that 
^ f, ntain quadrivalent uranium generally are black 
,n °°^ or * do not fluoresce in ultraviolet radiation, 
and occur as primary or hypogene deposits. They 
,m lnde uraninite and coffinite among the uranium 
Minerals proper, together with virtually all the 
ni, nerals that contain uranium as a vicarious con- 
! tl,ent - Most of the known uranium minerals con- 
i hexavalent uranyl ion instead of quadri- 
pnt uranium. These uranyl compounds are 


v alent 

chan 


acterized by a relatively bright lemon-yellow 
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to green or orange color, and commonly fluoresce 
a bright lemon-yellow color in ultraviolet radia- 
tion: the colors may be modified by the nature of 
other cations present in the mineral in addition to 
uranium. Virtually all of the uranyl minerals are 
secondary in origin, and form from solution at rela- 
tively low temperatures and pressures. See Acti- 
nide elements; Lead isotopes, geochemistry of; 
Radioactivity; Rock (ace determination); see 
also Ai.i.anitk; Carnotite; Monazite; Nuclear 
fuels; Thorianite; Thorite; Uraninite; Zircon. 

[*C.FR.] 

Bibliography: H. Paul fed.). Nuclear Geology, 
1954 ; C. Frondcl. Systematic Mineralogy oj Ura- 
nium and Thorium , U.S. Geol. Survey Bull. 1064, 
1058: E. W. Heinrich. Mineralogy and Geology of 
Radioactive Raw Materials , 1958: K. Rankama, 
Isotope Geology , 1954, 

Radioactive species produced by 
cosmic rays 

A group of naturally ladioartive isotopes generally 
produced by the bombardment of air by cosmic 
radiation. These nuclides (atomic nuclei) occur 
toward the light end of the periodic* table, and may 
have short half-lives. They are observed on earth 
only as a result of their continuous creation in the 
atmosphere. 

Their importance aiises chiefly from their appli- 
cation as tracers in geochemical piocesse**. and in 
age determination. By tar the most useful is rar- 
bon-lL whose combination of half-life (about 5600 
veais) and chemistry make*, it ideally suited for 
studies of the human past ( see Raihocarhon dat- 
ing). Other important members of the group are 
hydrogen-8 (tritium), beryllium-7, and beiyllium- 
10. New ones are still being discovered. 

Source. The cosmic radiation as it comes in 
from outer space (primary cosmic radiation) con- 
sists chiefly of protons and alpha particles, along 
with a small number of nuclei of heavier atoms 
(.see Cosmic rays). Typically the energy of each 
particle is more than 1,000.000,000 electron volts. 
This is a very large quantity compared to the few 
mill 5:>r» electron volts with which nuclei are hound 
together Thus a very violent and extensive reaction 
can take place when a cosmic ray particle strikes 
a nucleus. The products of such a reaction may 
themselves possess enough energy to cause nuclear 
reactions, and these in turn may yield still other 
reactive particles (secondary cosmic radiations). 
Eventually, however, the energy is distributed 
among enough particles so that no further nuclear 
reactions can take place. Charged particles lose 
energy rapidly by ionization, and this is the major 
means of dissipation of the original energy. 

A particularly significant product is the neutron, 
since this particle can penetrate the nucleus with- 
out repulsion. Its high reactivity is actually en- 
hanced at the lowest energies (see Neutron). 
Every neutron will cause a further transmutation. 
In the earth’s atmosphere one reaction will pre- 
dominate: 
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Nitrogen-14 + neutron — » Carbon- 14 + proton 
or N l4 (n,p)C J4 

Since about half of nuclear matter consists of neu- 
trons, they are very common products of nuclear 
reactions at all energies, and the products of the 
highly specific, low-energy reactions they undergo 
are also very common. 

The “debris” remaining after high-energy reac- 
tions or series of reactions includes all nuclides 
whose mass is less than the sum of the masses of 
the bombarding particle and target nucleus. Two 
lurge classes of these are virtually undetectable, 
however, under natural conditions. First, the stable 
nuclides produced, which must he detected by their 
properties in bulk, are with one or two interesting 
exceptions masked by the vastly larger amounts of 
these nuclides already present in the environment. 
Second, the radioactive nuclides of veiy short half- 
life decay before they can he collected Thus, in 
general, attention is directed to the possible radio- 
active species of moderate or long life. 

The table lists those nuclides so far discovered 
which aie produced in the earth’*- atmosphere. Be- 
cause nitrogen and oxygen are so much more 
abundant than argon, the rate of production of 
species made from them is much higher. 

The primary cosmic rays penetrate only a frac- 
tion of the earth’s atmosphere before they undergo 
a reaction. The products may themselves move 
some distance before they are taken up in turn. 
The most important zone of reaction is at a height 
of about 10 miles above sea level (although some 
transmutations occur in every part of the air). Thus 
a maiority of the atoms are produced in the strato- 
sphere, and only \erv few at sea level, a fact of ini 
portance in their later distribution. Foi example, 
in the case of carbon-14, only a negligible fraction 
of the carbon-14 atoms in a sample of living mate- 
rial were made in the sample itself. Virtually all 
are brought in by metabolic processes. 

Only a little is known directly about the chemi- 
cal behavior of the newly formed radioactive atoms 
in the atmosphere, but much can he inferred. The 
carbon-14 atoms seem to form carbon dioxide 
rather quickly, while the tritium atoms are fixed in 
water and in molecular hvdrogen. Only a small 
fraction of the tritium atoms are in the latter form, 
but sin< e there is only a very small amount of 
hydrogen in the air, it is enough to produce a 
relatively high specific activity in molecular hydro- 
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Nuclide 

Half-life 

Radiation, 

mev 

From nitrogen wilh 

C" 

5570V 

ft ,0 16 

nou irons 

From nitrogen and 

IV 

12 3v 

ft ,0 017 

oxygen wilh high- 

Be 7 

53d 

7,0 48 

cricigy particles 

From argon 

Be 10 

2 5 X 10«y 

0 ~,0 56 


pu 

14.1 

0,1 7 


p*u 

25d 

ft ,0 25 


S 36 

87d 

ft ,0 17 


\r’ 7 

35d 

K- capture 


gen. In the case of beryllium and moRt of the other 
elements, there are no gaseous compounds. As a 
result, the elements (probably usually as oxides) 
adhere to the dust of the upper atmosphere. They 
later serve as tracers for this dust. 

Applications. In principle any natural rd<ho a( 
tive nuclide whose production and distribution au 
well enough understood can be used for measuring 
times comparable with its half-life. On the assunip 
tion that it has been produced at a steady rate 
throughout the recent past, and that it is rapidb 
mixed with the atmosphere and with living matter 
a highly successful method of age determination 
has been developed using carbon-14. This nuchdr 
has also been applied to studies of the rate of nm 
ing of the oceans and the rate of transfei of cathon 
dioxide between air and ocean. The decrease in th‘ 
C 1 1 concentration of atmospheric and living cailmn 
in the last century because of dilution with ina<tiv( 
carbon dioxide from the burning of fossil fuels t n„l 
the production of carbon-14 bv thermonuclear e\ 
plosions have also been useful in this wav Pretw 
measurements are necessary for this put pose 

Tritium is a constituent of a veiv important suh 
stance, water, and helps to trace the path of c in u 
Iation of surface waters. Because its half-life is so 
much shortei than that of carbon-14 its disiuhu 
tion in ram, fresh waters, and the ocean- is 
tremely nonunifeurn. This is inconvenient, hint 
there is no standard value for its concentration e 
in the case of carbon-14. A typical example of it- 
application^*- in the study of geysers and hot 
springs. These have* been thought to c onsist in j»art 
of juvenile water, that is. water liberated from hoi 
strata deep in the earth and reaching the siirfa* e 
for the first time. Such water would contain n» 
tritium The great bulk of water released b\ go 
sers and hot springs contains tritium, and so must 
he surface water which has sunk rather quickly to 
depths where high temperature prevails. A sunilai 
problem with a practical twist is the study of wlb 
in arid regions. If the well water is free of tnMuni 
it must be very old, and its use for anv purpose oi 
a large scale results in mining an irreplaceable re 
source. Quantitative studies of the tritium content 
of major natural waters gives some insight 
their origin and pattern of circulation and inixm f 
Those studies in which carbon-14, tritium ami 
stable isotope rates are measured together are 
valuable. Significant amounts of tritium and (- 
have been released in recent years as a result 0 
bomb tests. 

Of the remaining species in the table, the 
lium isotopes are the most studied. Berylliums » as 
been measured in rain water and in atrnosphern 
dust. Its half-life is quite short, comparable ^ lt 
the time scale of meteorological events, and 
in meteorology, in combination with the rarer i 
P 33 , and S ,r \ has begun. Because of the short ha 
life, one might expect the higher intensity of W 
cosmic rays near the poles to result in a hig u 
fallout of beryllium-7 there. This is not the ease * 
cause of a countereffect: the tropopause 



limit of vertical mixing in the atmosphere) is much 
j tlVV er in altitude at high latitudes, and thus the 
j t,on of Be-7 atoms produced in the troposphere 
4 ,* rn ui’li less than it is near the equator. Unlike 
a r bon- 14 and tritium, Be-7 is an isotope of a rare 
element. This facilitates its concentration and 

measurement. 

Uei> lhum-10, because of its almost unique half- 
1, fr. midway between carbon-14 and the long-lived 
hotopes, holds promise as a useful species for age 
measurement in the million-year time span. It has 
been measured in a number of samples of deep-sea 
ediments. However, its actual employment awaits 
tin answer to some questions on the geochemistry 
() f this unusual element. The existence of Be-7 is 
proving very helpful here. 

Some penetration of cosmic ray particles into the 
eaitb has been observed, especially at high eleva- 
tioi,t. It has been suggested that chlorine-30 pro- 
duced in rocks may under special conditions he 
useful fnr age measurements. 

\ !i 11 it ful field of research now opening up is the 
studv ot radioactivity produced in meteorites by 
(osinic rays. It has been known for some years that 
stable heliurn-4 and helium-3 are produced in this 
w i > in meteontes, which in their journey through 
>|)j(t*ait not piotected b> an atmosphere. Recently 
h it mi m and some other radioactive nuclides have 
hern observed Combining measurements of radio- 
uli\( and stable nuclides will leveal much about 
the history of the cosmic lays and of the solar sys- 
tr iii This technique may also be used for deciding 
whether a newcomer or a strange olqect has really 
nunc fiom outer space. | I.rt.AR. ] 

Bibliography: J. K. Arnolci. Betvllium-10 pio- 
d'u ed by cosmic ravs. Silence, 124:384- 383, 193t>; 

1 R Arnold and H. Al-Salih. Beryllium-7 produced 
h\ cosmic ravs. Science, 121:431 433, 1933; F\ S. 
f-oel Radioactive sulphur produced by cosmic lays 
m lain water. Nature , 178:1438, 1936; W. F Libby. 
K(uho( itrhon Dating , 2d ed., 1933. 


Radioactive waste disposal 

Hit* handling and disposal of radioactive wastes is 
i problem present in some degree in all nuclear 
operations. Wastes in liquid, solid, or gase- 
u,,s f°nn are produced in the mining of ore, pro- 
( bn lion of reactor fuel materials, reactor opera- 
,,0, i- processing of irradiated reactor fuels, and a 


n M *at vaiietv of related operations. Wastes also re- 
v, i)t from the use of radioactive materials, for exam- 
Pb* in i ('search laboratories, industrial operations, 
‘ ,nf l iticcln al research and treatment. The prob- 
lf nis of waste disposal undoubtedly will increase 
,ri the future as the nuclear energy program is fur- 
[ ,n ‘ extended and diversified and as a large and 
Widespread nuclear power industry is developed. 

n ^ handling and disposal of radioactive 
" a<l tes. the principal problem is the prevention of 
rd lation damage to man and his environment by 
'^rolling the dispersion of radioactive materials. 
^ amage to man may result from irradiation by ex- 
rna l Purees or by the intake (by ingestion, by in- 
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halation, or through the skin) of radioactive mate- 
rials, their passage through the respiratory and 
gastrointestinal tract and their partial incorpora- 
tion into the body. Radioactive waste contaminants 
in aii, water, food, and other elements of the hu- 
man environment must be kept below the maximum 
permissible concentrations for the particular radio- 
nuclide or mixture of radionuclides present in the 
wastes. Liquid or solid waste products containing 
significant quantities of the more dangerous radio- 
active materials requiie ultimate disposal in iso- 
lated and permanent containment media where 
they never again can find their wav into man’s en- 
vironment. The more dangerous radioactive mate- 
rials are those that mav he readily incorporated 
into the body and that have relatively long half- 
lives, ranging from a few years to several thousand 
years. Both the short-lived radionuclides and those 
with extremely long half-lives are less hazardous to 
man. This is because shoit-lived radionuclides dis- 
appeai rapidly by natural radioactive decay, while 
radionuclides with exttemely long half-lives h$ve 
such low specific activity, that is, so few microcuries 
per gram, that the probability of dangerous quan- 
tities entering the bod\ is ver\ low Some of the 
more dangerous radioisotopes include fission prod- 
ucts such as strontium-90 and cesium-137, transu- 
ranic elements such as plutonium-239 and ameri- 
ciiim-241. and natuiullv occurring radionuclide* 
such as radium-220 and thoi ium-230. See Radia- 
I ION INJURY ( BIOLOGY ). 

The highly tadioactive liquid wastes associated 
with chemical reprocessing o! reactor fuel* consti- 
tute the major waste-disposal problem. However, 
the liquid, solid, and gaseous wastes of low or in- 
termediate levels of activitx from hospitals, indus- 
trial laboratories, research reactors, and so on must 
he c mtrolled also and their dispersion limited as 
nec essary to prevent health hazards. 

The two basic methods lor disposal of radioac- 
tive waste's are (1) dilution and dispersion, ahd 
(2) concentration and permanent containment. 
Where onl\ small amounts of radioactive mate- 
rials are invohed and the local situation is favor- 
able wastes may he diluted and dispersed in water 
or air without danger. In cases where dilution is 
not feasible, wastes must he concentrated and 
stored in a safe manner; and much research and 
development work has been devoted to methods for 
concentrating and storing gaseous, liquid, and solid 
radioactive waste*.. 

Liquid wastes. High-level liquid wastes, which 
result from experimental or operational processing 
of jrradiated reactor fuels, are relatively small in 
volume hut high in specific activity. The radioac- 
tivity of fuel-processing solutions may range from 
several hundred to thousands of curies per gallon, 
depending upon the processes employed. These 
wastes, which may he highly acid or alkaline, pre- 
sent extremelv difficult problems in shielding, han- 
dling, and ultimate disposal. 

High-level liquid wastes have been stored in un- 
derground tanks of steel and concrete with special 
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preventive measures* against corrosion and deterio- 
ration of the tanks or leakage of the wastes. Tank 
storage is not considered to be permanent disposal 
but must be used until feasible methods of waste 
treatment and ultimate disposal are developed. Up 
to January 1, 1957, in the United States, 62,000,- 
000 gal of high-level liquid wastes were in storage 
in 170 tanks. The cost of waste storage in tanks 
has ranged from about 40 cents to $2 per gal. 

Liquid wastes of intermediate levels of activity 
from various chemical processes oi relatively large 
experimental projects are of greater volume than 
high-level wastes. They may contain as much as 
curie or more of radioactivity per gallon and are 
often high in dissolved chemical content. Such 
wastes must be shielded to prevent external radia- 
tion and are not suitable for release to the general 
environment without extremely effective treatment 
for removal of the radioactive components. When 
the radioactive components are removed, they must 
be eomentrated and stored as in the case of high- 
level waste. In some locations intermediate-level 
liquid wastes have been disposed of by dispersion 
in shallow soil formations when* most of the radio- 
active elements are absorbed and letamed for long 
periods bv the soil materials. 

Shallow-ground disposal is a subject of extensive 
study to deteimine the capacity of various soils in 
controlling the radioactivity of different waste so- 
lutions. particularly the more hazardous radionu- 
clides which must not he dispersed to ground and 
surface waters. A waste-disposal system of this 
type has been used at the Oak Ridge National Lab- 
oratory since 1952. Through 1958, some 9,000,000 
gal of liquid wastes containing about 115,000 cu- 
ries of aclivitv had been discharged into the seep- 
age-pit system. The rnujor operation of this kind 
has been at Hanford. Wadi., wheie an unusual sit- 
uation exists because of the soil formation and the 
isolated location, and where much larger quantities 
of liquid and radioai tive materials are disposed of 
in shallow soil formations. 

Low-level liquid wastes are present in large vol- 
umes of waste water Irom laboratory areas, decon- 
tamination operations, water used in basins to 
shield operators during work on radioactive mate- 
rials. and other slightly contaminated liquids. In 
favorable situations, where there are large volumes 
of surface water in isolated ateas. such wastes are 
diluted and dispersed untieated or following par- 
tial decontamination b\ waste-treatment processes. 
\t the Oak Ridge National Laboratory, for exam- 
ple, the contaminated waste water volume has been 
about 700,000 gal May. of which roughly half has 
been discharged without tieatment. The remainder 
has been adequately decontaminated in a treat- 
ment plant employing the lime-soda water-soften- 
ing process. 

Solid wastes. Solid radioactive wastes include 
such materials as machine turnings, nonusuble con- 
taminated equipment, and contaminated trash. 
The activity inay vary from a few times the back- 
ground level to levels requiring shielding or remote 
handling. In general, the disposal has been by land 


burial in selected areas where the soil has a capar 
ity for retaining the radionuclides and the danger 
of excessive contamination of ground water is mm 
imal. The potential hazards and the care required 
in selecting, operating, and monitoring solid wastr 
burial grounds depend, of course, on the partiu,. 
lar radionuclides present as well as on the levels of 
activity. To a limited extent, solid wastes and con 
centrated low-level liquid wastes have been pack 
aged and disposed of by dumping at selected places 
in the ocean. 

Gaseous wastes. Gaseous radioactive wastes 
originate trorn such diverse places as air-cooled re 
actors, chemical processing plants, laboiator\ 
hoods, and fissionable-material fabrication fat ill 
ties. Hie levels of radioactivity vary with the t\pe 
of operation, and the pollutants may be either gas 
cons oi in the iorm of pai tides. Deep-bed sand and 
fiber filters have been developed for the removal of 
partic nlate contaminants Equipment for absorbing 
iodine and other reactive gases is available, and 
inert gases can be removed by adsorption on « hai 
coal oi silica gel. Disposal is usually by discharge 
into the atmosphere thiough tall stacks which pm 
vide dilution. Continuous air monitors are used t< 
deteimine the suitability of gaseous wastes for di^ 
charge under the particular conditions and to 
check the levels of air contamination that^iesuh 
after dispersion in the atmosphere 

Future wastes from industry. Among a nimibn 
of predictions concerning the growth of nmlcai 
power in tho United States summarized in AL( m 
port W \SH-742. I. \. Lane’s estimate lor the vcmi 
2000 is 7 X 10 s kilowatts of heat. 

From this and other predictions, it has been Mi 
mated that by the vear 2000 high-level liquid 
wastes will he produced at the rate of 50.000 5(H) 
000 gal 7 dav. Bv that time, the total accumulated 
volume of high-level wastes will he of the order uf 
0.5 to 8 X 1(P gal. and the total accumulated u 
dioactivitv will be more than 10 11 curies. Recant 
a considerable part of this accumulated actiwt' 
will be due to strontium-90 and other long-life ra 
dionuclides, methods for ultimate disposal ol lb™ 
wastes must piovide containment and control for 
at least several hundred years. In a nuclear pown 
industry large volumes of low- and intermedia* 
level wastes also will be produced. Although the 
accumulated activity at anv time will be order" of 
magnitude less than in the high-level wastes, safe 
and economical disposal of these less-concentrate 
wastes must be achieved. 

The safe control of wastes from a nuclear pow pl 
industry will involve a complex scheme of waste 
treatment, handling, and disposal. Treatment nia' 
serve to remove the more hazardous radionuclide 
or to prepare the waste for disposal. Temporal 
storage and transportation of the wastes mav c 
necessary, followed by one or more methods of l “ 1 ' 
mate disposal. Prospective methods for ululate 
disposal include (1) the fixation of the hazar ol ^ 
material in a stable solid medium and subseffu^ 
permanent storage or burial of the stable son * 
selected locations; and (2) direct disposal 1,1 



elected geologic structures*, such as salt struc- 
* ^ and deep basins. Much research and devclop- 

t work is being devoted to these problems. See 
) M omamination (radioactive contaminants); 
\mLF\K kjkls; Nuclear fuels reprocessing; 

MoMlORINCr (IONIZING RADIATION); NlIfLLAR 
RADIOACTIVITY; H ADIO( HKMM AL LABOKA- 

lirnv f K.Z.M . | 

liibhographv : H. Etherington (ed.). Nuclear 
Fnziruerin# Handbook , 1958; K. Saddington and 
^ | Templeton, Disposal of Radioactive Waste, 
l^y*. K Stephenson, Introduction to Nuclear En- 
*1 nee ring. 2d ed., 1958. 

Radioactivity 

\ phenomenon resulting from instability of the 
itomic nucleus in certain atoms whereby the nu- 
,|rii> experiences a spontaneous but measurably 
Hela\ ed nuclear liansition or transformation with 
lli< ((suiting emission of ladiation. The discovery 
,,f natural (as contrasted to man-made) radio- 
tl , ti\ (t \ bv II Bee quorel in 1896 was an indirec t 
, ohm queue e ol the discovetv of x-rays a few months 
, ir |,fi bv W Rontgrn. and marked the birtli of 
iuhli.it phvsits. The ladiations resulting from the 
nm N ai liansitions weie subse(|iientlv studied and 
tiiiind to consist of three distinct types. These were 
«lr»ignjted asfHdvs (helium nrn lei ) . /?-ia\s (nega- 
1 1 \ ( or positive electrons), and y-ra\s (high-fre- 
ijm m v flee t rornagnetic radiation). 

In 1919 I ok] Rutheiford discovered that atomic 
mi lr i could be hiokcn up by bombaidment with 
t ii\- to loim other nuclei. In 1954 Irene Cuiie 
uni hei husband loliol first demonstrated that 
huIi jitdiciullv fieated nuclei themselves disinte- 
g i itf ^jroritaneouslv ; this phenomenon is called 
ultima]. oi induced, radioactivity. All chemical 
'lenient^ mav be 1 rendeied vadioaetive, and the 
mill ihilitv of this wide variety of radioactive 
Mdopos stimulated their use in science and tech- 
ned *g\ in an enormous number of applications. For 
1 di -i iission of some of the more important applied- 
tion^ and a listing of other articles, see Radio- 
\ TIUTY ( APPI K ATIONS ) . .See also ALPHA H\YS; 

hn \ rats; Gamma ray^. | k.w.p.] 
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A particular radioactive transition may be de- 
layed by less than a microsecond or by more than 
a billion years, but the existence of a measurable 
delay or lifetime distinguishes a radioactive nu- 
< lear transition from a so-called prompt nuclear 
transition, such as is involved in the emission of 
most y-rays. The delay is expressed quantitatively 
by the radioactive decav constant, or by the mean 
life, or by the half-period for each type of radioac- 
tive atom. For example, the half- period of radium 
is 1620 years, whic h means that on the average one- 
half of any initial supply of radium atoms will wait 
more than 1620 years before decaying and one-half 
will have decav ed in less than 1620 years. 

Types of radioactivity. There are at least six 
common types of radioactivity characterized by the 
particular type of nuclear radiation which is emit- 
ted by the ti ansforming parent nucleus. In one of 
these types, o-radioaetivilv. the parent nucleus 
spontaneously emits an cv-rav ; then the atomic* num- 
ber, or nuclear charge, of tin dec-ay product is 2 
units less than that of the parent, and the nuclear 
mass of the product is 4 atomic mass units less 
than that of the parent, because the emitted nr-par- 
tic le carries awav this amount of nuclear charge 
and mass. This dec rease of two units of atomic 
number or nuclear c harge between parent and 
produc t means that the decav produc t will be a dif- 
ferent chemical clement, displaced bv two units to 
the left in a periodic table of the elements. For ex- 
ample, radium has atomic number 88 and is found 
in column 11 of the periodic table. Its decay prod- 
uct after the emission of an rv-ray is a different 
chemical element, radon, whose atomic number is 
86 and whose position is in column 0 of the peri- 
odic table (see Pf-Kiomc i ahi r ). The sbrtl, or dis- 
placement, of the* atomic number in radioactive de- 
cav i- known as Soddv’s displacement law. The six 
tv pc*- of radioactivity, and »he displacement A Z in 
atomic number which they produce, are summa- 
rized in Table 1. 

TRANSITION RATES AND DECAY LAWS 

Radioactive decay constant. The rate ol radio- 
active transformation, or the activity, of a source 


Table 1. Types of radioactivity 
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Symbol 
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Change in 
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Cs7, 

Change in 
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number, 

A 1 

Ex iruplc* 

Alpha 

a 

1 lelium 
nuc lens 

_ o 

- 1 

,„n.i 4si ’ — „,Rn» 

Beta negatron 

ft 

Negative 

electron 

pr 

0 

ji Na 24 -> J2 Mg 2< 

Beta positron 

ft+ 

Positive* 

electron 

-i 

0 

1 1 N a 22 — ln Ne“ 

Fie* iron capture 

EC 

Neutrino 

-l 

0 

iBe 7 t Li 7 

1 s< anoric transition 

IT 

y-llays and 
conversion 
electrons 

0 

0 

wvBa 137 * - > m Bh 137 

spontaneous fission 

f 

Heavy 

fragments 

Various 

Vi arious 

n V™ -> w>Sn m 4- «Mo 1M 


* honirric (excited) state. 
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equals the number A of identical radioactive atoms 
present in the source, multiplied by their charac- 
teristic radioactive decay constant A. Thus 

Activity — A A disintegrations per second (1) 

where the decay constant A has dimensions of sec l . 
The numerical value of A expresses the statistical 
probability of decay of each radioactive atom in a 
group of identical atoms, per unit time. For exam- 
ple, if A = 0.01 sec 1 for a particular radioactive 
species, then each atom has a chance of 0.01 (1^ ) 
of decaying in 1 sec, and a chance of 0.99 (99^ ) 
of not decaying in anv given 1-sec interval. The 
constant A is one of the most important character- 
istics of each radioactive nuclide; A is essentially 
independent of all physical and chemical condi- 
tions such as temperature, pressure, concentration, 
chemical combination, or age of the radioactive 
atoms. The half-period, to be discussed later, is in- 
versely pioportional to A. 

Among the more than 800 known radioactive nu- 
clides, no two have exactly the same decay con- 
stant. The identification of some radioactive sam- 
ples can lie made simplv bv measuring A. whi< h 
then serves as an equivalent of qualitative chemi- 
cal analysis For the most common radioactive nu- 
clides, the range of A extends from 3 X MV* sec 1 
(for thoiium C') to 1.6 X 10 sec 1 (for tho- 
rium ) . 

Dual decay. Many radioactive nuclides have two 
or more independent and alternative modes of de- 
cay. For example. I Tils furanium-238) can decay 
either by o-rav emission or bv spontaneous fission 
\ single atom of Cu‘ 4 (copper-64) can decay in 
anv of three competing independent wavs; nega- 
tron /?-ray emission, positron /3-ray emission, or 
electron capture When two or more independent 
modes of decay are possible, the nuclide is said to 
exhibit dual decav. 

The competing modes of decay of any nuclide 
have independent partial decay constants given bv 
the probabilities Ai, A*>, A>, . . . , per second, and 
the total probability of decay is represented by the 
total decav constant A. where 

A = Ai -f Aa -f At -f • • • (2) 

Tf there are A identical atoms present, the partial 
activities, as measured by the different modes of de- 
cay, are A Ai. A Aj, A A» and the total activ- 

ity AX is 

A A = A Ai + A\ 2 ”F A\s 4“ * * * (2a) 

The partial activities, AXu . . . , such as positron 
/3-rays from Cu M . are proportional to the total ac- 
tivity, AX , at all times. 

The branching ratio is the fraction of the decay- 
ing atoms which follow a particular mode of de- 
cay, and equals A X\ / A\ or Ai /A. For example, in 
the case of Cu fJ4 the measured branching ratios are 
Ai /A *= 0.40 for negatron /3-decay, A 2 /A «= 0.20 
for positron /?-deray, and At /A = 0.40 for electron 
capture. The sum of all the branching ratios for a 
particular nuclide is unity. 


Exponential decay law. The total activity, 4 ^ 
equals the rate of decrease — dA/dt in the num- 
ber of radioactive atoms A present. Because A is 
independent of the age t of an atom, integration 0 f 
the differential equation of radioactive de»a\ 
— dA/dt = A A, gives 

ln A 0 X(< ~ <o) 0) 

where I11 represents the natural logarithm to the 
base e, and A atoms remain at time t if there were 
A { , atoms initially present at time t {) . If t {) = 0, then 
Eq. (3) can be rewritten as the exponential law of 
radioactive decay in its most common form: 

A = A 0 e xt (4) 

The initial activity at t = 0 was zfoA, and the ac 
tivitv at t , when only A atoms remain unbans 
formed, is A A. Because A is a constant, the U r u 
tional aetivit> AX/ AqX at time t and the f? actional 
amount of radioactive atoms A / Ao are given b\ 


Note that in cases of dual decav, the paitial ac 
tjvities A Ai, AX 2 . . . . , also decrease witl^ time 

as c x i'. not as e x/ because 4 A, /4„ A. 

A 'Ay) — e x/ , wheie A is the total decav constant 
This is because the decrease of each partial ai 
tivitv with tyne is due to the depletion of the total 
stock of atoms A , and this depletion is ac com 
plished bv the combined action of all the conipet 
ing modes of decay. 

Mean life. The actual life of any partic ular atom 
can have anv value between zero and infimfv Ihr 
aveiage or mean life of a large numhet of identical 
radioactive atoms is. however, a definite and in* 
portant quantity. 

If there are A n atoms present initially at t - 0 
then the number remaining undcrayed at a later 
time t is A = A {) r x/ , by Eq. (4). Each of these I 
atoms has a life longer than t. In an additional in 
finitesimally short time interval dt n between time 
t and t + dt, the absolute number of atoms which 
will dec ay on the average is A A dt, and these atom* 
had a life span t. The total L of the life spans of 
all the A(, atoms is the sum or integral of tAX dt 
from t = 0 to t = 00, which is 

L » tAX dt = tA oXe“ Xt dt « 

Then the average lifetime L/Ao, which is called the 
mean life r, is simply 

r = 1/A f 7) 

where A is the total radioactive decay constant of 
Eq. (2). Substitution of t = r = 1/A into Eq. 
shows that the mean life is the time required f° r 
the number of atoms, or their activity, to fall t0 
= 0.368 of any initial value. 
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Half-period. The time interval over which the 
hanre of survival of a particular radioactive atom 
,w exactly one-half is called the half-period 7\ From 

Eif. 1 ^ ' 

|„( J '4n) = In (An /A ) = In 2 - 0.693 = A T 

( 8 ) 

[hen the half-period T is related to the total radio- 
J( ,,ve deea> constant A, and to the mean life r. by 

T = 0.693/A = 0.693t (9) 

, or mnemonic reasons, the half-period T is much 
more frcijuently employed than the total decay con- 
,j d nt A or the mean life r. For example, it is more 
fimmion to speak of Tli J1J as having a half-period 
oi 1.4 v 10 m years than to speak of its mean life 
„j 20 Y 10 10 vears or its total decay constant of 
]6 / 10 1Vs sec 1 , although all three are equivalent 
q.iternents of the average longevity of thorium-232 

ilnmv 

The relationships between 7\ r, and A are sum- 
maii/ed graphically in Fig. 1. Anv initial activity 
| (I/ V reduced to 1 l* in 1 half-period 7, to 1 e in 
I f 1 1 » - ci n life r, to 1 1 irr 2 half-periods 27’, etc . 
Uh lope ol flic activity curve, or rate of der lease 
•t .ulhity. is {/ ( t A) (it - —A (14 dt ~ -A(4A). 

the initial slope is — A(doA) = -(4 ( )A) r. 
]ln* .nea under the ailivitv curve, if integrated to 
- simply In. the total initial number of ra- 

■ lio.niive atoms. \Uo. the initial aetivity 4 ( »A. il it 
(oiilrl (ontinue at a constant value for one mean 
i'll’ r, \yould exactly destroy all tin* atoms because 
I X I t - 4n. 

RADIOACTIVE SERIES DECAY 

In <i number of eases a radioac five nuclide A ue- 
nv into a nuclide H which is also radioactive; 
tin mu lide B decays into 6 which is also radioac- 
tive, etc . For example. •.oTh’ 1 ’ decays into a long 
"tiirs of 10 successively radioactive nuclides as de- 



Fig. 2. Growth and decay of activity B\ fi of daughter 
product, and ( A r of granddaughter product, in an 
initially pure source of a radioactive parent whose 
activity at t — 0 is A r A* 

scribed later in the discussion of radioactive trans- 
formation series. Substantially all the primary 
products oi nuclear fission are negatron /?-rav emit- 
ters which decav through a chain or series of 2 6 
successive /?-ra> emitters before a stable nuclide is 
reai bed as an end product. Sec Fjssiois, nijllmr. 

Lei the initial part of such a series he repre- 
sented by 



^ Graphical relationships in decay of a single 
rt,di °active nuclide. 


B 


X/t 


C- > D 




where radioactive atoms of types A % B, C % D, . . . , 
have radioactive decay constants given by A A 

Af , A/. Then if there are initially present, 

at time t = 0, onlv An atoms of type A , the num- 
bers 4s B, C of atoms of types A % B , C. 

. . . . which will he present at a later time t are 
given by 


A - 

r («*- XA ‘ - c" x s ( ) 
A B — A A 


r ' a ( Af 

° VAr - Aa Afl - 


-*At 


4- 


A b 

Aa " 
Aa A n 


X a — X« Ar — X/r 

Xa Xjj 


p-X/rt 


+ 


Xyi — Xc Xjb 




( 10 ) 

(ii) 


( 12 ) 


and the activities of A. R, C, .... are A\ a , BAb, 
C\c> • • • • General equations describing the 
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amounts and activities of any number of radioac- 
tive decay products are more complicated and are 
given in standard texts. 

Figure 2 illustrates the growth and decay of the 
activity of a short series of radioactive decay prod- 
ucts in accord with Eqs. (10) to ( 12 ) . 

Radioactive equilibrium. In Fig. 2 note that the 
ratio B\u/A\\ of the activities of the parent A 
and the daughter product B change with time. The 
activity B\n is zero initially and also after a very 
long time, when all the atoms have decayed. Thus 
B\/< passes through a maximum value, and it can 
be shown that this occurs at a time t m given by 


= In (X,, /Xa) 
(X„-X A ) 


(13) 


The situation in which the activities 4X\ and BXn 
are exactly equal to each other is called ideal equi- 
librium. and exists only at the moment 

If the parent 4 is longer-lived than the daughter 
//, as occuis in many < ases, then at a time whic h is 
long compared with the mean life m of B , the ac- 
tivity ratio approaches a constant value given by 


BXji __ Xji _ Ta 

AX a Xn — Xa T \ — Tn 


(14) 


where T \ and Tn are the half-periods of A and of 
B. When the activity ratio BXn MA \ is constant, a 
particular tvpe of “iadioattive equilibrium” exists 
This is spoken of as secular equilibrium if the ac- 
tivity ratio is experimentally indistinguishable 
from unity, as occurs when T \ is very much greater 
than 7V 

Equilibrium concepts are applied also between a 
long-lived parent and any of its deca> products in 
a long series. Foi example, in a sufficiently old 
uranium ore, radium (7 — 1620 \eais) is in secu- 
lar equilibrium with its ultimate parent uianium 
(T = 4.5 * 10’' vears) although there aie four in- 
termediate radioactive substances intervening in 
the series between uranium and radium. Here, secu- 
lar equilibrium expresses the fact that the activi- 
ties of radium and uranium continue to be equal to 


each other even though the activity of the parent 
uranium is decreasing with time. 

When Tn is comparable with 7V Eq. (14) show*, 
that the equilibrium ratio will clearly exceed 
unity; this situation is spoken of as transient eipj, 
librium. For example, in the fission-produc t decay 
series 


Ba 140 — » La 110 — » Ce 110 

the half-period of Ba ,l ° is 307 hours, and that of 
La 140 is 40 hours. In an initially pure source 0 f 
Ba 1ln the activity of La 140 starts at zero, rises to 
a maximum at t m — 135 hours (Eq. 13), then dc 
creases, and after a few hundred hours is in Iran 
sient equilibrium with its parent, when the Ia l,f 
activity (by Eq. 14) is 307/(307 — 40) - ] ]=; 
times the ac tivity of its parent Ba 140 . 

Natural radioactivity. The radioactivity p OS 
scssed hy a few naturally occurring isotopes with 
out the intervention of man or machines is called 
natural radioactivity. Because the earth m com 
posed of atoms which were believed to have been 
created more than 3 X 10° years ago, the natu 
rally occurring parent radioactive isotopes d ie 
those which have such long half- periods that dc 
tcctable residual activity is still observable today 
For example, present da\ uranium is an isotopic 
mixture containing 99.3*? V s whose half # peno<l 
is 4.5 X 10'* years, and 0.79c of the shortei lived 
uranium isotope IJ JV> whose half-period is 0 7 * 
10 9 years. Geophysical evidence indicates that oj ig 
inally sony was present also, but none i 

found in nature now because its half-pet lad ul 
0.02 X 10° vears is less than ! /mn of the age of the 
earth, and therefore substantially total decay hi^ 
occurred. 

Besides uranium, the most important natuiiill' 
occurring parent radioactive element is thorium 
whose single long-lived isotope, Th~ has a hall 
period of 14 X 10 9 vears. or more than 3 tinier the 
assumed age of the earth. 

lJranium-238 decays through a long series of U 
radioactive decav products, involving 8 case- »l 
o-radioactivity and 6 cases of /Lradioac tivity, he 


Table 2. Parent radioactive nuclides which are found in nature 
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number 
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Z 

A 
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years 
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19 

K 

to 

0.0 N 9 

1 2 

X 

10* 

a , eg, 7 

1.1 

37 

Rb 

87 

27.85 

6 

X 

UP 

0“ 

0.3 

49 

In 

115 

95.77 

6 

X 

10 1 * 

0- 

0.6 

52 

Te 

130 

31.49 

1 

X 

102* 

Growth of M Xe 1JW 

1.6 

57 

La 

138 

0.089 

2 

X 

10 11 

EC 

3. 

60 

\d 

144 

23.9 

1 

X 

10 lfi 

a 

1.9 

62 

Sm 

147 

15.07 

1.4 

X 

10 11 

a 

2.1 

71 

Lu 

176 

2.6 

7.5 

X 

10 10 

0“. 7 

0.9 

75 

Re 

187 

62.93 

4 

X 

10 12 

0 

0.4 

90 

Th 

232 

100. 

L4 

X 

10“» 

a 

4.05 

92 

U 

235 

0.715 

7.1 

X 

10* 

a 

4.66 

92 

V 

238 

99.28 

4 5 

X 

10° 

a 

4.25 


fort 1 ending as a stable isotope of lead, Pb 20fJ . 
Some these members of the U-™ decay chain 
\erv short half-periods, so their existence in 
naiine N entirely dependent on the presence of 
thcii long-lived parent, and thus is a genealogical 
k ( ,denl For example, radium occurs in nature 
(>n |\ in the minerals of its parent, uranium. The de- 
-cries of V 2 *' supports 14, and the decay sc- 
n p s oi Tlr ’ supports 10. short-lived but naturally 
ijdiuat tive substances. 

\ jew of the common elements contain long-lived 
naiiiullv radioactive isotopes. For example, all ter- 
minal potassium contains 0.01 2' J of the radioac- 
mr ]M>tope K ,ft which has a half-period of 1.2 X 
i0‘ wars and emits negatron ft - rays and y-ravs in 
dual dc( a\ to stable Ca 4W and A 10 . This isotope 
die principal source of natural radioactivity in 
ihi normal human being; each human contains 
aliout 0 1 mic roc uric of the naturally radioactive 
potassium isotope K 4U . A number of laboratories 
ut pjivsK s and radiobiologv have sensitive radiation 
dHii lion instruments which can provide accurate 
measurements of the amount of y-radiation which 
i a* h human emits at all times, as a consequence of 
k‘ < ontcnl .S ee Monitoring (ionizing radia- 

MI)N > 

1 il)l« 2 summarizes the radmai tive properties of 
ill tin- well established cases of natural radioaetiv- 
ii\ (,<‘o|ogual age measurements are based on the 
i< i iiiiiulat ion cd decay products of these long lived 
• •lopes especial) v in the cases of K ,() . Rb s \ 
1 1’ 1 . and II- \ See Cl (>( iironommry. 

Induced radioactivity. This is the property of 
i nlicMi ti\ it\ exhibited bv newly created atoms 
"Inch are produced bv nuclear reactions It is 
■•mi limes tailed artificial radioactivity. For exam- 
ple uubnn-11 is a negatron ft - rav emitter, with a 
b ill period of about 5600 vears. which can be prn- 
( I>>'<d or induced, in the laboratory as the product 
"I mu h'cir transmutation experiments using boron 
1 die starting material Nuclear bombardment of 
u " "M M nuc lei by n-ravs (helium nuclei) c an pro- 
f c*»mpound nuclei of nitrogen-15 which 
pi onipl I \ emit a proton (hydrogen nucleus), leav- 
' Jibon-ll as the end product of the transrnuta- 
,1<m I lie same end product, C 1 *. can be produced 
1,1 othei nuclear transmutations, for exam- 

pl* l)\ the nuclear reaction : 

^'ticigei,-l4 f neutron —> nitlogen-15 — » 

carbon- 14 -f proton 
(15) 

^ 1J " ifa< tion is easily carried out using inanv types 
mik ]e ar machines, such as the cyclotron. Van de 
biddIT (^nerator. linear accelerator, or in any nu- 
' far l eaunr, because each of these is a source of 
* |p neutrons whic h are needed for producing, or 
‘! lfil11 ,n ^' this particular nuclear transmutation. 

1,s pdi titular transmutation reaction is one which 
^Pperis to occur in nature also, without the inter- 
' <m,on man or machines, because the nitrogen 
! n ^ earth’s atmosphere is continually bom- 
)ar ” e< l ^ neutrons which enter the atmosphere as 
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cosmic rays, thus producing induced radioactivity 
as newly formed atoms of carbon- 14. See Cosmic 

HAYS; NUCLEAR Rf.AfTION; PaR'IILLE A< f ELEKATOfl; 

Reactor, nuclear; Terrestrial nuclear reac- 
tions. 

As a result of extensive nuclear transmutation 
and disintegration experiments using the 274 
known stable nuclides as well as uranium and tho- 
rium as targets, more than 800 new nuclides have 
been produced and studied. Each of these is radio- 
active and is therefore an instance of induced ra- 
dioactivity. 

Tables of the identity and properties of these 
radioactive nuclides, oi isotopes, are being revised 
constantly to include newlv discovered inhumation. 
The most up-to-date tables are routinely published 
in the two physies journals. Revieus of Modern 
Physits* and Nmlear Physics Abstracts. Reasona- 
bly complete tables art* also found in several hand- 
books. 

The yield of anv induced radioactivity is the ini- 
tial rate of production of the at tivitv under the par- 
ticular conditions of nuclear bombardment. WWn 
a target rnateual A is bombarded to produce a ra- 
dioactive product R whose radioactive decay con- 
stant is A/<. the number of atoms R which are pres- 
ent after a bombardment of duration t, and their 
activity R A/ { , are given by 

flX" = (1 - f-*'") 06) 

where the yield, Y , has dimensions equivalent to 
uuies of activity produced per second of bombard- 
ment. The vield depends on the number of atoms 
A present m the target, the intensity of the beam 
of bombarding particles, and the cross section, or 
probability, of the reaction per bombarding parti- 
c le <nder the conditions of bombardment. 

Radioactive transformation series. As noted in 

Kqs. (10) to (12), many radioactive substances 
have dei av products which are also radioactive. 
Thus many long chains or series of radioactive 
transformations are known. 

The three naturally occurring transformation se- 
ries are headed by Th° 3J , IJ- M \ and U* 3S . Their 
genealogical relationships are summarized in Figs. 
3S. 

Each of the naturally occurring radioactive iso- 
topes in these transformation series has two synon- 
ymous names. For example, the commercially im- 
portant radioisotope whose classical name is 
mesothorium-1 is isotopic with radium-226, but has 
a mass number of 228; mesothorium-1, whose sym- 
bol is MsThi, can therefore be designated also as 
radium-228 (symbol, Ra JJh ). Table 3 summarizes 
the names, symbols, and some radioactive proper- 
ties of the transformation series whose family re- 
lationships are shown in Figs. 3-5. 

A number of induced activities which are also 
members of these three transformation series have 
been produced in transmutation experiments. For 
example, plutonium-244 (Pu 244 ) has a half-period 
of 74,000 years and decays by o-emission into ura- 
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Table 3. Names, symbols, and radioactive properties of members of the three naturally occurring radioactive 
transformation series 


Conventional 

name 

Conventional 

symbol 

Atomic 

number 

Mass 

number 

Isotopic 

symbol 

Half- 

period 

Type of 
decay 

Uranium (4 n + 2) series 






Uranium I 

U! 

92 

238 

IJ2« 

t3 X 10® y 

at 

Uranium Ai 

ux, 

90 

234 

Th“ 4 

2).d 

ft 

Uranium \ 2 

UX, 

91 

23 1 


1.2m 

IT. 0 

Uranium Z 

17 

91 

23 1 

Pa 23 ' 

6.7h 

ft 

Uranium II 

Ulf 

92 

23 1 

U214 

2.3 X 10’y 

a 

Ionium 

lo 

90 

230 

Th 220 

8 X KPy 

at 

Radium 

Ra 

88 

220 

Ra 222 

1020 y 

a 

Radon 

Rn 

HO 

222 

Rn 212 

3. ltd 

at 

Radium A 

RaA 

8 1 

218 

Po* 1 * 

3 Oin 

at 

Radium R 

HhB 

82 

211 

Pb 2U 

27. m 

ft 

Radium C 

RaC 

83 

21 l 

Hi 211 

2(>.nr 

ft , at 

Radium C' 

RaC' 

at 

21 t 

p 0 2U 

1 0 X 10 M 

a 

Radium C" 

RaC" 

81 

210 

TP 10 

1.3m 

ft 

Radium D 

RaD 

82 

210 

Ph«° 

22 v 

ft 

Radium K 

RaK 

83 

210 

Ri 210 

3.0d 

ft 

Radium K 

RaP 

8 t 

210 

Po 210 

n» d 

at 

Polonium 

Po 

8 1 

210 

Po 21 " 

138 d 

at 

Radium (i 

RaC 

82 

200 

PI ,20(1 

Stable 

Stable 

Thorium (4n) series 






'Thorium 

Th 

90 

232 

Th 212 

UX I0‘°Y 

a 

Mesot horiunii 

Ms Th, 

88 

228 

Ra 22 ** 

0 7y 

ft 

Mesothoi itirn; 

Ms | 1)2 

89 

228 

A< 22 * 

0 lh 

ft 

Radiol horiurn 

ltd 1 h 

90 

228 

I h 22 * 

1.9y 

at 

Thorium \ 

lh\ 

88 

221 

Ra 221 

3. Oil 

(X 

Thoron 

Tn 

80 

220 

Rn 2 * 1 

31s 

a 

Thorium A 

ThA 

at 

210 

P«« f 

0 10s 

at 

Thorium R 

ThB 

82 

212 

Pb 212 

10 Oh 

ft 

Tboiium C 

1 hC 

83 

2 1 2 

RP 12 

I Oh 

ft , at 

Thorium (" 

ThC' 

8 1 

212 

Po 212 f 

3 X 10 S 

at 

1 liorium C" 

ThC" 

81 

208 

TP* 

3 lin 

ft 

Thorium I) 

Thl) 

82 

208 

Ph 20 * 

Stable 

Stable 

Actinium (4 n f 

3) series 






A( tinoiiranium 

AcU 

92 

233 

t 

7 I X 10 K v 

fX 

Uranium > 

Ij Y 

90 

231 

1 h 211 

23. h 

ft 

Piotactinium 

Pa 

91 

23! 

P«1 2JI 

3 t X I0'y 

at 

Ai tinium 

A< 

89 

227 

A< 227 

22 y 

ft , at 

Radioar tinium 

RdAt 

90 

227 

Ih 227 

I8.d 

at 

Actinium K 

\(K 

87 

223 

PC 24 

22. rn 

ft , « 

Actinium X 

AcX 

88 

223 

Ra 223 

1 l.d 

a 

Astatine 

At 

83 

219 

At 249 

0 9m 

a, ft 

Actinon 

An 

80 

219 

Rn 219 

3 9s 

a 

Actinium A 

AcA 

81 

213 

p () 20 

1.8 X 10 S 

at 

Actinium B 

AcB 

82 

211 

Pb 211 

30. m 

ft 

Actinium C 

AcC 

83 

211 

BP” 

2.2m 

a,r 

Actinium C' 

A c(Y 

8 1 

211 

Po 211 

0.3s 

at 

Actinium 0" 

AcC" 

81 

207 

Tl»/ 

4.8rn 

ft 

A< tinium I) 

AcD 

82 

207 

Pb 207 

Stable 

Stable 


mum-240 (U- 4 °), thence b> two /^-transformations 
and I wo more ^-transformations into thorium-232 
( Th J ,J ) , according to the following scheme: 

9 „Pu 244 A 92 [J 348 4 9 ,Np S4 ° 4 94 Pu 240 A 92 U 236 A 

9 oTh 232 A • • 

The so-called neptunium series, or 4 n + l series, 
does not exist in nature because of the length of 
the half-period (2,000,000 yr) of its longest lived 
member, M ilNp- M7 . This series has been produced 
and studied in transmutation experiments, and fol- 
lows the pattern: 


<),Np 2>7 — » — ► 

mBi* 0U ( stable) 

More than 90 transformation series have been 
studied among the radioactive products of nurleai 
fission. These series vary in length from 2 6 rafh« 
active members, each of which emits negatron p 
rays. An important example is 
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9 3 Main line of decay for the thorium series of 
° V Y radioactive nuclides. Diagonal arrows denote 
° W ^ ,c ^ atom ' c number decreases by 2 units 
nu mber decreases by 4 units. Horizontal ar- 
)er enote n ®9atron /?-de cay, in which atomic num- 
n creases by 1 unit and mass number is unchanged. 


Every member of this series has a mass number given 
by 4 n, where n is an integer Hence, the thorium series 
is also called the 4n series Note dual-decay of ThC, 
36% by a-decay to ThC", and 64% by /?-deca y to 
ThC'. 


mass number ( An J 
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where the half-period of each negatron ^-transfor- 
mation is given under the coi responding arrow 
(s = seconds, h = hours). 

ALPHA-RAY DECAY 

Alpha-ray decay is that type of radioactivity in 
which the parent nucleus expels an o-ray. The a-ray 


is emitted with a speed of the order of 1 i 0 2 x 
10 w cm/sec; that is about 1/20 of the veloeitv f 
light. y 01 

In the simplest case of a-decay, even ^ rav 
would be emitted with exactly the same velocity 
and hence the same kinetic energy. However ln 
most cases there are two or more disci ete e n <»r»\ 
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Fig 4 Main line of decay of actinium series, or nature by uranium-235. Each member has a mass rt0ri 

4n -f 3 series, of heavy radioactive nuclides, headed in ber given by An -H 3, where n is an integer. 




r0( ,ps, or lines, in the spectrum of ar-rays from 
j particular radionuclide. For example, in the 
* a l ( of a large group of U J18 atoms, 77% of 
jj )e a( lt<a\s will be by emission of a-ravs whose 
^ nell< energy is 4.20 Mev (million electron volts), 
, 1 ,i1j 2*' f vull be by emission of 4 15-Mev rv-rays. 

Ok 4 20 Mev <*-ray is emitted the decay prod- 
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net nucleus is formed in its ground (lowest en- 
ergy) level. When a 4.15-Mev nr-ray is emitted, the 
decay product is produced in an ex< ited level, 0.0S 
Mev above the ground level. This nucleus promptly 
transforms to its ground level by the emission of a 
0 OS- Mev y-ray or alternative!) by the emission of 
the same amount of eneigv in the foim of a con- 


T | Pb Bi 


Po At 


Rn Fr Ra 


Ac Th Pa U 


cnemicai 

symbol 



ip atomic number 

j^ 5 ^ am line of decay of uranium series, or in nature by uranium-238 Each member has a mass 
s ®nes, of heavy radioactive nuclides, headed number given by An + 2, where n is an integer. 
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version electron and the associated spectrum of 
characteristic x-rays. Thus all a-ray spectra are 
line spectra, with a-rays emitted in one or more 
discrete and homogeneous energy groups, and a-ray 
spectra are accompanied bv a y-ray spectrum when- 
ever there are two or more a-ray groups in the 
spectrum. 

Geiger-Nuttall rule. Among all the known a-ray 
emitters, most a-ray energy spectra lie in the do- 
main of 4--6 Mev, although a few extend as low as 
2 Mev (f^Sm 11 ") and as high as 10 Mev (ThC'h 
There is a systematic relationship between the ki- 
netic energy of the emitted a rays and the half- 
period of the a-emitter. The highest energy a-rays 
are emitted bv short-lived nuclides, and the lowest 
energv a-ravs are emitted bv the very long-lived 
a-ray emitteis. 

The systematic investigations bv H. Geiger and 
J. M. Nuttall are summarized in their classic al form 
as the Geiger-Nuttall diagram. Fig. 6 Here the 
half-pei iod T is represented hv the radioactive de- 
cay constant A = 0.69A/T, and the a-rav energv E 
is represented hv the range R of the a ravs in centi- 
meters of air, Geiger having ^hown previously that 
the range of an o-rav is closely proportional to the 
three-halves powei of its kinetic energy, that is 

R = const X £* /J (Geiger’s rule) (17) 

The member^ of the three naturally occurring de 
cav series aie seen to follow a clear relationship of 
decreasing half-period (increasing A) with me reas 
ing energy ( range ) . 

The Geigei-Nuttall rule is inexplicable hv clas- 
sic a I physics, hut emerges clearly from quantum, 
or wave mechanics. In 1928. the hypothesis of 



Fig. 6. Original form of the Geiger-Nuttall relation- 
ship between a-ray disintegration energy, expressed 
as range R of the a-rays, and half-period, expressed 
as decay constant A. (From H. Geiger, Z. Physik, 8:45 - 
57, 1921) 



Fig. 7. Schematic of nuclear potential barrier, i(| us 
trating emission of an a-ray as a wave which can be 
transmitted through the barrier 


transmission through nuclear potential harriers ^ 
intiodmed by G. Gamow and independent In 
R. W. Gurney and E. IJ. Condon was shown li 
give a satisfactory account of the n-de< a> data mi 1 
it has been altered subsequently only in detail 
The form of the hairier-penelration equation- i 
such that correlation plots of log A agdiie 
1 V E give nearly stiaight lines ♦ 

Nuclear potential barrier. At distances r wh»h 
are large com paied with the ni ic leai radius tin ,» 
tential energy of an o-rav, whose < harge is 2c n 
the field fif a residual nucleus, whose charge i 
(Z — 2)e, is 2(Z—2)r r. At very close ch 
tances, this electrostatic repulsion is opposed nd 
overcome hv short-range, specifically nuc Icmi i 
tractive forces. The net potential energy / 1 

function of the separation r between the a r «i\ im 1 
its residual nucleus is called the nuc leal potniin 
barrier. 

One of several operating definitions of ih» 
nuc lear radius R is the distance r - R at which the 
attractive nuclear forces just balance the repuhi'* 
electrostatic forces. At this distance, called the to| 
of the nuclear harrier, the potential encigv i" *h*» i 
2S dO Mev for tvpiea] cases of heavv, cv enuttuv 
nuc lei, as indicated in Fig 7. .See Poif.mhi 
rifr; see also Nuc lfar siriichirf; A1 vU 

CHAMTCS. 

Inside the nucleus the a-particle is represent 
as a de Broglie matter-wave. According to 
mechanics this wave has a very small hut hni 
probability of being transmitted through the n* 1 
clear potential energy barrier and thus of emerfi" 1 ’' 
as an a-ray emitted from the nucleus The |r j^ 
mission of a particle through such an energ' | 
rier is completely forbidden in classical electJ" 1 
namics but is possible according to wave mechan^ 
This transmission of a matter-wave through an 
ergy harrier is analogous to the familiar (as( ^ 
the transmission of ordinary visible light t r °^ 
an opaque metal such as gold; if the g°W 




half pt nod year 


en , t i)f>h ^ome light does get through, as in the case 
0 f the thin gold leaf which is sometimes used for 
Hieing signs on store windows. 

|V wave-mechanical probabilitv of the trans- 
, nl ksion of an o-particle through the nuclear poten- 
r,al harrier is verv strongly dependent upon the 
of the emitted o-rav. Analytically the prob- 
1 , 11 , 1 V of transmission T depends exponentially 
upon a barrier transmission exponent y accord- 
ing to 

T = e 7 (18) 

| od good approximation 


Wr\ (/- 2)2e* 
h ) 1 


[2(Z — 2)2f*UR\' 2 


uIkh* h - 6.625 X 10 J " eig-siMond is Planck's 
mnstant. and M is the so-called reduced mass of 
ih< n paitK le. For the o-decav of Ra ** . the nu- 
rm iaal value of y is about 71. heme T = c 71 - 
10 1 The hist term on the tight side of Eq (10) 
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is about 154 and is therefore the dominant term. 
When this term is taken alone. 

e -(4ir*lh) (7 2 )2eV\ 

is called the Gamow factor for barrier penetra- 
tion. 

Inspection of F q. (19) shows that the barrier 
tiansmission decreases with increasing nuclear 
charge (Z — 2)e, increases with increasing veloc- 
ity V of emission of the nr-ray, and increases with 
increasing ladius R of the nucleus. When the ex- 
perimentally known values of n-decav energy are 
substituted into Fq. (19). with R about 10 ,J cm 
and Z about 90, the transmission coefficient T = 
c ' is found to extend over a domain of about 10 J,) 
to 10 ,0 . This ?ange of about 10 " is just what is 
need(*d to relate the a-disintegration energy to the 
broad domain of known o-decay half peiiods. Equa- 
tion (19) tli us explains the Geigei- Nutt all rule 
very successfully. Figuie 8 presents a logical 
modem ioim of the Geiger-Nuttall relationship, as 
used extensively bv 1. Peilmau and cowoikers. ,The 



F ' 9 8 Systematic* of the brood range of half-periods numbers of parent «-ray emitters. Lines connect parent 

tor tf-ray decay and their strong dependence on isotopes and are drawn using wave-mechanical theory 

•decoy energy an d weaker dependence on nuclear of a-ray transmission through nuclear potential bar- 
( r 9e Numbers beside experimental points are mass riers. 




284 Radioactivity 

individual points show the measured half-periods 
and a-disintegration energies (o-ray energy plus re- 
roil energy) for a number of heavy emitters of 
or-rays. The smooth curves are drawn using the 
wave-mechanical theory of transmission through 
nuclear barriers, with a nuclear radius of K = 
1.48 X 10 cm. where A is the mass number 

of the a-ray decay product. The agreement between 
experiment and theory is good. 

BETA-RAY DECAY 

Beta-ray decay is a type of radioactivity in which 
the parent nucleus emits a /8-ray. There are two 
types of /3-decay: in negatron /?-decay (/?') the 
emitted /8-ray is a negatively charged electron 
(negatron): in positron /3-decav (/3 + ) the emitted 
/3-rav is a positively charged electron (positron). 
In /?- decay the atomic number shifts by one unit 
of charge, while the mass number remains un- 
changed ( Table 1 ) . 

The number-vs-energy distribution of emitted 
/?-rays is continuous, as illustrated in Figs. 9- 11. 
For each /?- ray emitter there is a definite maximum 



Fig. 9. Energy spectrum of negatron /3- rays from 
RaE. ( From G. J. Neary, Proc. Roy. Soc. (London), 
AI75(960):71-87, 1940) 



Fig. 10. Energy spectrum of negatron /?-rays from 
Cu t;t (From R. D. Evans , The Atomic Nucleus , McGraw- 
Hill , 1955) 



Fig. 11. Energy spectrurri of positron /3-rays from 
Cu ,!4 . (From R. D. Evans, The Atomic Nucleus , McGrow 
Hill, 1955) 


or upper limit to the energy spectrum of 
This maximum energy, corresponds to fh,. 

change in nuclear energy in the /8-dec av. 'rim. 
F m ,, v = 1.16 for RaK, £„ lt , x = 0.57 Mev lor p df 
cay of Cu M . and E uuts - O.fifi Mev foi /3 J <irru\ <»! 
Cu f ’ *. As in the ease of o-decav, some /3-ra\ sjurtM 
are not this simple, but include 1 additional contm 
nous speelra having less maximum energy and 
ing the product nucleus in an excited le\Tl hum 
which y-ravs are then emitted. 

Sargent diagrams. For a given class of /f-rmn- 
ters, the hajf- period decreases rapidly as the dna\ 
energy E.* A>k increases. This systematic heliaxiot 
shown in Fig. 12, was first pointed out b\ B 
Sargent, and is the /3-deeav analog of the t »eigei- 
Muttall rule (Fig.fi) for o-decav. 

The division of /3-ray transitions into main 
classes, as allowed, first-forbidden, second-fin hid 
den. third-forbidden, etc., was first made on empiri- 
cal grounds. For the same E lu , IX . the half-period in- 
creases by roughlv a factor of 100 for each inrn ;w 
of one degree of forbiddenness. Figure 12 show- 
allowed and (first) forbidden transitions, lhecn 
now shows that the allowed transitions are those m 
which the parity of the parent and product nuclei 
is the same, and in which the angular momentum 
of the parent and product nuclei is either the ‘-aem 
or differs by only one unit of angular momentum. 
Transitions of various degrees of forbiddenness rt 
suit from various combinations of the paritv and 
angular momentum of the parent and product nu- 
clei, as described by the so-called selection rul^ 
for /3- decay. .See Parity (quantum mechanic i* 
Selection rules (physics). 

Neutrinos. The continuous spectrum of p- J" 3 ' 
energies shown in Figs. 9-11 implies the si: mu^ 
neous emission of a second particle besides 1 1 
/?-ray, in order to conserve energy and momenta 
for each decaying nucleus. This particle is the ne ’^ 
trino. The sum of the kinetic energy of the neut rl “ 
and the /8-ray always equals Z? lnHX for the P artK ”^ t 
transition involved. The neutrino has zer0 ^ 
mass, zero charge, travels at the same sf >e ' 






log E ma *' Mev 


Fig 12 Sargent diagram for some naturally occur- 
ring /j-ray emitters. Maximum energy of /2-ray spec- 
trum / m IX is plotted against partial decay constant A 
for principal branch of / 3 -decay; half period T is also 
shown (From B W Sargent, Proc Roy. Soc (London), 
A 139(839) 659-673, 1933 ) 

Ivdil ( 2 ' TO 10 ( m /mm ), and is emitted as a rnm- 
[i ui'Dii particle with e,i< h /2-rav 
Ivsn hums of neutrino are distinguished. In posi 
Mon ft de<av a proton p in the nueleus transforms 
Mfo <1 neutron n in the nucleus, thus 1 educing the 
mnlcjr ihaige b\ one unit. At the time o f this 
transition two particles, the positron ft* and the 
unituno 1 . are created and emitted. The emitted 
1 and 1 together carr\ away the encigv E, u .i\ of 
du transition and provide for conservation of en 
momentum, angular momentum, charge*, and 
'tatistn s. Thus positron /2-decay is represented bv 

p — > n T /3 + + r ( 20 ) 

V patron /2-decay is a closely related process, ex- 
M l't l hat a neutron n changes to a proton p in the 
n jc lens, and a negatron /2-ray ft and its charac- 
^nsti( companion particle, the antineutrino i", are 
knitted Thus 


n — > p ~\~ ft "T i ( 21 ) 

^ ,e antineutrino is the antipnrticle of the ncu- 
Umn The\ have the same properties of zero charge 
dI >d /eio rest mass and differ only with respect to 
1 ^ ,rt ' (, tion of alignment of their intrinsic spin 
‘° ns rt le ^ r direction of motion. In most contexts, 
1 ** term neutrino includes both its forms, neutrino 

dn n antineutrino. 

The interaction of neutrinos with matter is ex- 
^edinglv feeble. A neutrino can pass all the way 
Th° U ^ 8un c ^ance of a collision. 

e l hi°kness of lead required to attenuate neu- 
l) V the factor V> is about 10 20 cm, or 100 
'(5 t-vears 0 f lead! See Neutrino; see also Anti- 
robiTRON. 
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Average beta energy. Charged particles, such 
as /2-rays or a-rays, are easily absorbed in matter 
and their kinetic energy is thereby converted into 
heat. In /2-decav, the average energy E a v of the 
/2-ravs is far less than the maximum energy E m ax 
of the particular /2-ray spectium. For example, in 
the case of RaE, integration over the energy spec- 
trum of Fig. 9 gives £ HX = 0.33 Mev, and hence 
E'.i\ £nm\ = 0.33/1.17 = 0.28. Hence only 28% of 
the nuclear disintegration energy of RaE is avail- 
able as kinetic energy of /2-rays. This is in agree- 
ment with direct measurements on RaE. The re- 
maining 72 r J of the disintegration emigv of RaE 
is emitted us kinetic energy of neutrinos and is not 
1 ecovei able in finite absorbers. 

The detailed shape of /2-ray spectra and hence 
the e\a< t value of the ratio E, ls E m „ x varies some- 
what witli Z, ErnHx. the degree of forbiddenness of 
the transition, and the sign of charge of the emit- 
ted /2-rav. A rough rule of thumb which covers 
many practical cases is E n \ ( 0.40 ± 0.05 ) E , ax , 
with slightly higher values for positron /2-ray spec- 
tra than for negation /2-rav spectra. Tables of the 
energy of nuclear radiations routinely list E U) ltN for 
all ( ases of /?-dci ay, rather than E in . 

Fermi theory. Bv postulating the simultaneous 
emission of a /2-rav and a neutrino, as in Eq. (20), 
E. Fermi developed in 1934 a quantum-mechanical 
theory which satisfactorily gives the shape of ft-ray 
spectra (as in Figs. 10 and 11), and the relative 
half periods of /2-rav emitters (as in Fig. 12). 

The energy distribution of /2-ra\s in allowed 
transitions is then given hv 

A (W) dW 

= ^ F(/,w un 2 - i) i,2 (K n - lryirjw (22) 

To 

wher- A ; (JT) dU = nu in be 1 of ft rays in energy range 
R to K + dW 

R r = 1 -f E (m«r 2 ) = total energy of ft- 
ray in units of lest energy moc 2 = 
0. r >l Mev fni an electron (mo -- 
electron mass, ( = velocity ol 
light) 

R'o = 1 I* h miK (m 0 f 2 ) = maximum 
energy of the /2-ra\ spectrum 
\P\‘ i = squared matrix element fur the 
transition and is of the order of 
unity for allowed transitions 
To = time constant ~ 7000 sec 
F(Z,W) - complex, dimensionless function 
involving the nuclear radius, 
nuelear charge, and ft-ray energy. 
F(Z.IF) has been evaluated and 
published in tabular form by the 
National Bureau of Standards as 
Tables for the Analysis of Beta 
Spectra , Appl. Math. Ser. 13. 1952 

Physically this distribution function involves the 
product of the energv IT and momentum ( W - — 
] ) V- of the /2-ray rimes the energy ( W n — W ) and 
the momentum (Wn - W)/c of the neutrino. 
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The half-period T of /?-decay can be derived from 
Eq. (22) because the radioacthe decay constant 
A = 0.693 'T is simply the total probability of de- 
cay, or N(ff') dl¥' integrated over all possible 
values of the ( 3 - ray energy from If = 1 to W - U < } . 

Equation ( 22 ) matches the energy spectra of al- 
lowed /8-rav transitions and therefore furnishes one 
type of experimental verification of the properties 
of neutrinos. Its counterpart in terms of the /?- ray 
momentum spectrum is often used for the analy- 
sis of spectra, and is 

.\(v) dr) = 1 />! 2 F{Z,n) ( r o - m V dr) (23) 

To 

where \(rj) dr) — number of j8-ravs in the momentum 
interval from rj to 77 f drj 
r) = (IT ' 2 — 1 ) ,/2 = momentum of the 
j8-rav in units of nine 
F(Z.rj) = F(ZJf) of Eq. ( 22 ) 

The momentum distribution is much more nearly 
symmetric than its corresponding energy spectrum. 

Kurie plots. For allowed transitions, the transi- 
tion matrix element P ' is independent of tin* mo- 
mentum 77. Then Eq. ( 23 ) can be put in the form 

IB; c,) 

Therefore a straight line results when the quantity 
V V ipF is plotted against /?- ray energy, either as 
U or a- F, on a linear scale. Such graphs are 
('ailed Kurie plots, or Fermi plots. Thev are espe- 
cially useful for revealing deviations from the the- 
ory and for obtaining the upper energy limit F l)ltlx 
as the extrapolated intercept of n/Y r)~F on the en- 
ergv axis. Practically all new results on the shape 
of /8-ray spectra are published as Kurie plots, 
rather than as actual momentum or energy spectra. 

Figure 13 shows a representative Kurie plot for 
In 111 . Note that ,V means X(rj). the number of 
/?-rays in a momentum interval of constant spread 
A17. The horizontal scale is the kinetic energy E 
which corresponds to the midpoint of the momen- 
tum interval tj to 77 + A77. When spectral data 
give a straight line, such as this one. then N(rj) 
is in agreement with the Fermi momentum distri- 
bution, Eq. ( 23 ) ; and the intercept of this straight 
line, on the energy axis, gives the disintegration 
energy E mnx . 

Electron-capture transitions. Whenever it is 
energetically allowed by the mass difference be- 
tween neighboring isobars, a nucleus Z may cap- 
ture one of its own atomic electrons and transform 
to the isobar of atomic number Z — 1 (Table 1). 
Usually the electron-capture (EC) transition in- 
volves an electron from the K shell of atomic, elec- 
trons, because these innermost electrons have the 
greyest probability density of being in or near the 
nucleus. Sn Electron capture. 

In EC transitions, a proton p bound in the parent 
nucleus absorbs an electron e~ and changes to a 
bound neutron n. The disintegration energy is car- 
ried away by an emitted neutrino v 


p + p -*« + !’ ( 25 ) 

The residual nucleus may be left either in j N 
ground level or in an excited level from which 
y-ray emission follows. 

EC transitions compete with all cases of p< K j. 
tron / 3 -ray decay. EC has an energetic advantage 
over ( 3 A decay equivalent to the mass of two tier, 
trons, or 1.02 Mev, because in Eq. ( 23 ) one Her. 
tron mass e enters the reaction and is available 
whereas in Eq. (20) one electron mass /?+ must |„, 
produced as a product of the positron ( 3 -r ay decav 
For example, in the radioactive decay of m,Cii' 4 
twice as many transitions go by EC to as N 1 go 
by positron /8-decay to the same decay product. | n 
the heavy, high Z elements, EC is greatly iavnmj 
over the competing /?' decay, and examples () | 
measurable ( 3 * decay are practically unknown fm 
Z greater than 80 . although there are a large mn„ 
her of examples of electron capture. 

Several examples are known of completely pm, 
EC radioactivity in which there is insufficient mi 
clear energy to allow any positron ( 3 - ray decay. Km 
example. u< ( Ke v ' emits no positron /l-ra\*. but 
transforms with a half-period of 2.6 year-) cntinh 
by EC to t he ground level of This radio 

activity is detectable through tin* A-series \ raw 
which aie emitted from Mn ’ ' when the atomi. 
electron vacancy, produced by nuclear capture of ,1 
K electron, refills from the L shell of atomic c!n 
trons. See X-n ay ( s ) , physical na ti m or. 

* GAMMA-RAY DECAY 

Gamma-ray decay is a transition between iw«m\ 
cited levels of a nucleus, or between an ext tied 
level and the ground level. A nucleus in it- ground 
level cannot emit any y-radiation. Therefore y-i :n 
decay occurs only as a sequel ol those instance* <*i 
o-deray. / 3 -decay, or electron capture in which the 
product nucleus is left in an excited energy le\el 

A y-ray is an electromagnetic radiation ( l>b" 
ton) in the same family with radio wa\es, visible 
light, and x-rays (see Elkctkom agnltk kapm 
tion). The energy of a y-ray is h \\ where h i s 
Planck’s constant and v is the frequency of o^d 



5701 ) .- 982 - 994 , 1940 ) 



jation in cycles* per second. The y-ray or photon 
hv is in the domain between 0.05 and 3 Mev 
j 0 r the majority of known transitions. 

Uiruma-ravs carry away angular momentum and 
count tor changes of angular momentum, parity, 
ind energy between excited levels in a given nu- 
] ell *. Ibis leads to a set of y-ray selection rules 
t nd a classification of y-ray transitions as “elcc- 
j,,, - ’ or as “magnetic*'” multipole radiation of mul- 
U[)0 le order 2 l , where / = 1 is called dipole radia- 
tion / - 2 is quadrupole radiation, and / = 3 is 
0( dipole. / being the vector c hange in nuclear an- 
..,1a, momentum. The most common type of y-ray 
U illicit cm Jn nuclei is the electric quadrupole 
./=■ 2 ) 

Mean life for transitions. A reasonably success- 
ini approximate theory of the mean hie for y-ia\ 
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decay was developed by V. F. Weisskopf in 1951 
using the single-particle shell model of nuclei. Fig- 
ure 14 summarizes the numeric al consequences of 
this theory. Note that an electric quadrupole 
(1 = 2) transition of about 1 Mev is expected to 
take place with a mean life, r,/, or mean delay in 
the upper level, of about 10 11 sec. Thus most y-ray 
transitions arc prompt transitions, in which the 
mean life of the exc ited level is too short to be 
measured easily. Figure 14 is for electiie multipole 
transitions. The mean life t 1MMl for magnetic mul- 
ti poles is of the ordet of 30 (for A = 20) to 150 
(for 4 -= 200) times longer than t ,/. Sre Mui/ri- 
poi p RAirmiov 

Internal conversion. An alternative type of de- 

excitation whit H always competes with y-rav emis- 
sion is known as internal conversion. Instead of the 



energy of y-ray, Mev 

J 9 - ’<• Estimated mean life T „ of nuclear levels for ber is indicated by curves for moss A = 200 and 

d *»-citation by emission of electric multipole y-roys. A- 20 plotted for each value of UFrom R. D. Evans, 

ord er 2<. Influence of atomic weight or mass num- The Atomic Nucleus, McGraw-Hill, 1955) 
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Fig 15 Frequency distribution of odd A isomeric 
pairs displays islands of isomerism at neutron numbers 
\ and proton numbers 7 which are less than 50, or 


less than 8* (From R D Evans , The Atomic Nudets 
McGrow Hill, 1955 ) 


emission uf a y rav, the nuclear excitation energy 
can be transferred directly to a bound electron of 
the same atom Then the nuclear eneigy difference 
is converted to energy of an atomic electron, which 
is ejected from the atom with a kinetic eneigy t 
given by 

£, = W-B X (26) 

where B is the original atomic binding energy of 
the particular electron which is ejected and IT is 
the nuclear transition energy which would other 
wise have been emitted as a y ray photon having 
energy h\ - W 

The spec trum of internal conversion electrons is 
then a series of discrete energies, or “lines,” corre 
spending to the individual values of /?, for the 
various K , A, Af, , electrons in the atom 
From the spacing of the E, values in this con- 
veision election spectrum it is possible to assign 
definitely the atomic number Z of the atom m 
which the nuclear transition W took place In this 
wav it is known that the competing y ray emission 
is a sequel and not an antecedent of o-decay, 
ft decav, and electron capture transitions 

The internal conversion coefficient a is the ratio 
of the number of transitions proceeding by inter- 
nal conversion to the number going by y-ray emis- 


sion for any particular nuclear transforms < n 
from an excited level to a lower lying level li 
general, this probability of internal convn*>in 
lelative to y ray emission increases with mcridMii, 
atomic number Z with increasing multipole ordr 
2 l , and with dec reasmg nui lear deexc itation encf r ' 
W In middle weight elements for W = 1 
a is of the order of 10 10 *, while for IT - 

Mev, a is of the order of 0 1 for electric I = - 
transitions and 10 or larger for electric / 
transitions 

Isomeric transitions. Measurably delayed radii 
active transitions from an excited level of a nu 
cleus, rather than from the ground level are 
known as isomeric transitions The measurable 
long lived excited level is called an isomeric 
level or an isomer of the ground level 

Figure 14 shows that if the excitation energy h 
small (say 0 5 Mev or less) and the angular 
mentum difference / is large (say / = 3 or more) 
then the mean life of an exc ited level for y rav 
conversion electron emission can be of the order «■ 

1 sec up to several yr 

r t D ,1 

A typical isomeric transition occurs in v 1 ** 
where an excited level at 0 66 Mev is produce ,n 
about 92% of the /8-ray transitions of 0 

aoBa 1 * 7 . This 0.66-Mev level differs from tlC 




rrotind ^ vel Bal3? by 1 = 4 units of angular 
niom»*ntnm. has a half-period of 2.6 min, and de- 
1%s to the ground level of Ba MT by delayed 
l)V> M<*v y- ravs an< ^ a s P ertrum of conversion 

electrons 

of the isomers occur in nuclei which have 
odd mass number A . Then either the number of 
proton^ / in the nucleus is odd, or the number of 
neutrons N in the nucleus is odd. The frequency 
distiibution of odd-/f isomeric pairs, excited level 
ind pound level, displays so-called islands of 
p.omeTi*ni in which the odd-proton or odd-neutron 
mml |, tr is less than SO, or less than 82, as shown 
in Fig IS. This distribution is one of several 
| mps of evidence for closed-shells of identical nil 
drons at N or Z — SO or 82 in nuclei, and it 
p|j\s an irnpoitant role in the so-called shell 
m< Id of nuclei. Sec IsoMmisM. NUf I l AH. [r.d.k"| 
Bibliography: T. M. Blatt and V. F. Weisskopf, 
Tin orf tiral Nuclear Physics , 1952; R D. Evans, 
I hi I tonne Nik lens, 1955; D. Hallidav. Intro- 
Union Nuclear Physics , 2d ed., 19SS; R. C. Sachs. 
\ m hai Theory , 1953. 

Radioactivity (applications) 

T‘u a|>]>li< ations of radioactivity include the use 
ni ndioattivc isotopes as tracers to study chemical 
ind ph\si< al suhstatK cs, and as modifies to change 

• In < li irat icristi( s of substances. 

Most arhfn iallv produced radioactive isotopes 
r nlioisotopes ) emit electrons, and some emit 
ri\s (see Radioac nvirv). This radiation is 
id* nt h a l to that pioduced hv manv high-energv 
"iitnle a< < elerators and can he used to pioduce 
oh ition changes in materials. Radioactive iso- 
t«>p( s ( ,in also he used as tracers in biological and 
l'h\siral systems. A radioisotope is almost identi 
'I « liemn ali\. with the stalile isotope of the same 

• lenient and thus it can he iri|e<ted into the stable 
1s, *topc and its radiation tracked as it mixes 
"■linn it These radioactive tracers have manv bio- 

medical, and industrial uses. S* e Tr\c*k, 
i xnio \( t i\ i- ; see also Radioiso iopf. ; R adioiso- 
10,1 < mot OGV ) ; R ADIOISOTOPK PROD1H TlON. 

Radioactivity in biology. Ff given in sufficient 
m,f>n Ml\ radiation will produce marked hiologi- 
(tl ' changes. Most of these will he detrimental to 
oigjuism, hut some mav actually produce bene- 
h ' la 1 effee Is. 

Radiation is widely used to induce mutation in 
1 oiijr cu nanisms. New varieties of grains and 
‘'din plants have been produced in this manner. A 
I' lr tn ularly important application has been the 
p radiation of yeast to produce new forms of peni- 
‘dlin Radiation has also been used to control the 
imputation of insect pests bv introducing radiation- 
v,er ili/ed groups into the population. See Radia- 
,,(>N Blount. 

t Radioactivity in medicine. The use of radioiso- 

“ pPs ds d source of modifying radiation has found 
' °ns,derul»le application in medical problems. Io- 
Inr 131 administered in large quantities is useful 
,n destroying a portion of the function of the 


Radioactivity (applications) 289 

thyroid gland in cases where the thyroid gland is 
overactive. It is also used in treating certain types 
of thyroid carcinoma. Gold-198 injected in colloidal 
form directly into tumor tissue has also achieved 
considerable success in tumor therapy (see Irradi- 
ation. isotopic). The intravenous injection of 
phosphorus-32 is a standard method of treating 
leukemia and other blood diseases. Successful as it 
has been in the past, medical theiapv with radio- 
active isotopes still leaves much to he debited. The 
ideal isotope therapy procedure would use an iso- 
tope which is highly specific for the tissue to he 
destroyed and whi* h avoids all othei ♦ issues. Pres- 
ent techniques are far from approximating this 
ideal However, as increased knowledge of the 
growth and structure of rumor tissue becomes avail- 
able. it is < ertain that new and more powerful iso- 
tope therapy techniques will evolve. .See Isotop* 

Dll l 1 ION 1H HNIQtU-S. 

Radioactive isotopes aie also used as an alterna- 
tive to high-voltage mac hines as radiation sources. 
Cohalt-60, the most widely used isotope for this 
pm pose, i ^ encapsulated and sui rounded hv a 
heavy lead shield. An opening in this shield per- 
mits an intense beam of tadiation to emeige. This 
beam ran he used foi external radiation therapy. 

Radioactivity in industry. Radioisotopes as ra- 
diation sources now pet form manv tasks in indus- 
trial research and development, process control, 
and monitoring. One such application is the meas- 
urement of thickness or papet, metal, or other ma- 
terials in a continuous production piocess. In a 
typical application, a source of ^-emitting iso- 
topes is mounted beneath the strip of material 
for which the thickness is desired The detector, 
usualiv an ioni/ation chamber, is mourned above 
the mateiial and records the amount of tadiation 
whi h penel rates the strip (see illustration). The 
intensity transmitted thiough the stiip is related to 
the thickness of the material. Thickness gages of 
this type mav be used to record the thickness of the 



Arrangement for automatic control of thickness of plas- 
tic sheet. Two thickness gages measure thickness contin- 
uously and control apparatus regulating production 
of plastic sheet. ( Tracer lab , Inc,) 
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material continuously, or they may be used as a 
component of a feedback system to maintain the 
thickness at a desired value. Different isotope 
sources are used, depending on the range of thick- 
nesses which must be measured. A soft (low-en- 
ergy ) jS-emitter would be used for thickness gaging 
of paper, while a hard or high-energy /3-emitter 
might be used for certain metal sheets. 

Another important industrial application of ra- 
dioactivity is in the testing of metal castings and 
welds for flaws. In this procedure, photographic 
film is attached to the casting 01 weld and a tadio- 
isotope source, usually c obalt-60, is plac ed nearby. 
Flaws are shown as lines on the photographic, him 
This type of radiographic testing has become a 
standard procedure in the pioduction ol castings 
01 welds that must withstand extremes of tempera- 
ture and pressure. 

The possibility of using radioactivity to modify 
the properties of manufactured goods offers con- 
siderable promise, although few applications have 
yet reached the production stage. Polyethv lene, for 
example, when iriadiated in an intense y-rav flux, 
exhibits marked improvement in its stability to 
heat This modification in the polyeth>lene is 
caused by radiation-induced cross linkages within 
the polymer structure. By and large, however, the 
effect of high levels of ladiation on most matenals 
is detiimental rather than beneficial. 

Radioactivity also offers considerable promise in 
the food industry for sterilization of various food 
products. The sterilization of meat and other per- 
ishable commodities has received considerable 
study. In the drug industry, certain biologicals 
aie currently being sterilized by ionizing radia- 
tion. 

Radioactivity in analytical chemistry. Radioac- 
tive isotopes can be used to determine rates of 
reactions and reaction kinetics. They are particu- 
larly valuable in analytical chemistry in the deter- 
mination of very small quantities of certain ele- 
ments by the process of activation analysis. In this 
technique, the unknown material is exposed to a 
beam of particles; for example, the material can 
he placed in an intense thermal neutron flux within 
a reactor. The interaction of neutrons with various 
nuclei in the sample produces radioactive iso- 
topes. Following the removal of the sample, these 
isotopes can be measured by (3- or y-ray detecting 
devices. If the element to be measured produces 
radioactive isotopes with a sufficient radiation 
yield, extremely small (millimicrogram) quanti- 
ties can be assayed. 

In most cases, the measurement is standardized 
by irradiating known concentrations of the desired 
material and measuring this standard under identi- 
cal conditions as with the unknown. The actual 
limit of sensitivity in this technique is often set by 
trace amounts of the chemical to be assayed pres- 
ent in the container or in other chemicals used in 
preparing the sample. For additional information, 
see Activation analysis. See also Agricultural 
science (animal); Geochronometry ; Luminous 


Elements which may be determined In trace quantities 
by neutron activation analysis* m 



Sensitivity (J f 


detection, t 

Elements 

Mg 

Eu 

Mil, In, Dy, Ho, Re, Ir, Au 

Na, Cu, \ h , Pel, 1, La, Pr, Sm, Yb 
Lu. Ta, W 

Cl, Sc, (in. (it\ Se, Hr, Kb, Y 

Sb, Ua. (id, Tb. Er, Tin, Os, IT 

P, Ci, Co, Ni, Zn, Sr, Hu, Cd 

10 6 

10 4 

10 3 

10“ 2 

10 1 

Sii, Te, Ce, Nil, Hf, Pi, Hg. Th 

Si, K, Zr, Mo, \g, Cs, Tl, Bi 

l 

S. Ca. Ke, Pb 

1 100 


* Taken liom <* II Morrison, Neulion a< livulum anal 
\Hi8 loi (rare elements, Appl Spectroscopy , 10(2), 

t Tin* amount of an element that would piodiut suffi 
cient activity to be measured after the element hdH \m n 
exposed to a flux of 3 4 X 10 12 neutions/(i m 2 )fsec) foi \ 
days T lie sensitivities for elements whose radioactive iso 
topes have veiy shea l half-lives will decrease consult uihh 
with the length of time between lernovai from the pil<> ami 
measurement ot aetivity Isotopes with hall-lives less t han 
10 mill have been omitted 


PAINT; PllOiOSYNTHLSlS, PLANT, MINFK4I NlIRI 

i ion oh; Prom*k liNo, Radiochf MisTin , Wm 

LOCOING (M1NFRAL) | 0 1 B j 

Bibliography : C. L. Comar, Radioisotope s m 
Biology and Agriculture , Principles and P mu tin, 
1955, The Effects of Atomic Radiation on (Rea nog 
raphy and Fisheries , Natl. Acad. St i. -Natl He 
search Council Puhl. 551, 1957; W. E Sin ho 
topic Tracers and Nuclear Radiations , 1940 

United Nations, Proc Intern . Conf. Peaceful Uses 
Atomic Energy , vols. 10-15, 1956. 


Radioactivity standards 

Calibrated standard sources of radioactive sub 
stances used to determine, by comparison, the 
strength of samples of the same substances m teim*- 
of the number of radioactive atoms they contain or 
in terms of some figure proportional to this mini 
her. The calibration of the standard source in terms 
of the number of radioactive atoms is usually an 
elaborate procedure but need only be carried out 
once and the calibration may be made at a stand 
ardizing laboratory having special equipment for 
the work. Comparisons between samples and stand 
ards are usually made by finding the ratio of the 
responses of an ionization chamber, or other detec 
tor of radiation, to the radiation from a sample and 
from the standard. In each case the intensity of the 
radiation, and therefore the response of the deter 
tor under identical conditions, is proportional to 
the number of radioactive atoms in the source, b e 
cause this number is also proportional to the di» 
integration rate of a source. See Half-life; Radio 
activity. 

The number of situations in which standards o 
radioactivity can be used is limited by a number o 
factors. For example, the radioactive species in- 
volved must have a half-life long enough that the 
standards will continue to have sufficient activity 
for the period of time in which they are to be us® • 



^| ia s standards of radium, in which the half-life 
j M ,nt 1620 years, have an almost permanent 
iJiic Standards of radioisotopes with ver\ much 
hoi ter half-lives, of the order of a dav. require 
(reparation and calibration immediately prior to 
Jh,.,! use See Cumh. f L.r.cs.l 

Hibhozraphv: W. B. Mann. The preparation and 
oMintciiance of standards of radioactivity. Intern. 
I - ippl ■ Radiation and Isotopes , 1 :3-23, 1956. 

Radiocarbon dating 

\ method of determining the absolute age of cat- 
ion l,eaiing material- which have formed in equilih- 
rllim with the atmosphere during the past 70,000 
uM1< The method, discovered bv W. F. I ibbv and 
|,i s mworkers in 1047, is based on the radioactive 
c j n JN nf the cosmic rav-produccd isotope, cai- 
] IOll 11 (C H ). It has been successfully applied to 
mm h materials as wood, plant remains, charcoal, 
marine shell, and fresh-water carbonate deposits. 
lli<> [('"lilts obtained have proved invaluable* in the 
-tiid\ of world wide climate changes, of recent geo- 
jon i, events, and of the development of prehistoric 
m in 


RADIOACTIVE DECAY OF CARBON-14 

( arhon-1 1 is one of the* three naturally <n < urring 
Hitopes of the element carbon. Unlikt C 1 and C 1 
shall arc* -table isotopes. C M undergoes a nucleai 
tian-formation to nitrogen- 14. The average C 11 
ilom cxisis 8000 \eais before it elects a beta par- 
iah I converting one of its neutrons into a proton) 
v mg’ the* atom the ehernic al characteristics of 
Hit r ojjcmi V with all radioactive isotopes C li mav 
lit* i hard* ter r/ed by a half-life (5570 dt 40 yeaiO, 
ili< time requited lor half of a given number of 
itmii" to undergo radioactive decay. Since the rate 

• I ti.Jiisfonnation cannot be altered by any plivsi- 
1 il conclitions on the surface of the earth, the rate 
<»1 disappearance of C u from a sample hears an 
absolute relationship to time. 

^im e the earth is about 4.5 X 10° years old, any 
( " produced initially with the rest of the isotopes 
making up the solar system would have long since 
disappeared. See Earth (age of). C 14 is observed 
,,n die surface of the earth only because il is con- 
tinuously being produced. Primary cosmic ray 
particles upon entering the atmosphere* produce 
n,, iitions which react with the abundant N 11 atoms 
'd the air. A neutron enters the N 11 nucleus and 
knocks out a proton, converting t he atom to C 11 , 
'dnch rapidly is oxidized to a C 14 0 2 molecule. If 
1 ^ production has proceeded at a constant rate 
’’t many thousands of years, then the amount of 
present on the surface of the earth should 
,Pdt h a constant value. This can be most easily 
understood by considering the flow of water through 

* unn **l If water is poured into a funnel at a uni* 
°rm rate the level or amount of water in the fun- 
e will increase to some constant amount and 

JWain unchanged as long as the rate of pouring 
^not altered. Likewise, since the rate of decay of 
atoms is a function only of the number of 
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atoms present, the total number of C 11 atoms in the 
reservoir (atmosphere, biosphere, and hydrosphere) 
must be constant if the pioduction rate does not 
change. See Radioactive species pwoorcr.ii by 
cosmic RAYS. 

The C M produced in the atmosphere gradually 
mixes with all the other carbon in the dynamic 
reservoir (Fig. ]). Since the time required for mix- 
ing is much less than 5570 years, the concentration 
of C 11 in the carbon in the COj of the earth’s 
atmosphere, in the earth’s hydrosphere (largely as 
bicarbonate ion), and in the earth's biosphere as 
organic carbon is nearly uniform. Whin a material 
which received its carbon from this dynamic reser- 
voir i«- isolated, its C M concentration begins to de- 
crease at a rate o! half ever) 5570 years. Thus, if 
the C u concentiation in the carbon from a plant of 
unknown age were found to be half that in a plant 
living today, its age would be estimated as 5570 
years. 


MEASUREMENT OF RADIOCARBON 

The abundance of radiocarbon m contemporary 
mateiials is so small lliat direct detection is impos- 
sible. Only one carbon atom in 10 ,J in living wood, 
for example, is C 11 . This is far below the sensitivity 
limit of an isotope measurement device such as the 
ma^s spectrograph. Fortunately the presence of C 14 
can he demonstrated through its radioactivity. The 
beta particle which is emitted dining the nuclear 
transformation process can he detected with a 



datable ! 
samples | 




DORMANT CARBON RESERVOIR 


carbonates (limestone, dolomite) 
organics (coal, oil, gas, shale) 


Fig* 1. The earth’s carbon. 
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Geiger (ounter Sime the number of beta partic les 
emitted bv a carbon sample in a given interval of 
time is directly pioportional to the number of 
radiocarbon atoms present, an age determination 
< an be made bv comparing the radioac tivity of 
carbon from a sample of unknown age with that 
from a contemporary sample The relationship be 
tween the age t and the radioactivities is 

t = 8010 In Mo Af) years 

where An and A arc, respectively the i adioa< tivitv 
of the carbon prepart d from the contemporary and 
from the unknown sample 

In order to obtain precise measurements of the 
radioactivity oi carbon verv elaboiate chemical 
and iddioc liemu al proceduies had to be developed 
This is because the number of beta particles to be 
detected is extremely small (1 1 disintegrations pel 
minute per gram contemporarv carbon) and be 
cause thev lack penetiating power (maximum tn 
erg\ 0 l*v Mev) In order to record these* radiations 
the sample has to he placed within an extiemelv 
sensitive radiation counter which has been ade 


quately shielded from extraneous radioactive 

(hip 2) " 

1 he original measurements were made by con 
verting the carbon in the sample to carbon bla<k 
The sample was mounted on the inside of a steel 
cylinder which could be inserted into a sensitive 
Geiger countei Subsequently it was found tint 
more precise measurements could be made j( |j, 
sample was converted into a gas such as carlio n 
dioxide acetylene or methane The sample in tluv 
c ase is used as the filling gas for the c ounter 

The reduction of background ladiation lesultin^ 
from cosmic rays and natural radioactivity in ih ( 
materials whie h make* up the laboratory and its sur 
roundings is accomplished as follows The countei 
itself is ( onstruc ted of mate rials as free as posmhli 
of ladioac tivity The bulk of tht external gamin i 
radiation is eliminated b\ placing the counUr 
within an iron shield from 8 to as much as in ]r 
tine k Additional mercury shielding is often pl iU( | 
immediately around the counter to ehminat 
gamma radiation originating m the iron shield it 
self II DcViies has shown that the addition ( 



: 

Fig 2 Large-volume proportional counter used for counter in form of carbon dioxide gas (Geochetn 
carbon 14 measurements Outer shield is closed by Laboratory , Lamont Geological Observatory / oU 
rolling doors Sample is introduced into radiation bia University) 


ltr on shielding such as paraffin plus boric acid 
r0( j„Ms an additional reduction m background 
Bickgiuund from highly penetrating cosmic ray 
on s wluc h cannot be physically shielded is Him 
m i!cd bv surrounding the sample counter with a 
, () f peimanent Geiger counters These counters 
rM ord the mesons entering the shield allowing 
|< i tionic cancellation of any pulses produced hv 
in<s<m s in the sample counter (see Pig 2) A fur 
,} uf T eduction in the background is possible in 
T n< c ise s through the use of an internal antic o 
m i(]i n< t sv stem See I ow lfvh counting 

IIh ( harac teiistic s of a typical high sensitivity 
tw < muter aie c om pared with those of the original 
I 1 ibbv black cat bon counter m Table 1 Such 
I, tor*, is sample si/e piec ision on contemporary 
m ii, mis and ultimate sensitivitv for age dating 
,, i|si) summari/ed Tt should be pointed out that 
u | K rt is the limitation of counting sensitivity al 
| w implcs up to onlv SO 000 years m age to ht 
htul chiectlv Tireeniic hment of the t n m the 
miph ^is by thermal diffusion laises the expen 
ii ntil s<nsiti\it\ bv as much as a factor of 16 ex 
I mini-, the pote nti il age l angc to 70 000 yens 


Table 1 Characteristics of C M counters 
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Hie sources of error in a ladiocarhon age deter 
ni n ition can be divided into two groups eirojs m 
measurement and errois m the assumptions 

Errors in the measurement. The measuiement 
rrror results largely from the statistic al error in 
‘minting Just as 10 flips of a coin will not al 
* Us produce 5 heads and S tails the same numbci 
diadioactive transformations will not always or 
u ,n a given sample in one 5 mm period as m the 
Ptx * As m the rase of the coin the deyiations are 
r 3ndom and occur with a probability which can be 
ni itheinat u ally predicted Also in both cases the 
f| witions will decrease as the number of events 
thence radioactive transformations) observed m 
1 r * dSf,Vl Thus most radiocarbon activity measure 
17 s ure tarried out for periods of fiom 1 4 days 
sanction of the erroi by counting for longer pe 

ri, *d® is lnipractical 

hunting error is usually reexpressed as an 
<rror (that is, 11,000 ± 200 years) The error 
presents the one bigma level which means that 
*t[ e JS d probability that the C 14 age lies 

U,e stated limits There is a 95% probability 
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Table 2. Interlaboratory comparisons 

Sample 


1 dhoi.itoi \ 

nuinbc i 

Agr* 

(iioinngc n 
fiiomngc ii 

( olumhiti [ nivc rsil y 

(ili() 1172 
(.HO 1512 

I 427 

2885 ± 60 
2770 ± 50 
2770 J 90 

1 mvcisilv of Michigan 
( olu m hi i I nivc isil y 

M 290 

1 214 

5150 4 150 
5090 ± 500 

( ope nlmgc ii 

1 S ( m ologic il Sm vc \ 
l S (it ologic il Sui vc \ 

1 Ic nh tin i g 

K 101 

W 82 
\\ 81 

11 105 8 c 

10 890 + 240 
10 260 1 200 

10 510 H 180 

1 1 500 4 500 

( oluinhin l nivc isil v 
l S ( T t ologic il Nurv t v 

1 289 M 

W *12 

1 1 700 i 200 

12 050 + 400 

( oliirnhia 1 nix sit v 

I S ( ,» ologic i! Sm vc y 

1 18511 

W 8 r > 

28 200 4 1000 
27 500 J 1200 


* 5 * 11s lx ton pi i si nl 


that tlie C n age does not he outside the two sigma 
level (tunc the fluted eiror) Wht n the tadioac tiv 
it\ of ihe sample is less than twice the counting 
eiior a minimum age is gi\ui (that is 57000 
>e us) 

Other sources ol laboratory erroi caused by var 
lalion in counter fffuicncv variations in counter 
luekgiound ind c ontanimation bv extraneous 
r idioac tiv ity ire generally small with respect to 
the counting tnor but m i\ < aust significant devia 
lions m some cases I his is especially true (or the 
black carbon measurements Rc measurements bv 
the moie precis* gas counting tec limejues have 
shown tli it some of these measurements weie sen 
mislv in eiroi Airborne fission products easily 
picked up i >v the highly absorbent drv earbon dur 
mg pic pai it ion were shown to be responsible for 
many of these errors Manv mterlaboralory com 
puisons such as those shown in I able 2 indicate 
tin such errois *re cpnte mfre cpient when the gas 
c oi nting technicpies are lued The statistical errors 
as a function of igc for a typical gas counter are 
shown in I ig 5 

Errors in the assumptions. Deviations from the 
basic assumptions of the method limit the absolute 
ae curacy who h can be attained These assumptions 
are as follows (l) the initial ( 11 activity in the 



age of sample years 


Fig 3 Measurement error for sensitive gas counting 
system plotted as function of sample age. 
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Table 3. Examples of C 14 fractionation during sample 
formation and the use of C M measurements to 
correct for these deviations 


Materials receiving cut bon 

«(’><* 

«c n t 

AC l4 t 

From waters of Pyramid Lake 

Tufa 

-3 6 

K ) 63 

-4 9 

Algae 

-8 8 

2 27 

4 3 

Plant*. 

-11 0 

-2 63 

-5 7 

Fish 

- r > 9 

-0 59 

-4 7 

Dissolved 11C ( )j 

-9 3 

-2 23 

-18 

From atmosphere 

Wood 

+0 8 

- 2 30 

4 5 8 

Atmospheric C() 2 

4-3 6 

-0 90 

+ r > t 


* Difference (%) between C 14 concent rat ion in sample 
a ml slanduid 

t Difference (% ) between C 13 concentration m sample 
and standard 

| Results normalized to same C n concentration (eiiini- 
nates diffeiences introduced by isotope fractionation) 

carbon of the unknown sample can he accurately 
predicted, and (2) no postdepositional alteration 
of the C n /C‘~ ratio in the sample takes place ex- 
cept by radioactive decay. 

Deviation in radio* urban cont entration The first 
of these assumptions implies that the radiocarbon 
concentration in carbon from any material forming 
in the present dynamic reservoir can be precisely 
predicted. This is not the case, however, tor even 
though the C ll /C ,J ratio in contemporary materials 
is reasonably uniform, significant deviations die 
still present. These deviations are caused hy three 
different processes: (1) isotope fractionation be- 
tween various carbon compounds which make up 
the reservoir, (2) backlogging of newly produced 
C M in the atmosphere and surface ocean water due 
to the finite mixing rates, and (3) dilution of local 
reseivoiis with “old carbon” released from the 
dormant carbon leservoir (mainlv limestone). 

Of these, isotope hactionation is the least serious 
since its magnitude can be accurately estimated hv 
determining the ratio of to C ,J in the sample. 
The C 11 fractionation will be twice the C 1 ’ frac- 
tionation. This has been verified by numerous 
measurements on different materials receiving their 
carbon from the same reseivoir. Examples are 
given in Table 3 

The finite removal rate of newly formed C 14 
atoms from the atmosphere into the ocean allows 
the atmosphere to maintain a 10% higher C 14 /C 12 
ratio than that in aveiuge Atlantic Ocean water. 
The slow mixing of the ocean itself yields geo- 
graphic variations in surface ocean water and 
maintains a higher ratio in surface than in subsur- 
face waters. The uncertainty in the magnitude of 
these differences introduces uncertainties in age 
determinations, on recent (<5000 years) oceanic 
materials, which are considerably larger than the 
experimental error. 

Fresh- water deposits (Table 4) are greatly af- 
fected by the third process. Solution of old carbon- 
ate minerals by these systems can significantly re- 
duce their C M /C 12 ratio. Although exchange with 
atmospheric CO 2 tends to reduce this effect, the 
rate is not sufficient in most cases. As shown by the 


examples in Table 4, rivers can deviate by as much 
as 20 ( / f from the atmospheric C n /C 1J ratio. 

The study of the variations in the contemporar\ 
distribution of C u has been complicated hy tw 0 
man-made processes. H. E. Suess has shown that 
the CO 2 released by the consumption of fossil f, le | s 
has measurably diluted the C 1 ‘ in the atmospheric 
reservoir. Plants growing in 1890 had an average 
of 2% more C u than those growing in 1950. The 
explosion of thermonuclear devices created sufti 
cient C n to raise the atmospheric concentration m 
the Northern Hemisphere by 25% and in the South 
ern Hemisphere by 18% between 1954 and mid 
1959. Foi tadiocarhon dating much of the problem 
introduced hy these changes is avoided by (ompar 
ing unknowns with u material grown at a known 
time prior to 1900. Tree rings grown in 1890 are 
used hy many laboratories. See Di ndhoi hronoi 
ocy. 

The uncertainty in the present distubuhon of 
C 14 introduces an error of about 100 years m age 
determinations performed on terrestrial plant mate 
rial, of about 200 years on marine shells, and of 
about 1000 yeais on random samples deposited 
from fresh water systems. Furthei studies of tin 
distribution of (’" in the vaiious reservoir rrid> 
greatly reduce these um erlainties in mam cases 

Beyond the uncertainties introduced by vana 
tions in the assay of contemporary matenal. tin 
possibility of time vanations must be consider! 
Variations in* the primal y cosmic ray flux would 
produce corresponding changes in pmduchon rate 
of C li and hence the total amount of O ‘ present on 
the earth. Similar variations would ore 111 if tin 
strength of the earth's magnetic field were to 
change. Since many low energy cosmic ravs an 
deflected by the earth's magnetic field, a significant 
reduction in magnetic field would result in in 
creased C 14 produc tion. Variations jn the mixing 
rates of the ocean could also affect the concentia 
tion of C n in the atmospheric and surface ocean 
reservoirs. H DeVries has shown that a ^mall 


Table 4. C l4 /C 12 ratios for contemporary samples 
from fresh-water systems 


Laboratory 

M uteiial 

Lora lit v 

Yale 

Several types of 

Dueechy ^ 

University 

materials 

Luke, N Y 

Yale 

Several types of 

Lake Zoar, ^ 

University 

mateiials 

Conn 

Columbia 

Fish 

Walker Lake, 

University 


Nev 

Columbia 

Shell 

Trucker Hivei, - 1 

University 


Truck ce, 

Calif 

Columbia 

Plants 

Bear Biver, 

University 


Woodruff, 

Utah 

Columbia 

Dissolved IlCOi 

Mono Lake, 

University 


Calif 


* Difference (%) from C 14 concentration in at inosph^* 
CO 2 over water )x>dy All results have been norniol ,z(,< 
the same C 13 concentration to eliminate differed* ,n 
duccd by fractional ion 

t Average of a number of pcsulls 



Table 5 . Comparison of radiocarbon ages with historic 
and tre e ring ages 

’ IliM-onr or Rtidio- 

University trro ring (whon 

laboratory ages ugos 


M ,„.n.ali n> rrininm 
I ruin 1,1 l,,,n 

(> 

v,,..on n«" 

I ring 

NOIIHlil"*'’ r,n * 

Wood I r* mo Homan 
x|ll|> 

Wood from I gyptmfi 
inuniinv toffin 
i |,,rtoil from 
} ini it nil tomb 

h« tm rnvirial. 

Svi i i 

HimIvmxkI tror r,n ^ 

W,, »l from funeral 
ship in tomb of 
| s Kill), 

S( Mtsfris 

A.mmI from 1 gyptmn 
t »rnb of Sim-I #* rn 
Wood Irom 1 gvphan 
I omh of / f>**er 
Wood I mm I gvptian 
tomb of Ib'fii.ik.i 


("olumbiu 

Columbia 

('liirugn 

Coliiinbin 

Rome 

Chiengo 

Rome 

Thiongo 

( ’bieago 
Chit ago 

(’bn ago 
Cine ago 
Chu ago 


150 

t 

150 

950 

± 

100 

1 LOO 

± 

150 

11.50 

± 

150 

2030 

± 

200 

2190 

± 

450 

2730 

t 

240 

2531 

+ 

150 

3005 

± 

165 

1621 

± 

180 


4817 

f 

240 

1979 

+ 

350 

4881 

± 

200 


444 ± 25 

ABO « 15 
1372 1 50 
1577 ± 4 
1990 ± 3 

2200 

2600 t 100 

2625 f 50 

2928 + 52 
5750 

1575 f 75 
1650 t 75 
1900 4 200 


,\|]|( \ ai idtion in the C ,4 /C 1J concentration in the 
ilniM'splicie has occurred over the past few hundred 
m ns ^mtp tins vaiiation correlates with tempera- 
luu the t occlusion is rea< bed that the variation is 
pv i it 1 1 u ed hv a (hanging rate of deep ocean water 
lurm ition inioie deep wat(*r being formed during 
<<*!<! dun dining warm periods). 

Mthmigh the data summarized in Table r > sng- 
jl* ts that ( ,|4 ages are accurate hack to the begin- 
mim of histone times, no independent check exists 
l'«\ond v()0() \ears. It is generally concluded, how- 
•ni f hat deviations caused by variations in pro- 
i * m 1 1 ion and mixing lates will be small. Also, since 
ii'inh of the value of the method is its use in cor- 
" Idling events which occulted m different parts of 
^ cai th small changes in the absolute dates 
'oul(j not cause anv serious changes in conclusions 
( »n the uncoirected data. 

I'o'tdi positional alteration. There are three pos- 
•Inlities fo r postdepositional alteration of the 
f ratio in the sample: (1) preferential te- 
n,m,l l °f one carbon isotope with respect to an- 
other dm mg physical or chemical decomposition; 
- 1 exchange of carbon in the sample with that in 
11 s,n foundings; and (.1) physical oi chemical in- 
,r,s, ‘ m of extraneous carbon. Of these only the 
f hud is serious in most cases. Fractionation is 
,r >dl and a correction can he applied hv making 
stable isotope ratio determinations. Ex- 
Kc probably negligible for organic materials 
i s serious only for carbonates with very high 
M,, f<o e areas. 

^•lamination with recent carbon presents a 
,< ric'iis problem in dating very old samples. As can 
s ** en ,n ^*g- 4, the addition of 1% recent carbon 


C 


fir QU 


( ha i 
and 


In 

^ a 'ample 40.000 years old would give it an ap- 
J ar< oi age of about 33,000 years. Such contamina* 
tn >n,< an 0fLUr * n or KHnie materials by physical in- 
US10n ^ 10 °tlets) or by precipitation of humic ma- 
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terials leached from overlying soils. In the case of 
carbonates precipitation of ground water carbonate 
is the most likely process. 

In the absence of intercalihrations with other re- 
liable absolute methods, internal crosschecks must 
he made. Ages on various materials from the same 
horizon or on various chemical fractions of the 
same material provide the necessary information. 
The following types of checks have been made: 

( 1 ) the ages obtained on carbonate and organic 
materials m the same horizon have been compared; 

(2) rhe ages from the surface fraction o[ carbonate 
samples have been compared with those from the 
interior of the same sample; (3) the ages obtained 
for the base soluble fraction (which should contain 
anv precipitated contaminants derived fiorn organic 
materials) have been ( om pared with those obtained 
on the insoluble fraction; (4) the ages for the cel- 
lulose fraction of organic materials have been com- 
pared with those on the lignin fraction. The results 
are summarized in Table 6. In general the agree- 
ment is excellent, suggesting that the contamina- 
tion levels are quite low and onlv rarely do they 
lead to significant errors for samples with ages less 
than 40,000 vears. Extension of rhe method to sam- 
ples greater than 40,000 years in age. however, will 
requite (arcful sample selection and extensive 
(hemitdl pretreatment. Contamination will un- 
doubtedly place an upper limit on the extension of 
the method. Reliable C 14 ages are not expected for 
samples greater than 70,000 years regardless of 
experimental advances. 

Summary. The uncertainty in the assignment of 
the initial C 14 concentration in the sample restricts 
the accuiacv possible on the absolute age of young 
spei miens ( ± 100 years for terrestrial plants, ±200 
v cm i s foi marine shells, and ±1000 vears for ran- 
dom lresh water deposits). The contamination 
problem limits the extension of the method to very 



Fig. 4. Effect of contamination of samples of various 
ages with varying amounts of contemporary and of 
ancient carbon. 
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Table 6. Internal checks of C 11 ages 


Organic-carbonate comparisons 


Lolioratory 

Material 

Locality 


U S Geological Survey 

Plant remains 

Utah soil 

8330 d= 300 

U S Geological Survey 

Shell 

Utah soil 

7720 ± 300 

Columbia University 

Wood 

Vancouver delta sands 

11,850 4- 250 

Columbia IJniveisity 

Shells 

Vancouver delta sands 

12,000 ± 250 

Copenhagen 

Wood 

Denmark lake* deposits 

10,800 ± 240 

Copenhagen 

Marl 

Denmark lake deposits 

10,930 ± 300 

Columbia University 

Dispersed organic' 

Great Salt Lake sediment 

s 26,300 ± 1100 

Columbia University 

DihfHTsed CaC0 3 

Great Salt Lake sediment 

s 25,300 -t 1000 

l) S Geological Survey 

Wood 

Searles Lake cote 

26.700 ± 2000 

US Geological Suivey 

Na,CO, 

Searles Lake core 

23,000 ± 1100 

U S Geological Survey 

Dispersed organic 

Searles Lake core 

29.500 t 200 


Sui face-interior 

CaCth c ompanson 


Laboratory 

Material 

\go surlac e 

Age intc*rior 

Columbia University 

Tufa 

9 '550 -t 250 

0450 dz 250 

Columbia IJniveisity 

Tufa 

J 2,200 ± 300 

13,000 d- 400 

Columbia University 

Tufat 

8800 ± 200 

10,700 t 400 


Base soluble base insoluble comparison 


Laboiatorv 

M atonal 

\ge soluble fraction Age* insoluble 1 frue (ion 

( olurnbia University 

Peat 

1700 ± 150 

4650 -t 150 

( olurnbia University 

Peat 

8.150 200 

7350 ir 6W 

Columbia University 

Lignili/od wood 

30 ooo ± 2000 

30,000 dr 2600 


1 agnin-cell ulc >se com parisc ms 


Laboratory 

Material 

Age^iignm 

Age cellulose 

( olurnbia University 

W ood 

25,850 t 500 

25,900 ± $00 

< olurnbia l rnv ersity 

Pent 

25.050 ± $00 

21 450 d- 300 


* A cars before present 
t Very high surface area 


old samples (organic materials to v. 60.000 \ears 
and inorganic , <40.000 years). In the intermediate 
range the experimental errot dominates in most 

c asps. 


APPLICATIONS OF RADIOCARBON DATING 

The radiocarbon method has been applied to 
numerous problems. Perhaps the most important is 
that of establishing the chronology of the climatic 
changes which characterize the Pleistocene period. 
Carbon- 14 ages of samples from tiees knocked over 
bv advanc mg ice masses rec ord the chronology of 
advancing continental glaciers. Peat samples from 
bogs, and driftwood from the shorelines of pro- 
glacial lakes, make it possible to establish a time 
table for the retreat of glaciers. Carbonate samples 
from the shorelines of the great pluvial lakes 
(which once covered many of the desert ateas in 
the Great Basin of western United States) allow 
the absolute history of the climate fluctuations 
which produced these changes to he established. 
Radiocarbon dates on the shells of planktonic ani- 
mals found in deep-sea sediments define the chro- 
nology of fluctuations in oceanic conditions and re- 
lated climatic conditions (see Marine sldimfnts). 
Oxygen isotope measurements on the same shells 


permit a quantitative estimate to be made* <>1 si 
face ocean water temperature at a gi\en tune (s 
Gmmogic th lkmom r try ) . The results for the 
various systems yield a consistent picture of wor 
wide climate changes which have occurred ov^r 1 
past 40,000 years. As shown in Fig. 5, in each u 
the data suggests a warm climate during the p 
10,000 years preceded by a cold period extendi 


back to about 27,000 years. Prior to 27.000 \c« 
conditions were intermediate between those ch 
acterizing the interglacial climate of the pi«* s< 
and the glacial climate for the period precedi 
10,000 years ago. 

Radiocarbon dates on charcoal from the heai 
of ancient man have been a great aid in work 
out man’s history and relating it to the dun* 
fluctuations mentioned above. Volcanic erupts 


have been dated by radiocarbon measurements 

materials covered by the lava or ash ; age deter 
ations on hydrocarbons extracted from soils yi 
valuable information concerning the origin of 
troleum; dates on the remains of extinct anirr 
such as the mastodon and giant sloth allow * 
mates to he made of the time and cause of ext) 
tion; and dates on charcoal and artifacts W* 
modern man in rejnote areas allow jnueh of tf 








o 

o 

o 

o 

* 

Fig 5. Climate chronologies obtained from carbon- 
14 measurements on samples from continental glacier 
deposits, pluvial lake deposits, and ocean sediments. 
Right-hand side of each graph represents cool moist 
conditions of periods of glaciation. 


fu<torv to he related to that of cultures which have 
pmvided historic records. 

Carbon- 14 dates from all laboratories are now 
continuously compiled on a punch-card sys- 
tem liy Radiocarbon Dates Association, Inc., An- 
dover, Mass. [ w.s.b.] 

bibliography: W. F. Libby, Radiocarbon Dating, 
2d ed . 1955. 


Radiochemical laboratory 


\ri installation used to provide a safe environment 
for handling and investigating radioactive mate- 
1 nils. Common features of radiochemical labora- 
tories include the use of readily decontaminated 
surfaces, good ventilation, cleanliness, good light- 
,ri P« special arrangements for waste disposal, and 
filtration of both supply and exhaust aii . Specific 
futures of these laboratories depend primarily on 
the t\pe and amount of radioactivity handled. 

ff only rr-emitting isotopes are involved, protec- 
tion of personnel and prevention of contamination 
<» r e provided by use of enclosed hoods or boxes 
^nipped with rubber-gloved openings (Fig. 1). 
f* or woik with very small quantities of o-emitting 
^otopes, the use of gloves on the openings is some- 
time. dispensed with. In this ease, light rubber 
land gloves are worn by personnel and special 
piovisions are made to control the size of hood 


openings and to maintain a substantial negative* 
Pies. ore within the hood relative to the working 
Automatic alarms are usually added to assure 
‘ wnpliance with these conditions. The pressure dif- 
t ^ emial ser ves to sweep air &way from the opera- 
° r ' ntn < hood so that dangerous vapors in the 
]*>£■ 7*^ not Whaled. An air velocity of about 
° f niin through hood openings is regarded nec- 
Ss 3ry to achieve this safety. 

s hield ,W< ^k P m anc ^ y-emitting isotopes, more 
e ln g is required than is obtainable with rubber 
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gloves and structural material of normal thickness 
in laboratory hoods. When the radioactivity is of 
moderate amount and conveniently confined, ade- 
quate shielding may be obtained by lead or other 
metal blocks placed around the radioactive source. 
To avoid overexposure to hands, long-handled 
tongs with suitable head design are used to per- 
form various manipulations. When the radiation is 
more intense and less confined it is necessary to de- 
part from essentially direct contact operation to 
remote operation. In addition, the working area 
must be enclosed with thick walls of shielding 
material. 

Such facilities, called hot laboratories, are a 
special type of radiochemical laboratory and are 
usually referred to as caves or hot cells. They are 
usually provided with remote manipulators and 
thick viewing windows. Caves with shielding limited 
to handle I 10 curies of y-radioactivity are gen- 
erally called junior caves (Fig. 2). 

Ventilation. One of the most important items re- 
quired for radiochemical laboratories is filters for 
inlet and exhaust air. Because particulate matter 
such as dust is a good vehicle for spread of radio- 
activity, it is desirable to provide clean air supply 
by inlet filters. Clean air thus supplied helps to re- 
duce the dust loading on exhaust filters. It i* also 
extremely important to filter exhaust air from 
radiochemical laboratories. This is especially so 
when large amounts of plutonium and /?- y activities 
(as in caves) are handled. Very effective filters are 
employed for this pm pose in order to avoid con- 
tamination of the environment. 

Because work with radioactivity always includes 
risk of contamination, radiochemical laboratories 
include substantial areas for clothing change, show- 
ers, clothing storage, and lockers. Working-area 
surfaces including floors, hoods, and raves should 
he smooth and as continuous as possible to permit 
relatively easy decontamination. Structural mate- 
rials and paints should be selected to permit effec- 
tive decontamination procedures. 

Operations. In general, the variety of work car- 
ried out in radiochemical facilities corresponds to 
that conducted in conventional laboratories. There- 
fore, there is need for similar kinds of measure- 
ments and examinations. In the case of radiochem- 
ic al facilities, it is very often necessary to conduct 
these activities in hoods and caves, and therefore* 
instruments and other laboratory equipment must 
be located within these enclosures. For these rea- 
sons, it is important to select equipment, especially 
instruments such as balances, which is most suit- 
able with the restricted manipulation and viewing 
available. 

Work conducted in caves places a premium oji 
good visibility, adequate shielding, and effective 
remote manipulations. Viewing windows are the 
means most frequently used for observations. These 
are available in various thicknesses to permit as 
much shielding effectiveness as is incorporated in 
other parts of the enclosure. Viewing windows must 
have good light transmission and minimal distor- 
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Fig 1 Radiochemical laboratory, hood equipped, with rubber-gloved openings (Argonne National Laboratory) 


Non Resistance to discoloration caused by high 
levels of radiation is desirable for panes lo< ated 
on the inner side of caves Bulk shielding may be 
obtained by multiple lavers of glass plate or by a 
combination of glass and dense zinc bromide solu 
tions (about equivalent to ordinal y glass and con 
crete in shielding effectiveness) When very dense 
shielding ifor example, steel) is used elsewhere in 
the enclosure, the windows are thicker than the 
rest of the shielding wall unless special high den 
sity glass is used Supplementary means for obser 
vation sometimes me lude periscopes and closed cir 
cuit television The best possible lighting should be 
installed in caves to assure viewing without eye 
strain 

Shielding A wide variety of shielding materials 
is used for caves Ordinary concrete is frequently 
selected because of its relatively low cost When 
limited floor area is available, denser concrete is 
emploved Increased density is obtained by use of 
barytes in the concrete formulation or by addition 
of iron shot For still more effective shielding, 
magnetite, steel, and lead are used Steel and lead 
are often preferred for special purposes such as 
movable partitions and closures for material-trans- 
fer ports Whatever kinds of shielding materials 



Fig 2 Junior cave, operating face and end wall 
Shielding including window is equivalent to about 1 ft 
of dense concrete, adequate for 1-10 curies of y-radio 
activity (Argonne National Laboratory ) 
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a re employed in cave construction, the final struc- 
ture should be checked thoroughly with the aid of 
appfopmte radiation sources and detection in- 
struments. This will reveal whether or not there are 
( ra<k^ or void® w hich might represent regions of 
( frh( lent shielding. 

Remote manipulation . The design, construction, 
and installation of remote manipulators have re- 
teivcd considerable attention. A substantial variety 
of these devices is available commercially. The 
most frequently used type is the mechanical mas- 
ter slave manipulator originally developed by the 
\rgonne National Laboratory. It is a general-pur- 
pose manipulator most suitable for junior-cave 
I Fig 2) and intermediate-level shielded enclo- 
sures It penetrates the shielded enclosure through 
a hole near or through the roof. This penetration 
is an undesirable feature of this type of manipula- 
tor because it cannot be completely sealed, and 
therefore introduces a risk of scatter radiation. The 
manipulator can be booted for contamination con- 


trol (Fig. 3) and has remotely removable tongs. 
Its load capacity is about 10 lb in any direction. 
An important feature of these manipulators is that 
there is about a 1:1 correspondence between the 
force applied by the operator and that applied by 
the slave end in the cave. Manipulators with many 
independent and precisely controlled motions and 
with larger capacities have been designed and built. 
A recently developed manipulator of considerable 
promise is the electronically controlled master- 
slave type. Not only is it capable of delicate manip- 
ulations available with mechanical master-slave 
manipulators, but also the electrical linkage in 
lieu of mechanical linkage makes possible tighter 
seals at penetrations through the shielding walls 
and more flexible locations of the master-slave end 
relative to the operator’s location. 

Safety . The operation of radiochemical labora- 
tories requires persistent monitoring of radioac- 
tivity to assure safety to personnel and control of 
contamination to the environment. In addition. 



3 Interior view of a high-level radiochemistry Manipulator tongs can be removed by remote control 
Cave w,t l‘ shielding for 10,000 curies of y-activity. ( Argonne National Laboratory ) 
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emergency power should be installed to guarantee 
ventilation of critical areas if disruption of regu- 
lar power should occur. The ventilation should be 
capable of maintaining negative pressures, relative 
to the outside face, for any enclosure (hoods or 
caves) containing substantial levels of radioactiv- 
ity. Failure to do this may result in serious conse- 
quences because the radioactivity may diffuse out- 
side the enclosure into areas normally occupied by 
personnel. Another important consideration is ade- 
quate provision for the handling and disposal of 
various kinds of radioactive wastes. 

The cost of radiochemical laboratories varies sig- 
nificantly with the type and amount of radioactivity 
handled. It may range from $25/ft 2 for work areas 
of low levels of radioactivity to more than $1000/ft J 
for work areas such as high-level caves. See Nu- 
clear fuels reprocessing; Radiation shielding; 
Radiochemistry. [s.l. ] 

Bibliography. Proceedings of the Seventh Hot 
Laboratories and Equipment Conference , 1959 Nu- 
clear Congress , Cleveland , Ohio , 1959; U.S. Atomic 
Energy Commission, Chemical Processing and 
Equipment , 1955. 

Radiochemistry 

A subject which embraces all applications of radio- 
active isotopes to chemistry. The subject is not 
precisely defined and is closely linked to nuclear 
chemistry. The widespread use of isotopes in chem- 
istry is based on two fundamental properties ex- 
hibited by all radioactive substances. The first 
property is that the disintegration rate of an iso- 
topic sample is directly proportional to the number 
of radioactive atoms in the sample. Thus, measure- 
ment of its disintegration rate (with a Geiger 
counter for example) serves to analyze a radio- 
active compound. With nearly all chemical elements 
(the most notable exceptions being nitrogen and 
oxygen, which have no suitable radioactive iso- 
topes), an isotope may be incorporated in a 
chemical compound, and thereafter, masses of this 
compound as small as 10 -r, -10 10 g may be meas- 
ured with a high precision. Because experimental 
chemistry depends largely upon analysis, isotopes 
may be employed in most chemical problems, es- 
pecially those requiring high analytical sensitivity. 
The second fundamental property is that the dis- 
integration rate is completely unaffected by the 
chemical form of the isotope, and conversely, the 
property of radioactivity does not affect the chemi- 
cal properties of the isotope. By substituting or 
labeling a particular atom within a molecule, iso- 
topes can be used to trace the fate of that atom 
during a chemical reaction. In contrast to physical 
migration tracer studies, the compounds arising in 
a reaction must first be isolated in separated pure 
forms before radioactive assays can be performed. 
See Tra< er, radioactive. 

In general, radiochemical studies can be classi- 
fied according to whether the use of isotopes repre- 
sent* a convenient or a unique solution to a prob- 
lem. See Radioisotope (assay). 


Convenient applications. These applications 
usually exploit the high sensitivity of tracer tech, 
niques because alternative analytical procedures 
are slower and often less accurate. The efficiencies 
of chemical separations, such as those based < >n 
selective precipitation, solvent extraction, ion e\. 
change, and electrodeposition reactions, are studied 
by labeling the desired compound and followup 
the radioactivity during the separations. The rate 
and extent of adsorption on solid surfaces of either 
labeled solutions or labeled gases are rapidly dc 
termined by assaying periodically the mobile phase, 
or better, the solid phase. New chemical phenom 
ena, such as the coprecipitation of trace elements 
and radiocolloid formation, occur at submicro con- 
centrations (10 10 g/liter of solution) and mav he 
studied most conveniently with isotopes. The solu- 
bility of an “insoluble” precipitate is measured h\ 
saturating a solvent medium with a radioactive 
solid. Similarly, the vapor pressure of a solid iv 
measured by saturating an evacuated volume with 
vapor or, for pressures below 10 4 mm, by effusing 
vapor onto a cooled target, which is later assayed 
Qualitative and quantitative analysis for most tra<c 
elements present in parts per million or less in a 
sample is possible by radioactivation analysis. The 
sample is irradiated in a flux of neutrons or other 
suitable particles, and the trace element is identi 
fied and determined by its induced activity. Dr 
pending upon the element, quantitative determina 
tion of masses of 10 ^lO 12 g is usually^possihlc 
See Nuclear reaction. 

Unique applications. An understanding ot dif 
fusion processes is of considerable important e hr 
cause th^ rates of many chemical reactions an 
governed by the rate at which chemical species 
can diffuse through a medium to the point ot n\i< 
tion. For example, the rate of many electrode pro* 
esses depends upon the rate of diffusion of ele< 
trolyte to the electrode, and the rate of oxidation 
of copper is determined by the rate of diffusion of 
copper ions up to the metal surface. If a layer of 
radioactive copper is sandwiched between two orili 
nary copper samples, it is found that at elevated 
temperatures copper ions will diffuse considerable 
distances within the metal. The rate of diffusion of 
copper in copper (that is, the self-diffusion rate of 
copper) can be observed only by the transfer of 
radioactivity from the labeled region into the un 
labeled regions, thin slices being removed from 
the solid at known distances and then being as- 
sayed. The illustration shows some experimental 
points obtained in such an experiment. The distn 
bution curve is that expected from the integrated 
form of Fick’s law of diffusion, 


dc/dt = D(d 2 c/dx 2 ) 

where c is the concentration (activity) of the 
diffusing tracer, t is the diffusion time, x the dif- 
fusion distance, and D the self-diffusion coefficient 
In addition to solid-state studies with elements, al- 
loys, metallic oxides, and inorganic salts (all of 
which have important metallurgical implications)- 



^{.diffusion experiments are performed with liq- 
uids and gases. In all cases, they provide valuable 
mformation on the nature of the intermolecular 
ton e* which determine the magnitude of D. 

Isotopic exchange reactions. When slightly solu- 
},1 p lead chloride crystals are mixed with an aque- 
0(1 s solution of sodium chloride, labeled with 
chlorine-36, radioactivity rapidly appears in the 
lead (hloride as a result of exchange of chloride 
, ons between the two compounds. Both compounds 
produce chloride ions on dissociation, and some 
chloride ions, originating from the sodium chlo- 
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Distribution of radioactive copper after 605 min diffu- 
sion at 950°C. The full curve corresponds to D = 
® 92 v 10 10 cm 2 / sec. ( Calculated from the results of 
M S. Maier and H . R. Nelson , Self-diffusion of copper, 
AIME Trans., 147:39-47, 1942) 

ride, become associated with the lead ions, thereby 
leading to radioactivity in the lead chloride : 

PbClj (solid) — > PbCl 2 (solution) Na£l (solu- 

\ / * tion) 

Pb 2 + + (2C1-, Cl") f Na+ 

F*bCICl (solid) «— PbClSl (solution) 

Exchange processes are proceeding continuously, 
hut they can be detected only with isotopes, hence 
lle ter m isotopic exchange reactions. Exchange 
factions may occur between any two species of 
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jfholecules having a common atom or group. They 
may be due to a dissociation process (as above) 
or to a collision between the two species in which 
chemical bonds are formed and broken (a bimo- 
lecular process), as in the exchange of radioactive 
sulfur (denoted by an asterisk) between sulfite 

and thiosulfate ions: 

0 2 “ O *- T O O T~ 

i \ it 

O— S +S— S— O -+ 0— S--S--S— 0 -> 

II II 

O O 0 0 J 

Initial state Bond Bond 

forms breaks 

() 2 " O 

1 l 

0 -S-S + S-0 

I I 

o o 

Final state 

With two oxidation states of an element, exchange 
occurs by the transfer of an electron (an electron 
exchange reaction ) , for example, 

F e ii + Fe Ilt -+ [Fe 11 4 f' e m ] -> Fe 111 + Fe 11 

although, in many cases, the electron may actually 
be transferred bv an atom or a group bridging be- 
tween the leactants. The rates of exchange reac- 
tions are measured by separating the two reactants 
at various times and determining the fraction F of 
the total radioactivity in each species. For an ini- 
tially unlabeled species, F increases exponentially 
with time to an equilibrium value corresponding to 
equal concentrations (specific activities) of isotope 
in each species; for an initially labeled species, F 
will decrease exponentially with time. As in ordi- 
nary chemical kinetics, the exchange mechanism is 
deduced from the dependence of the exchange rate 
upon reactant concentrations. Rate studies of ex- 
changes-by-dissociation provide infoimation con- 
cerning ionization (including acid-base equilibria) 
of both solutes and solvents, the reaction of solvents 
with molecules (solvolysis), the thermal dissocia- 
tion of gases, and the dissociation of gases on 
catalyst surfaces. Bimolecular exchanges are ex- 
ceptionally important in studies of oxidation-reduc- 
tion reactions and of substitution reactions of co- 
ordination complexes of the transitional elements. 
The rates of exchange by substitution provide a 
direct measure of the lability of these coordination 
complexes. 

Isotopic tracer studies. Details of reaction mech-, 
anisms are provided by labeling a specific atom 
within a molecule. Thus, when carboxyl-labeled 
propionic acid is oxidized in acid dichromate, the 
product, as anticipated, is only radioactive carbon 
dioxide: 

CH 3 CH^OOH -* HOOC — COOH + &)„ 

However, the oxidation mechanism is more complex 
in the case of alkaline permanganate because the 
isotopic distribution is 75% labeled oxalate and 
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only 25% carbonate. When the masses of the label- 
ing and the normal isotopes differ markedly (nota- 
bly with hydrogen, carbon, and oxygen), the iso- 
topic molecule will react more slowly than the 
normal molecule if the reaction mechanism in- 
volves significant stretching of the chemical bond 
to the isotopically substituted atom. Such isotope- 
effect studies provide mechanistic information. 

New elements . The artificially produced trans- 
uranium elements and technetium, astatine, and 
francium are all radioactive, and their chemistry 
is being elucidated with radiochemical techniques. 
However, this topic is normally accepted as nuclear 
chemistry. 

Recoil studies. For a discussion of recoil studies, 
see Nuclear chemistry. See also Radiation chem- 
istry; Radioactivity; Radiochemical labora- 
tory. Td.r.s.I 

Bibliography : G. Friedlander and J. W. Kennedy, 
Nuclear and Radiochemistry, 1955; A. C. Wahl and 
N. Bonner (eds.). Radioactivity Applied to Chem- 
istry, 1951. 

Radio-frequency amplifier 

A tuned amplifier amplifying signals in the radio- 
frequency (rf) region. The frequency of the maxi- 
mum gain is made variable by changing the capaci- 
tance of the tuning capacitor. A typical application 
is the amplification of the signal received from the 
antenna prior to supplying the signal to the mixer 
in a communications receiver. An rf amplifier has a 
tuned input circuit and a tuned output circuit. The 
shunt capacitance, which adversely affects the gain 
of an RG-coupled amplifier, forms a part of the 
tuning capacitor in the rf amplifier, allowing a high 
gain per stage. See Amplifier; Radio receiver. 

[h.f.k.] 

Radio-frequency spectroscopy 

The branch of spectroscopy concerned with the 
measurement of the intervals between atomic or 
molecular energy levels that are separated by fre- 
quencies from about 100 kc to 1000 Me (ICT-IO 9 
sec 1 ) , as compared to the frequencies that sepa- 
rate optical energy levels of about 6 X 10 14 sec -1 . 
The importance of radio-frequency spectroscopy 
lies in the fact that certain specific properties of 
the nucleus such as spin, magnetic dipole moment, 
and electric quadrupole moment, play a relatively 
major role in determining the intervals between 
closely lying energy levels; the results of this 
branch of spectroscopy have been of great impor- 
tance in determining nuclear properties. For a dis- 
cussion of radio-frequency spectroscopy by what is 
called the molecular-beam magnetic-resonance 
method, see Molecular beams; see also Magnetic 
resonance; Microwave spectroscopy; Nuclear 
moments; Spectroscopy. [p.ku.] 

Radiography 

The technique of making photoshadowgraphs of 
objects which are transparent to y-rays and x-rays, 
but opaque to visible light. When a beam of x-rays 


or y-rays is transmitted through any heterogeneous 
object, it is differentially absorbed, dependin 
upon the varying thickness, density, and chemical 
composition of the object. The image registered b 
the emergent rays on a photographic film adjacent 
to the specimen under examination constitutes a 
shadowgraph or radiograph of the interior of the 
specimen. Radiography is the general term applied 
to this nondestructive technique of testing the 
gross internal structure of any object, whether it 
be of the chest of a human patient for evidences of 
tuberculosis, silicosis, heart pathology, or i IT1 . 
bedded foreign objects; of a metal casting sus- 
pected of possessing internal cracks or other de- 
fects; or of a multitude of other objects whose 
inner structures are unrevealed by visual inspec- 
tion. 

The term roentgenography specifically applies 
to the use of x-radiation, especially in medical di- 
agnosis. Microradiography is simply the extension 
of radiography to small specimens and the enlarge- 
ment of images. When the image is registered on a 
fluorescent screen and visually observed, the tech- 
nique is called fluoroscopy. The photographv of 
the fluorescent image, as in mass chest examina- 
tions, is called photofluoroscopy. The radiation 
sensitive silver halide emulsion of photographic 
film may lie replaced by the dry-plate electrostati- 
cally formed image of xerography, and the tech- 
nique becomes xeroradiography. See Micron mh- 
ograptiy; Radiology. 

The wide variation in absorbing power of various 
substances for x-rays was recognized by W. (! 
Rontgen in his first experiments following hb dis- 
covery x-rays in 1895. The radiographs of \u< 
wife’s hand showing bones and wedding ring, of tin 
weights in a closed box, and the interiors of other 
objects are among the classics of science. .S rt 
X-ray ( s), physical nature of. 

Among the many objects now examined by radi 
ography are the human chest, human teeth, metal 
castings, coal, minerals, rubber tires, golf balb 
fabricated objects with internal seals, electrical 
equipment, bottles and containers of all kind'-, 
grain, fruit, meats, battery plates, and paintings 
The use of radiography in the field of metallurgy 
is covered in a separate article (see Radiography 
of metals). 

Absorption laws. Radiography is a straightfor- 
ward application of the well-known exponential ah 
sorption law 

/* - I#-** = 

where / o is the initial intensity of the x-ray beam; 
/ T the intensity after passage through the object of 
thickness x, p the density, p the linear absorption 
coefficient, and p/p the mass absorption coefficient. 
The ratio p/p is a function of the atomic number 
of the absorbing chemical element and of the wave- 
length of the x-ray beam. The value of p/p f° r 0 
compound is equal to the sum of the values f° r 
each of the elements present. The penetrating abil- 
ity of x-rays increases as the wavelength of the rav 



decreases (hard x-raya). The x-ray a of larger wave- 
|pngth x-ra>s) contain relatively less en- 

ert r>. The coefficient /x/p is proportional to the cube 
() f r the wavelength. The product px is mass per unit 
area. 

T),i«. exponential law and related expressions 
quantitatively predict why hones absorb more radi- 
an in passage than soft tissues and thus are 
learlv delineated, or why cracks or blowholes in 
^stings absorb to a lesser degree than the solid 
ifK . tJ i and thus are disclosed on the radiograph. 

Equipment. Because of the wide range of ma- 
terials subjected to radiographic test, a wide range 
of operating voltages for x-ray tubes is required. 
The higher the tube voltage, the greater the energy 


Table 1 . Types of x-ray tubes used in radiography 
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Filiation 

1 ube 

Power source 

1 ',0 krv 

Con veil- 

High-tension 

Small parts. 


tional 

transformer 

thin foils, 
dental radi- 
ography 

',o 2r»n kev 

( *onveu- 

Regular or 

Csual range 


tional 

resonance 

for medical 



transformer; 
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dient in 

tube inte- 
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gral; 7 -emit- 



high po- 

ting isotopes 
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such as 



generator 

cobalt 00 


Ht-2i Mev 

“Donut** 

betatron 

Sections up 




to 20 in., or 
objects of 
greutly dif- 
ferent cross 
section 


and penetrating power (or the lower the wave- 
length) of the x-ray beam (see X-ray tube). Some- 
what arbitrarily, the equipment and operating con- 
ditions may be summarized in the manner shown in 
Table 1. 

General principles and techniques. Some of the 
m °rf* important principles and techniques common 
to radiography in general are given in the follow- 
lp g paragraphs. 

Photographic film. Since radiographs are usually 
interpreted from photographic negatives, each ob- 
Jert under examination must be subjected to a con- 
trolled technique and properly selected film in 
terms of contrast, latitude, and sensitivity. Opti- 
mum blackening is S — 0.7-0.9, where S = log 
^/L. The photometrically measured light intensi- 
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ties are Lq before and L after the passage through 
the photographic layer. The normal eye can detect 
with certainty a minimum blackening difference 
between adjacent areas of 0.02. 

Contrast is the difference in density produced by 
a change in object thickness. Latitude is the extent 
of object thickness that can be reproduced in the 
working range of blackening S. Sensitivity is the 
smallest fractional increase in thickness delect- 
able; the practical limit is 0.02. Definition is the 
fidelity (or sharpness) with which a radiograph 
delineates a discontinuity. Speed is the character- 
istic relative to initial period of inertia in exposure, 
and is controlled by intensifying screens. See PHO- 
TOGRAPHY. 

Target-to-specimen distance. This should he as 
great as possible (usually 20-30 in.) consistent 
with the tact that radiation intensity decreases 
inversely as the square of the distance, in order to 
decrease the unsharpness of images caused by pe- 
numbra (Fig. 1). 

Focal spot size. This should he as small as possi- 
ble, to gain emission from (as nearly as possible) a 
point source, since otherwise there is unsharpness 
from penumbra (Fig. 1). 

Scattered rays. These rays, which travel in di- 
rections other than directly through the specimen, 
cause fogging and poor definition ; they are con- 
trolled by lead screens or diaphragms consisting 
of a grid of closely spaced parallel lead sheets, 
which cut off side-scattering when moved in a po- 
sition parallel to the plane of the film during expo- 
sure. 

Voltages and exposure charts. For each type of 
object to be radiographically examined, there is an 
optimum range of voltages controlling penetration 
and times of exposure. The exposure values (log of 
milliainpere-seconds) for each voltage are plotted 
against the thickness of specimens of particular 
composition. 

Avoiding over- and underexposure. Equalizing of 
irregular shapes with liquid immersion, absorbing 
foils, pastes, and so on so that parts of the radio- 
graph will not be over- or underexposed is a science 
in itself. Staining with heavily absorbing chemicals 
(iodine, barium, and thorium compounds) is a 
common procedure for soft tissues in medical di- 
agnosis or biological specimens. Because of abso- 
lute sensitivity, radiographs made with rays of en- 
ergy 1 Mev and above require no such provisions. 
This is because the curve of absorption coefficient 
of a given material as a function of radiation en- 
ergy flattens out over a considerable range of ener-* 
gies and wavelengths, with the result that thin and 
thick sections are correctly exposed. The automatic 
pistol, Fig. 2, is an example. 

Special techniques. A number of special radio- 
graphic techniques have been developed primarily 
for medical diagnosis hut are also applicable to in- 
dustrial testing. Some of these are now listed. 

Stereoscopy. Two exposures are made at tube 
positions roughly corresponding to interpupillary 
distances (2%s in.). The two negatives are ob- 
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Fig. 1 . Geometry of radio- 
graphic image formation: F, size 
of focal spot of x-ray tube; d, 
distance from focal spot to speci- 
men (plate representing an in- 
ternal defect); t , distance from 
defect to film; V * ft/d , addi- 
tional width of penumbral 
shadow (or unsharpness). 


served in a stereoscope which fuses the two images 
into one with the illusion of a third dimension. 
This permits location of any detail of gross struc- 
ture (defect in a casting, bullet in a chest, location 
of cancer) below the surface. 

Tomography . Of the three components — tube, 
subject, and film — two are moved during exposure 
synchronously so that it is possible to register the 
radiographic image of one plane in the object 
while images outside this slice have a continuous 
relative displat ement and are blurred. A series in 
various planes enables three-dimensional explora- 
tion called serioscopy. 

Kymography. Internal motion in an object 
(heart beat, breathing of lungs) can be recorded 
by interposing between object and film a lead dia- 
phragm with a 1-mm slit. The film is moved at a 
speed compatible with the motion and records a saw- 
tooth image as a time record of such motion. 

Instantaneous radiography. With an intense 
x-rav beam from field-emission pulse discharge, it 
is possible to make exposures in 10 h sec, so that a 
rapidl) moving object such as a bullet or shell ap- 
pears to stand still. This has been of great signifi- 
cance in studies of ballistics, moving parts in en- 
gines, and other objects. A series of high-intensity 
exposures leads to cineradiography —moving pic- 
tures. Exposures of .01-.001 sec are conveniently 
made with rotating-target x-ray tubes, which per- 
mit passage of eleitron currents of 500-1000 mil- 
liamperes without damage to the target. Thus, 
images of heart and lungs or moving machinery 
may be registered between motions (Fig. 3). 

Monochromatic radiography. By proper tech 
niques of filtration, or refle< tion from crystal faces 
or mirrors, it is possible to produce monoener- 
getic beams, especially below 50 kev. The radio- 
graphs of thin or small objects (cspe<ially when 
magnified) are greatly superior to those from 
beams with a whole spectrum of rays each with a 
different absorption in the specimen. 

Electronic radiography. This depends upon the 
emission from irradiated specimens of electrons 
whose energies and photographic effects are 
highly characteristic of the specimen. A beam of 
hard x-rays passes through a film without affecting 
it 6nto a specimen from which electrons are liber- 
ated backward to form the latent image; or the 
beam ejects from a metal foil electrons which pass 
forward through a thin specimen and register on a 
film in close contact. In this way, it is possible to 
copy old negatives, records, and other objects. 


Radiograph transmission . Transmission of radio 
graphs by radio or telephone is now an accom. 
plished fact. Elements of the original negative are 
transmitted exactly as are news photos, and the re 
ceiver re-records the whole image. This is of special 
value in medical or industrial diagnosis at a dm 



Fig. 2. Radiograph of automatic pistol made with 10 
Mev x-rays generated in a betatron, showing thin and 
thick sections properly exposed because of absolute 
sensitivity of radiation. 



Fig. 3. Chest radiograph of foundry worker made 
with intense beam from rotating-target x-ray tube 
showing nodules in lungs due to silicosis and shadows 
of skeleton, heart, and stomach. 

tance by a central agency or by an expert wh<> se 
immediate interpretation is required. 

New developments. Among the new technnpje* 
being developed are (1) the use of color film whctr 
far more sensitive differences are delineate 
(2) completely automatic procedures from *t ar! 10 


finish, including evaluations, with technicians en- 
lire ly remote and of course subjected to no radia- 
tion exposure. 

Gamma-ray radiography. For the radiography of 
thick sections of steel and other types of materials, 
x ravs generated at high voltages are required, and 
thi" involves the use of cumbersome and expensive 
power plants such as betatrons and other kinds of 
dr relerators, Van de GraafI electrostatic genera- 
ls. or resonance transformers. The alternative 
in the use of compact radioactive sources, 
making use of natural radioactive materials such as 
rjdnnn or elements such as cobalt and iridium, 
i ei tain isotopes of which can be made artificially 
radioactive by subjecting them to intense neutron 
bombardment in a nuclear reactor. These sources 
„f y-ravs are identical with hard x-rays generated 
a I 1,000.000 volts or more. Some of the sources 
lormnonly used in industrial radiography are listed 
in Table 2. 


Table 2. Radioactive sources for industrial radiography 


I U nit’ii t or isotope 

Half-life 

Material, thickness 

M.idium 

1580 years 

8-iu steel 

1m(Iiuhi-192 

70 days 

1^-2 in steel 

1 iiiilitluin-i 82 

120 days 

1>£ 6-in steel 

] 1 in 1 1 u in 170 

127 days 

V4 1 -in aluminum 

( I'sium lit? 

38 years 

2-i n si eel 

1 okilt 60 

5 3 years 

2 10- in steel 


Gubdlt-60. which has almost entirely displaced 
radmriK is supplied in standard small cylinders en- 
* as**(J in aluminum-alloy capsules which screen out 
the /Tiadiation. The capsules are housed in a heavy 
l'M(l-]ined, peai -shaped “bomb” in which single or 
multiple exposures of concentrically arranged spec- 
imens can he made. Radiographs made with y-rays 
ha\ r high resolving power because of the absence 
»f si altering, and yield sensitivities of 1% or bet- 
ter The one disadyantage is the long exposure re- 
quired in comparison with that for intense x-ray 
beams. Therapy with these isotopes is, of course, 
well established and successful. See Gamma hays; 
Hadioactivity. 

Neutron radiography. A new development in the 
field of radiography is the use of nuclear-reactor- 
penerated neutron beams instead of x-rays or y- 
r “' s - hike the latter radiations, neutrons can pene- 
trate matter with relative ease. Slow thermal 
neutrons (those in thermal equilibrium with their 
Groundings at or near room temperature) cover 
d broad band of wavelengths similar to the general 
01 ‘white” radiation from an x-ray tube. 

At any given temperature the neutron distribu- 
,lon will be Maxwellian, with a peak energy de- 
pending on the temperature; for example, this 
[ )e ak will occur at an energy of 0.045 ev (wave- 
,Pn gth 1.25 A) for a source temperature of 
or at an energy of 0.025 ev at 20°C. The 
absorption of neutrons by matter is relatively 
^all because the neutron carries no electric 
<har «e and consequently is neither attracted nor re- 
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pelled by the charged particles in the nucleus, nor 
by the electron clouds associated with the atoms 
of the material through which the neutron passes. 
Such absorption as does occur arises from the oc- 
casional capture of a neutron by a nucleus to form 
another nucleus of different mass number, or from 
scattering hy the nucleus. Although the neutron 
does not have an electric charge, it does have a 
magnetic moment and therefore can be scattered 
hy the electrons responsible for the magnetism of 
magnetic elements. A comparison of the mass ab- 
sorption coefficients for thermal neutrons and for 
x-rays of comparable wavelength discloses that 
there is no obvious relationship to atomic numbers 
for the former, but that there is such a relationship 
for x-rays. 

The peculiar distribution of neutron absorption 
coefficients among the elements permits, in many 
cases, radiography on the same film of a wider 
range of materials, or combinations of heavy and 
light elements, than is possible with x-rays or 
y-rays. Thus height of water in a lead tube can 
he determined, or the distribution of lithium in 
steel; m a clear differentiation can he made be- 
tween elements such as boron and carbon or 
cadmium and barium, which have closely similar 
absorption coefficients for x-rays and y-rays. Ura- 
nium can he examined in much thicker sections 
and in a far shorter time. 

Since the photographic effect of neutrons is 
negligible, the most usual detector is a boron- 
trifluoride proportional counter utilizing the a- 
particles emitted in the reaction sB 10 + on 1 ”— ► 
*l.i T 4 jHe 1 . Progress is being made in develop- 
ing photographic emulsions loaded with a heavily 
absorbing element such as boron or cadmium. 
However, indirect methods are much relied upon to 
register the radiographic image: a thin layer of 
boron or lithium “converts” neutrons to cr-parti- 
eles, which impinge on a fluorescent screen ex- 
posed to a photographic film; cadmium foil is the 
Converter to y-rays, which directly produce a pho- 
tographic image; indium, silver, or gold foils be- 
come radioactive on exposure to neutrons, and 
the image is transferred to the photographic film 
in the absence of the neutrons; various combina- 
tions and modifications of the foregoing are com- 
monly employed. Remarkable neutron radiographs 
of delicate plant tissues have been published, en- 
tirely dependent upon the high absorbing power 
of hydrogen; such results would be impossible 
even with very soft x-rays. See Neutron ; Ther- 
mal NEUTRONS. | G.L.CL.] " 

Bibliography : G. L. Clark, Applied X-rays , 4th 
ed., 1955. 

Radiography of metals 

A method of nondestructive inspection by means of 
x-rays and y-rays. The method enables detection of 
internal physical imperfections such as voids; 
cracks, flaws, segregations, porosities, and inclu- 
sions. It is frequently used for visualization of in- 
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Fig. 1. Relation of the penetration characteristics of x-rays to the type and thickness of various materials* 


accessible internal parts in order to check their 
location or condition. 

Suitable radiation is obtained by means of x-ray 
generators, linear accelerators, betatrons, or radio- 
isotopes. Energies from about 10 kv (peak) to 24 
Mev are used. The fourier unit, sometimes abbrevi- 
ated pkv, refeis to the tube voltage required and in 
radiography is the common means of specifying 
x-ra> energies in the lower-energy range; x-rays of 
higher energy are designated in terms of electron 
energy. Thickness, physical density, and absorption 
coefficient of the metal under investigation deter- 
mine the most suitable radiation energy (Fig. 1). 

The recording media most commonly used are 
double-coated films sensitive to electromagnetic ra- 
diation, fluoroscopic screens, or electronic devices. 

Radiography is extensively used wherever in- 
ternally sound metallic components are required 
such as (1) in the foundry industry, to guarantee 
the soundness of castings; (2) in the welding of 
pressure vessels, pipe lines, ships, and reactor com- 
ponents, to guarantee the soundness of welds; 
(3) in the manufacture of fuel elements for reac- 
tors, to guarantee their size and soundness; (4) in 
the solid propellant and high explosives industry, 
to guarantee the soundness and physical purity of 
the material; and (5) in the automotive, airplane, 
atomic, and guided-missile industries, whenever 
internal soundness is required. 

Film radiography. For better interpretation of 
the size, shape, and location of defects, two or more 


radiographic views of the object are obtained umki 
predetermined angles to each other. Slereoiadnu 
raphy is also used for this purpose. 

If the. thickness of the specimen varie c , compil'd 
coverage can he obtained by one of three method- 

(1) various radiographs may be taken under e\ 
posure conditions as determined by the d\erjgf 
thickness of the respective section of the obied 

(2) the multiple film method may be applied io 
placing a combination of fast and slow films m tht 
same film holder; and (3) compensators may b* 
used by building up the thinnest parts of the objeM 
to an average uniform thickness with similar radio 
graphically opaque material. 

Radiographic inspection. The adequacy of tlu 
radiographic technique is determined by the use of 
penetrameters. They usually are plates of the sami 
metal as the object under investigation, and tb 
thickness is in definite proportion to the obje* t 
thickness (normally 2%). They have centralh 1° 
cated holes with diameters of 2, 3, or 4 times their 
thickness and are placed on the source side nl tb< 
object. When the smallest hole in this penetrant 
can be seen in the radiograph, the penetrarruter 
sensitivity is 2%. In certain phases of indu^nal 
radiography the term radiographic iesohition ] ' 
used when expressing the quality of the radio 
graph. In these cases, a series of penetramef"!*' i* 
used of various thicknesses, having holes with cb 
ameters equivalent to their thickness. The dw* 11 
eter of the smallest radiographically detertab* 



hole expressed in millimeters or inches determines 
the respective radiographic resolution. Radio- 
graphic inspection procedures, as accepted by 
private and governmental industry or technical 
organizations, require the use of such penetram- 
eters (Fig. 2) . 

Fluoroscopy. This technique permits the exami- 
nation of the object by direct observation of certain 
fluorescent screens when exposed to the electro- 
magnetic radiation transmitted through the object. 

The primary advantage over the film method is 

economy; the primary disadvantage, its inferior 
sensitivity. 

An optically transparent but radiographically 
opaque barrier, such as lead oxide glass, is placed 
m front of the screen to protect observers from 
radiation. Because of this hazard, direct fluoroscopy 
is u«-ed up to an energy of about 150 kv only, and it 
is mainly applied to the inspection of light metals 
or light alloys, such as aluminum and magnesium 
i actings of thicknesses up to almost 3 in. Gross 
drfei Is such as gas holes, shrink cavities, and in- 
(Jusions can he detected if their size is at least 
(' ( of the total thickness of the object. 

Polaroid radiography. This technique includes a 
one-step developing process through which a nearly 
dr\. paper-supported radiographic image is ob- 
tained within about 2 min after exposure, without 
the use of a conventional darkroom or wet process- 
ing This process is best suited to low-energy radi- 
um aphv. The short densitv range of the Polaroid 
paper is most applicable to radiography of high 
Minlrnst specimens, such as metal-plastic assem- 
blies. 

Electronic radiography. The basis for this tech- 
nique is the application of direct image converter 
tubes or the use of television pickup or electronic 
-•.inning. The resultant signals are amplified and 
po seated for viewing on a regular kinescope. This 
inspection method permits remote or daylight view- 
ing using vray energies up to 2000 kv to inspect 
‘'led up to 3 in. thick or equivalent thicknesses of 
"’Her materials. 

h is superior to direct fluoroscopy because of 
in< reased brightness of the radiographic image. 
!• is safer because the viewing screens do not have 
,0 he in the beam of radiation. 
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x-ray tube 




( b) 

Fig. 3. (a) Transmission electron radiography, (b) Back- 

emission electron radiography. 


Microradiography. The use of photographic en- 
largement of fine-grain radiographs gives better 
evaluation of the findings in rnicroradiography. 

Advantage is taken of the intense electron emis- 
sion of dense material when exposed to x-rays. 
Transmission electron radiography (Fig. 3a) makes 
it possible to obtain radiographic images of very 
thin specimens, and back-emission radiography 
(Fig. 36) visualizes, among other things, the pres- 
ence of material of different atomic numbers in the 
surface of the specimen. 

Limitations of radiographic inspection. Limita- 
. tions are determined by the radiation energy, the 
thickness of the material, the sensitivity of the 
various recording devices, and the shape, size, and 
location of the defects» 

In many cases, radiographic inspection is a satis- 
factory method, but there is often a need for com- 
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plementary, nondestructive inspection methods, 
such as ultrasonics, magnetic-particle inspection 
or electromagnetic test methods. See Metal in- 
spection, magnetic; Metal inspection, ultra- 
sonic; Microradiocraphy; Radioactivity (appli- 
cations) ; Radiography. [g.h.t.] 

Radioisotope 

A radioactive isotope (as distinguished from a sta- 
ble isotope) of an element. Atomic nuclei are of 
two types, unstable and stable. Those in the former 
category are said to be radioactive, and eventually 
are transformed, by radioactive decay, into the lat- 
ter. One of the three types of radioactive ray 
(a-, /?-, and y-rays) is emitted during each stage 
of the decay. The term radioisotope is also loosely 
used to refer to any radioactive atomic species. 
Whereas approximately a dozen radioisotopes are 
found in nature in appreciable amounts, hundreds 
of different radioisotopes have been artifically pro- 
duced by bombarding stable nuclei with various 
atomic projectiles (see Radioisotope production). 
For a discussion of radioactive radiations and their 
duration, see Radioactivity. See also Isotope. 

r H.E.D.j 

Radioisotope (assay) 

An analytical technique including procedures for 
separating and reproducibly measuring a radio- 
active tracer. Separations for the assay may be 
made carrier-free (without stable atoms added) or 
with a few milligrams of added carrier by tech- 
niques such as ion exchange, solvent extraction, 
distillation, precipitation, electrodeposition, and 
isotopic exchange. Once separated, the radioiso- 
topes may be measured as gases, liquids, or solids 
in Geiger-Miiller, proportional, or scintillation coun- 
ters. or in ionization chambers. Each detector has 
characteristic advantages and disadvantages and is 
used only after consideration of the amounts and 
types of radiations emitted by the radioisotope. 
Weak beta emitters such as carbon- 14, sulfur-35, 
and particularly hydrogen-3 (tritium) require 
special techniques to eliminate errors caused by 
absorption of their rays in the sample. 

Geiger and proportional counters are used pri- 
marily for measuring beta rays, whereas solid scin- 
tillation detectors are used for gamma rays. Liquid 
scintillation counters eliminate many self-absorp- 
tion problems with weak beta emitters. 

Measurements are usually referred to a standard 
of known absolute strength. When absolute assay is 
required, problems of geometry, back-scattering, 
self-absorption, counter efficiency, and the decay 
scheme of the radioisotope must be considered. 
See Activation analysis; Particle detector; 
Radiochemistry; Radioisotope production; Ra- 
diometric assay. [ W.ME.] 

Radioisotope (biology) 

Radioisotopes are radioactive isotopes. This article 
discusses their usefulness in biology as tracers in 
the investigation of metabolic processes. 


The usefulness of radioisotopes as tracers arise 
chiefly from three properties: (1) at the molecular 
level the physical and chemical behavior of a radj 
isotope is practically identical with that of the 
stable isotopes of the same element; (2) radioiso 
topes are detectable in extremely minute concen 
trations; and (3) analysis for radioisotopic con- 
tent often can be achieved without alteration of the 
sample or system. In some applications radioiso- 
topes are not essential but are used because 0 f 
the advantages of sensitivity or convenience. | n 
other applications, however, principally those in 
which reaction rates and transfer rates are studied 
isotopes, particularly radioisotopes, have unique 
advantages as tracers and their use in studies o* 
the kinetics of steady-state systems, self-diffusion 
and metabolic pathways has opened numerous fields 
previously thought to be inaccessible. See 1sotoi*k; 
Radioisotope; Radioisotope (assay). 

Methods. Radioisotope methods include prepar- 
ing the labeled material, introducing it into the sys 
tem to he studied, detecting its presence, and in 
terpreting the results. 

Preparation of labeled compounds is one of thp 
most important and most difficult steps in tracer 
methodology. In synthesis with radioactive rea 
gents, the chemical procedures used must often bv 
modified for remote handling, and other spc« ial 
precautions must he taken to prevent contamina- 
tion of laboratories and personnel with radioactive 
material and to minimize irradiation ofj.be person 
nel. Containment, shielding, and distance arc the 
main items in protecting personnel from radiation 
Some compounds labeled by biosynthesis, derived 
from bacteria or plants grown on media containing 
radioactive substrates, are commercially available 
Before a labeled product is u^ed it should be tested 
for radiochemical purity, meaning that ordinarib 
there should he only one radioactive species pir- 
ent and that all of it should be in the same chemn al 
state. Labeling of an element present in two valcme 
states has caused confusion. The chemical stalnlitv 
of the label (that is, the radioactive element 1 
should also be established. It is unwise to ip-p ma- 
terial labeled in easily exchangeable positions if 
the fate of the material itself ( rather than the e\ 
change process) is the point of interest. See Radio 
chemical laboratory; Valence. 

The amount of isotope to be used and the path ^ 
which it is introduced into the system are governed 
by many factors. Sufficient tracer to be detectable 
must be used, but the amounts of material ^ hich 
are introduced must be small enough not to disturb 
the system either by their mass, by pharmacologi 
cal effects, or by the effects of radiation. The nu"' 
of 1 curie, the unit of disintegration rate, depend' 
inversely upon the half-life and directly upon the 
atomic weight of the particular radioisotope ,l 
1 g for radium-226 (half-life 1620 year*), but <>nb 
8 micrograms for iodine-131 (half-life 8.0 da"* 
In tracer experiments with small animals, m irn) 
curie quantities are usually adequate. It is 
times necessary to choose between administering 



,j lP isotope in a single injection or using a con- 
tjn , l()l iH perfusion, for example, in order to main- 
m a constant concentration in the arterial blood. 
( Midllv the single injection is easier to achieve and 
( j lt . lesiilting data are easier to analyze. See Ci’RiE. 

'There are many methods for detecting the pres- 
et* of radioactive material. The Geiger counter 
y* largely been displaced by thallium-activated 
.odmm iodide scintillation crystals for counting 
,a\ S . but Geiger counters and proportional count- 
ar e *till useful for counting a- and /J-particlos 
h# i t Pahiklk di/i ec ' i on ) . A well-tvpe scintillation 
(( „intcr mav have more than 25% efficiency for 
j In a scintillation crystal the passage of a 
, r jv through the crystal produces a flash of 
|i,.|it which is detected by a photomultiplier tube 
niMneiled to the crystal (see PiioroTiiBK Mlini- 
iiiHti. I he signal from the photomultiplier tube 
tn iv he fed into a scaler or rate meter, as with the 
.li-iuil ftom Geiger tubes, or after amplification it 
mav he used as the input signal for a pulse-height 
iiub/et in a method called y-iav spertroscop> 
Si>f c trosc opy ) . The pulse height analv/et 
injkis it possible to record pulses of a single 
liuiihl < oriesponding to single y-rav eneigies. so 
that one isotope may be counted selectively in the 
(in si nt v oi oiliris. With multichannel pulse-height 
in 1 1\ /« is simultaneous determination^ mav be 
made of a numbei of '/-emitting isotopes in a mix 
i oi i beta partic le spi*< tios< opv is also possible but 
mull more difficult both to achieve and to in- 
ii'pot in part because /?pai titles aie emitted 
\ itli a sf)(‘( trum of energies whereas y-iavs are 
t\ juc all v rnonoenergetic. For vctv low-eneigv 
panicles (negative electrons) , particular 1\ those 
* nutted hv (1 M and tiirium (IP), licpiid scintilla- 
tmn counting is useful (see St intii I A I ion dftm- 
inn i mi id). In tiiis method a solution of the sam- 
ple a rid a phosphoi takes the plaee of the scintilla- 
tion (ivstdl. Low-energy ft -emitters ran also be 
"tinted hv introduction in the gas phase dim tl\ 
into proportional counters. In histological and c\- 
^locual studies the method of autoradiography, in 
"bn h photographic film is exposed through contact 
"Jth the specimen, is very useful. The autoradio- 
* ,(i phif method is also used extensively in con- 
nmc non with paper or column chromatography. 
PuticulaiH in studies of metabolic pathways. See 
ion VDIOGRAI’HY ; CHROMATOGRAPHY, 
hi man\ applications the interpretation of the 
f hita obtained with radioisotopes is cpiite simple. 
Hie volume of dilution and total exchangeable 
ni;i<s * for example, are inversely related to the 
hidl cc»nc entration. Following a metabolic pathway 
f,r determining the uptake of radioisotopes bv vari- 
t ‘ 1K ° r gans or tissues is analogous to following a 
of sheep by belling the leadei. Tn studies of 
ralp P r oresscs, however, particularly when material 
ls rnoving in opposing directions simultaneously, 
•^tensive use of mathematics is needed for correct 
,nter pretation of the data. The mathematical basis 
° r s uch interpretation is outlined in the following 
para Uraphs. 
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Interpretation of tracer kinetics. For mathemat- 
ical analysis it is convenient to designate the dis- 
tinct phases or volumes of a system as compart- 
ments. In steady-state systems it is assumed that, 
except for the tracer, the content of a compartment 
does not change; the rates of flow of material into 
and out of the compartment are equal. It is custom- 
ary hut not always realistic to assume that within a 
given compartment mixing of the labeled and un- 
labeled material is instantaneous and complete; 
the specific activity (the ratio of the amount of the 
labeled form of a substanc e to the total substance 
present ) within a compartment is assumed to he 
uniform in space, although it may be a function of 
time. 

Given a com part mental model regarded as repre- 
senting the system of interest (often greatly simpli- 
fied), the expected behavior of the tracer is 
described with a set of differential equations in 
terms of the invariants of the system. The solutions 
of these equations contain constants which would 
he determined experimentally from observations 
on an ideal system. Although prediction of tracer 
behavior from information about the system has 
many applications, it is the reverse problem, that 
of using the expel imcntallv determinable constants 
des< ribing the behavioi of the tracer to deduce 
the invariants characteristic of the sytem. which is 
the usual goal of a tiaeei experiment. 

The passage of a tracer through a c hain of steady- 
stale compartments with one-wav flow, as in the sys- 
tem — » A — > B — > C — » 1) — - >, is described with equa- 
tions identical in form to the Bateman equations 
which describe radioisotopic decay chains (act 
Nijci far kkac i ion, Badioac ii\rn ). The solution 
equation for the nth compartment will include n 
exponential terms, with each exponential constant 
being equal to one of the n turnovei-rate constants 
(the ratio of the rate of entrance or exit of the sub- 
staru e of interest to the amount piesent in a given 
compartment). For example, the disappearance of 
a tracer from the simplest model, — » A — assum- 
ing that after time /ero no tracer enters, is de- 
scribed by 

* = xqc x ' ( 1 ) 

where x it the specific activity in the compartment. 
Xo is the value at time zero, / is time, e is the base 
o? the natural logarithms, 2.718 .... and A is the 
fractional disappearance constant. If, instead, there 
is no tracer in the compartment at time zero but 
there is a constant specific activity x f in the inflow 
from time zero on, the build-up of activity in the 

compartment is desc ribed by 

A - (1 ~ e-^) (2) 

* In both cases A is equal to the turnover rate 
constant k. Because all of the As appear in the 
equation for the last compartment of a chain, all 
the turnover rate constants may, in principle, he 
determined by sampling the last compartment only, 
but this is insufficient for determining the sequence 
in the chain. 
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When there is flow in both directions, the simple 
relationship between the As and As is lost. The dif- 
ferential equations for the 2-compartment, steady- 


state, closed system A B are 

dx a /dt = — A a (*a — *b) (3) 

dx b /dt = Ab(*a — *b) (4) 

for which, if at time zero xa = *a 0 and xb = 0, the 
solutions are 

xa /xa 0 = Cr 4 Cie~ xt (5) 

XB /XA 0 = Ce — (6) 

where the Cs are constants determined by the 


amounts of material present. Cr is the equilibrium 
value and C\ i9 the difference between the initial 
value and the equilibrium value of the material 
present. In this example A = A a 4 A B rather than 
being equal to one or the other turnover rate con- 
stant. Calculation of the individual turnover rate 
constants from the experimental data as repre- 
sented by Eqs. (5) and (6) can, however, be 
achieved through use of Eqs. (7) 

Aab = CiA kn a = CsA (7) 

In the general case of N compartments in the 
steady state 

, Rm. N 

* —Kjxj 4 £ kjRXR R J (8) 
at r~a 

describes the behavior of the tracer in the Jth com- 
partment where k.,R is the fractional turnover rate 
constant resulting from exchange with the Rth 
compartment and Kj is the total turnover rate con- 
stant for compartment J. The solutions have the 
general form 

xj * Oie~ Xl< 4 Cj 2 e~ x * 1 , . . . , Cjve~ XNt 4 Cr 

( 9 ) 

with N As for open systems and — for 

closed systems. Interpretation of experimental data 
in terms of the sizes of and rates of transfer among 
the various compartments involves fitting Eq. (9) 
to the data and using the constants (the Cs and 
As) to calculate the As and other charac teristics 
of the system. Complete sets of formulas for such 
calculations for the 3-compartment systems are 
available. Because of the unwieldy equations en- 
countered, explicit formulas for deriving the As 
from the Cs and As have not been published for 
systems involving more than three compartments, 
but numerical examples can be worked with matrix 
algebra using the general relationship |A| = |C|- 
| — A||C| _1 , where |A| is a matrix of the Ks and As 
in Eq. (8), |C| is a matrix of the coefficients in 
Eq. (9), | — A| is a diagonal matrix of the —As, 
and |C| " 1 is the inverse of \C\. This relationship 
is derived by equating the derivatives of Eq. (9) 
to those of Eq. (8) . 

Complicated systems can also be analyzed with 
electronic analog and digital computers, which 
eliminate most of the intermediate mathematics 
involved in translating descriptions of the data 


into descriptions of the systems. Analog computer 
have the advantage of directness and simplicity 0 f 
programming, whereas digital computers have th 
advantage of numerical accuracy. 

Figure 1 depicts an electrical analog f or a 
4-compartment steady-state system which uses a 
direct analog between the electrical and biological 
components. The equations which describe the volt- 
age changes in the electrical system are identical 
in form with those which describe the net tracer 
movement in the biological system. Adjustment of 
the electrical parameters therefore provides a di- 
rect method for determination of the values of the 
biological system components. For nonstead> -state 
systems, operational amplifiers and an electrical 
circuit analogous to the differential equation of the 
biological model may be used to meet the require, 
ment of unequal flow rates in the two opposing 
directions. See Analog computer; Digital com 

TITTER. 

Applications. In chemistry the tracer method 
has been applied to isotopic exchange reactions 
chemical kinetics, structural chemistrv, sclf-dif 
fusion studies, and analytical chemistry. Self dif 
fusion (really isotopic interdiffusion) has been 
studied in solids as well as in liquids and gasp^ 
Tn activation analysis a sample is subjected in 
nuclear bombardment in a reactor or accelerator 
and the induced activity provides an extremch 
sensitive method for assay of the amounts of m 
tain trace constituents. 

In biology one of the outstanding achievement- 
in which radioisotopes have plaved a role has been 
the use of C 14 in the elucidation of the metaboli' 
path pf carbon in photosynthesis. The product' 
produced in the first few seconds following 
exposure to light have been identified by combma 
tions of paper chromatography and autoradiogr.i 
phy. Somewhat similarly, the extrathyroidal metal* 
olism of iodine, the path of iodine in the thvronl 
gland, and other problems of intermediary metalm 
lism have been studied intensively. The concept "i 
the dynamic state of cell constituents is largeh 
attributable to discoveries made with botopH 
tracers. At one time it was thought that coneen 
tration gradients across cell membranes depended 
upon their being impermeable, but the use of i s " 

series or catenated parallel or mammi^ 1 

v 

biological i ~ -f f j \ *_£ - 


t Vv,Vv | -VWVV j— Wv/WV-j ? £ 

electrical . 1 T r -r 1 f ~{ 

L _L __[ T L — 1 

Fig. 1. Simple electrical analog scheme for a 4-cojr 
partment steady-state system. The asterisk indicates t 
injected compartment in the biological system, corre 
sponding to an initial charge on the left-hand 
denser in the electrical system. 



(0 p C «* has refuted this hypothesis by proving that 
, n many such cases the substances involved are 
normally being transported in both directions 
d( ., ()S s the membrane. 

In physiology, radioisotopes have been used in a 
wI( Jp variety of permeability, absorption, and dis- 
tnbution studies. Representative model svstems are 
depicted in Fig. 2. As an illustrative example, 
( ,ij(iinn (Ca) metabolism is described here in some 
detail. Calcium is absorbed from the intestine into 
l lie blood, from which it is distributed to the soft 
tissues and skeleton or is excreted via the feces, 
urine, and perspiration. More than 80% of Ca 4 "* 
inerted intravenously leaves the circulation within 
"i min. but the serum specific aetivitv is still de- 
drd'ing 2 months after injection. The initial rapid 
dmp in specific uetivity is explained by dilution of 
tlit Ca r * in the relatively large pool of ra pidl v ex- 
, hangeable hone Ca. Although less than 2% of the 
bone Ca is available for exchange, this is 10-100 
imir- the amount in the serum. Rone also takes up 
(a r > by accretion into the “nonexrhangeable” 
In growing boys the rate of bone-salt forma- 
tion was found to be 2 3 times the rate of Ca in- 
Like lrom the intestine, the defi< it being made up 
|j\ resorption, (he combination of excretion and 
s|<m turnover of nonexehangeable bone accounts 
tor lire ‘-low components of the serum-specific ac- 
ti\il\ curve. In adults the processes of accretion 
m<l resorption continue at slower rates and are 
lull jn» ed. The distinction between ac cretion and 
exchange is possible onlx with isotopic tracers. 
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Another distinction made possible with Ca 45 is the 
finding, made by comparing fecal contents follow- 
ing Ca 4 '* administration by mouth and by vein, that 
about 10% of feral calcium is of endogenous origin, 
whereas the rest represents a lack of absorption. 
Comparison of Ca 4r> absorption and excretion in a 
boy with that in an adult suggests that absorption 
depends more on intake than on the need for cal- 
cium. and that calcium balance is regulated by ex- 
cretion in the urine of calcium absorbed in excess 
of the body’s needs rather than bv control of 
absorption. Depending upon the intake. 15-50% of 
ingested calcium is excreted in the feces. 

Tritium is especially useful in mieroautoradio- 
graplis because the average /1-particle emitted has 
a range of onlv 1 ju, in tissue, giving especially sharp 
resolution. 

As illustrated in Fig. 3, chromosomes ran be 
labeled with tritium through the use of tritium- 
labeled thymidine, a substance which localizes in 
deoxyribonucleic ar id (DNAh which in turn oc- 
curs only in the genetic material. After the’ cells 
were labeled by being grown in the tr hinted thymi- 
dine medium, they were transferred to a nonradio- 
active medium for growth of the second .genera- 
tion. The rate and mechanism of synthesis and 
degradation of I)NA are under intensive study. 
Several lines of study, such as the labeling of suc- 
cessive generations of bacteria and the absence of 
label in the second-generation chromosomes marked 
by the arrows in Fig. 3. indicate that DNA is not 
normally subject to exchange or turnover proc- 
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In (b) iron returns from the peripheral erythrocytes 
to the plasma very slowly. 
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Fig 3 Photomicrograph of an autoradiograph of Vicia 
faba chromosomes in metaphase labeled with tritiated 
thymidine In the chromosome pairs indicated by the 
arrows / one chromosome is labeled but the other is not. 
This has been interpreted as evidence that the newly 
formed DNA does not exchange with the previously 
existing DNA Feulgen stain ( Courtesy W L Hughes ) 

esses, but is synthesized onlv when the cell is pre- 
paring to divide. 

The kinetics of cellular proliferation has pro- 
vided a rich vein for application of radioisotopic 
methods. For example, the lifetime of human red 
blood cells (about 120 days) was established with 
the use of Fe' ,w -laheled tells. The life cycles of 
blood-cell precursors and of white blood cells and 
platelets have also been studied with a variety of 
radioisotopes, including tritium. 

Some applications such as the uptake of I 1 * 1 hv 
the thvroid, the measurement of the red-cell mass 
with CF'Mabeled red cells, and the absorption of 
Co°°-labeled vitamin are of practical clinical 
importance in diagnosis and treatment of disease. 
Knowledge of the rates of distribution and disposal 
of a wide vuriet> of radioactive substances is basic 
to the problem of evaluation of the hazard from 
fallout radiation. Determination of induced a< tivi- 
ties, particularly Na M , provides a basis for calcu- 
lating the neutjon exposure in reactor accidents 
and in therapeutic exposures to neutrons. From 
these few examples it is apparent that, aside from 
their importance in basic chemical and biological 
investigations, radioactive isotopes will be as im- 
portant in medicine as tracers as they will be as 
therapeutic agents. [j.s.ro.] 

Bibliography : C. L. Comar, Radioisotopes in 
Biology and Agriculture , 1955; G. Friedlander and 
J. W. Kennedy. Nuclear and Radiochcmistry, 1955; 
E. H. Quimby, S. Feitelberg, and S. Silver, Radio - 
active Isotopes in Clinical Practice , 1958; J. S. 
Robertson, Theory and use of tracer in determin- 
ing transfer rates in biological systems, Physiol. 


Rev., 37:133-154, 1957; W. E. Siri, Isotopic 77a< 
ers and Nuclear Radiations , 1949; F. Stohlnia 
(cd.), The Kinetics of Cellular Proliferation , I959 
A. C. Wahl and N. A. Bonner (eds.), Radioactim 
Applied to Chemistry , 1951. 

Radioisotope production 

The preparation for use of radioactive isotope 
Because of the usefulness of radioisotopes in nied 
cine, industry, and research, much effort has gon 
into development of techniques for producing dhl 
purifying them. Major sources of radioisotopes dr 
atoms bombarded with particle-accelerator beam 
or reactor neutron beams, or the fission product 
resulting from burned-up reactor fuels. See Radk 
isotope. 

Some radioisotopes occur in nature, for examplt 
uranium, radium, and thorium, which were pn. 
duced when the earth was formed. Some of thee 
naturally occurring radioisotopes, or series of tadic 
isotopes, have half-lives (time in which one-half 0 
the atoms dec ay) greater than 10 h years, and thert 
fore have not had time to disappear. During th 
earlv years of work with radioactive materials, onl 
natural radioactivity was available; G. Hevesy dn 
the first radioactive tracer experiment in 1934 witl 
radiolead (Pb J1> ) obtained from thorium deca 
prod in Is. 

Irene Curie produced the first artificallv mdinn 
radioactivity by irradiating aluminum foil wit! 
oj-part i< les in 1934. thus initiating the use of radu 
activity on a wide scale in scientific work A \rr 
wide variety of radioisotopes are produced in par 
tide accelerators such as the cyclotron. Charge 
partielp*. such as deuleron*- (I)') and proton 
(HM, are accelerated to great speeds by high 
yoltage electrical fields and allowed to strike tar 
gets in which nuclear reactions take place; fo 
example, proton in, neutron out (p,n), increasin' 
the target atom atomic number by one wjthon 
changing the atomic mass; and deuteron in, protm 
out (d,p), increasing the atomic mass b\ om 
without changing the atomic number. The targe 
elements become radioactive because the nuclei 0 
the atoms are unbalanced, having an excels 0 
deficit of neutrons or protons. Although the particle 
accelerating machines are most versatile in produc 
ing radioisotopes, the amounts of radioactive mate 
rial that can be produced are relatively small, lh J 
is. microcurie to millicurie quantities (a curie 1 
that quantity of a radioisotope required to supph 
3.7 X 10 10 disintegrations per second). 

For large-scale production, the nuclear reactoi 
with neutron fluxes (amount of neutrons travertin* 
a unit area per unit time) of more than 10 10 neu 
trons/(cnrr) (sec) is required. See PARTiOfc At 
cfi.eration; Reactor, nuclear. 

Reactor production. Radioisotope product^ 
steps are shown in Fig. 1. Most radioisotopes P r(> 
duced in quantity are made in the nuclear reactoi 
by one of the reactions shown in Table 1. 

The most common reaction is ( 1 ) , because ma n ' 
elements have a good neutron-capture cross sectia 11 
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Table 1* Nuclear reactions used in radioisotope production 

Reaction Examples 

(1) Neutron-gamma {n,y) 27C0 59 + oft 1 —> rCo M + 7 

(2) Neutron-proton (n,p) i«S a + on 1 — ► l6 P® 4- 1 p 1 

(3) Neutron-alpha ( n,a ) 17CI* + on 1 -♦ uP* 4- *** 

(4) Neutron-fission (n,/) 92U*® 4- 0 n 1 — ► w Te lsI 4- 42Mo~ loa 4- ~2 0 n 1 



^ 1 Radioisotope-production operations. (Oalr Ridge National Laboratory) 
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(relative ability for capturing neutrons). By sim- 
ple neutron capture, important radioisotopes such 
as Na 24 , Fe fi0 , Co" 0 , and Au 398 are made. The 
procedure is quite simple in this case. Highly puri- 
fied materials (to prevent contamination by neu- 
tron-capturing impurities) in amounts ranging 
from a few milligrams to several hundred grams 
are sealed in pure aluminum cans and placed in 
the reactor. In some graphite reactors, the cans 
are placed in holes in graphite blocks, called 
stringers, which are shoved into the reactor. Other 
reactors have chain conveyors for handling cans 
and pneumatic or hydraulic tubes for passing 
samples in and out of the reactor, or special mag- 
nesium, beryllium, or aluminum holders for inser- 
tion into the reactor lattice (Fig. 2). Care must 
be taken to avoid putting materials that decom- 
pose easily, such as organic compounds, into the 
reactor because gas pressure may be produced in 
the container. In general, materials that are ther- 
mally stable are also fairly stable under neutron 
irradiation. Metals or stable oxides of elements are 
usually used as target materials. See Nuclear 
reaction. 

The production rate for a radioisotope in a re- 
actor depends upon the neutron flux, amount of 
target atom, the half-life of the radioisotope, and 
the neutron-activation cross section of the target 
atom. The following formula may be used for cal- 
culating the amount of radioisotope produced: 

A = N<fxr( 1 — e~ x< ) 

where A is the activity in disintegrations/sec, N is 
the number of target atoms, </> is the neutron flux 


in neutrons/ (cm 2 ) (sec), a is the activation cross 
section for the reaction in cm 2 /atom and the ex- 
pression (1 — e~ x *) is the saturation factor. Their, 
radiation time t and the decay constant A are j n 
compatible units (A = 0.693 /half-life). The activity 
A y in disintegrations/sec, can be converted to mi Hi. 
curies by dividing by 3.70 X 10 7 disintegrations > 
(sec) (me). 

Target materials of some elements can be ob- 
tained quite pure; when such elements have only 
one isotope that has a high activation cross section 
radioisotopes are easy to produce and little chemi- 
cal purification is required after irradiation. l n 
other cases, there is multiple production in the tar- 
get materia], sometimes four or five different radio- 
active species in one target, which must be chemi- 
cally separated from the main product. Virtually 
every known chemical^eparation procedure is used 
in this kind of work, vfrhich usually must he done 
by remote methods because of the high radiation 
levels involved. See Nuclear chemistry. 

When radioisotopes are produced by ( n y p ) or 
(n,«) reactions or an (n,y) reaction followed by /?- 
decay, the radioelement is of a different chemical 
species from the target element and may therefore 
be separated from it chemically to produce carrier- 
free radioisotopes. 

Very often concentrations of radioelements are 
too low for them to be precipitated directly, so 
they are carried on the surface of a flocoulent 
precipitate, such as Fe(OH) 3 ; similarly, others 
are coprecipitated, where isomorphous compound*- 
are brought down together, for example, Ba^’SO, 
with PbS0 4 . Many newer methods, more adapta- 

/ 



Fig. 2. Devices for holding samples for irradiation in a reactor. (Oak Ridge National Laboratory ) 





ble to work with low concentrations of material or 
amenable to remote operation, are now used, such 
a s solvent extraction and ion exchange. A preferred 
purification method is gasification, because if the 
radioisotope goes through various stages in the 
jrj-emis phase very high purity usually results. 
Distillation is used in some cases, such as the 
purification of I 1 '* 1 (distilled as the element) and 
r u »° inr> (distilled as the tetroxide). Ion ex- 
change is practically the only method for fraction- 
ltmg the rare earths in the low concentrations usu- 
,11 v found in radioisotope work. 

Fission-product separation. The fission prod- 
u< ts fragments of the fissioned uranium or plu- 
tonium atom, are an extremely important group of 
radioisotopes, ranging from zinc (atomic no. 30) 
to samarium (atomic no 62). The fission-product 
Iragrnents occur in two groups, one being light 
itonis with atomi< masses between 72 and 110 
umin and the other being heaw atoms with masses 
liot ween 110 and 162 units Those fission products 
with high Yield*- occur at one of the peaks, and the 
umpanion fission fragment occurs with the same 
Injih vield on the other peak; for example, mass 
IK) (\c through Ba) ha*- companion fragments of 
] bout mass OS (Y through Met) Fission product 
\ndds arc given as the per cent of fissions that 
nsiilt in fragments of a certain mass, there are 
hut fragments for each fission, so the over-all 
udd ai ithmeticallv totals up to 200 r *. See Fis- 
-inN MU I FAR 

The fission products oidinarilv separated and 
|)'iifi(d for use as radioisotopes fall into two 
jimp- as listed in Table 2 

The short lived fission products have been sepa- 
litid principally for research purposes Several 
nvthmls have been used, fin example inclusion of 
u tier elements m classical pieeipitation methods. 

I ranmm metal freshK discharged from the re- 
n lor is dissolved m 70 f # nitric acid During dis- 
solution the vcjlatile materials such as iodine and 

Table 2. Isotopes ordinarily separated 
from fission products 

Radioisotope Half life 1 Kissiou yield, % 

Principal long lived fission products* 


Ki 86 

10 27 

1 3 

Sr* 0 

28 

5 0 

K( »» 

2 12,000 

6 1 

Hu 10 * 

1 

0 4 

Cs«37 

30 

5 9 

CV»4 

08 

5 7 

Pm 117 

2 6 

2 4 

Principal short-lived fission productsf 

Si 

54 

1 8 

\n 

50 5 

5 8 

Zr'tt-Nb 9 * 

65-35 

6 3 

Ru 101 

39 8 

3 0 

f 131 

8 08 

2 9 

\<.133 

5 3 

6 5 

Ba l <° 

12 8 

6 4 

(V« 

32 r 

6 0 

p r U8 

13 9 

60 

Nd 1 * 7 

11 1 

2 4 

Half-life in years 

t Half-life in days 
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the noble gases Kr and Xe are released. Iodine is 
distilled from the dissolver, purified by several re- 
distillations. and absorbed in alkaline solution. The 
rare gases are purified by absorption of the con- 
taminating nitrogen oxides in the gas stream, and 
the Kr and Xe are then absorbed at low tempera- 
ture on an activated-charcoal column. The noble 
gases are eluted from the column by heating and 
passing a stream of helium through the column. 

The nonvolatile fission products remain in the 
uranium nitrate solution. Uranium can be removed 
by precipitation or ion exchange. However, a better 
method is solvent extraction with a mixture of 
kerosine and trihutvlphosphate (TBP) ; many other 
solvents which dissolve uranium selectivelv can also 
he used. Nitric acid (about 4 M) can be used as a 
salting-out agent with TBP; in other cases, alu- 
minum nitrate solution is used. 

Zr'^-Nb 0 '’ exhibits colloidal properties in the 
dissolver solution and can he removed directlv and 
selectively bv passing the uranium-fission product 
solution through a column packed with sflii a gel. 
The ZF* r -Nh ,,r * is then eluted with oxalic ac id 
solution 

Aftei uranium is extracted, the rare earths 
Ce ]n . Nd' 47 . Pr 7, \ and Y ,n and alkaline earths 
Sr s<> and Ba“° are separated fiom the solution by 
ion exchange Ru 1<M is removed bv distillation as 
the tetioxide 

The starting material for production of long- 
lived fission products is the waste from reacJtor- 
fuel piocessing plants In the ideal case, the fis- 
sion produ< t mixture is in a fairly pure nitric acid 
solution, which may he evaporated to allow greater 
plant through-put. However, it must not be evapo- 
lated bevond the point where the total radioactivity 
per unit \olunie (curies /ml) is too high for sub- 
sequent processing because of radiation and radio- 
ai tive heating pioblems. With concentrations as 
high as several curies per milliliter, it is possible 
to pie< lpitate the fission prod uc ts directlv. 

Cs 1 7 is separated this way at the British and 
French fuel-processing plants bv direct precipita- 
tion as cesium phosphotungstate. The cesium is 
then purified as the sulfate or chloride. American 
processes for cesium include precipitation as a 
double salt of nickel, cohalt, or zinc ferrocyanide. 
oj cocrystallization with ammonium alum. The lat- 
ter process is highly selective and allows removal 
of cesium from complex chemical mixtuies. 

In most of the known flow sheets for large-scale 
fission-product separation, the alkaline-earth and 
rare-earth groups are first precipitated together in 
an alkaline carbonate solution. The iron and other 
contaminating corrosion products are usually re- 
moved prior to this step by a selective hydroxide 
* precipitation with ammonium hydroxide by care- 
fully controlling the pH. Sr wo is included in the 
alkaline carbonate precipitate, along with fairly 
large amounts of stable barium and strontium and 
rare earths. The rare earths are precipitated as 
hydroxides from a carbonate-free solution, allow- 
ing the alkaline earths (Sr and Ba) to pass into 
the filtrate. Strontium and barium can then be pre- 
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Fig. 3. Radioisotope shipping containers, (a) Lead 
shield, stainless-steel encased for gamma sources, such 
as Co‘ J< ’. (b) Lead shield, stainless-steel encased, in 
wooden block tor pile units and small sources, (c) Gas 
shipping container with internal sealed cylinder for 
Kr S5 and tritium gas. (d) Nonreturnable lead shield for 


processed radioisotope bottles, (e) Solid stainless-steel 
container for bottles of processed Sr ,K) . ( f ) Lead shield 
stainless-steel encased, on a shipping pallet for distrib- 
uting weight in aircraft, for pile units and small gamma 
sources. (Oak Ridge National Laboratory) 


ci piloted as the carbonates and purified by repre- 
cipitation from 80% HNO.*. For production of Sr yo 
beta sources, it is necessary to remove the barium 
to get higher specific activity. This is done by con- 
verting the Sr-Ba to chlorides in strong 1IC1 solu- 
tion and selectively precipitating BaCl*> by raising 
the HCI concentration to 12-13 AL Strontium can 
then he precipitated as SrFj or SrCO.j. Similar 
methods can be used on the other fission products. 



Fig. 4. Nonreturnable shipping container for radio- 
isotopes. (Oak Ridge National Laboratory) 


Precipitation processes are also sometimes sup- 
plemented or replaced by very selective ion-ev 
change or solvent-extraction method^. 

Radioisotope shipping. The packaging and ship- 
ment of radioisotopes present some unusual prob 
lerns — the penetrating radiation must be shielded 
and leakage must be prevented because of the e\ 
treme toxicity of many radioisotopes. 

Packaging must be done by remote control. 
radioisotopes are dispensed as water ^plution*. h\ 
pipetting from glass storage bottles to glass ship 
ping bottles. Tempered-glass bottles are usiialh 
used, with closures lined with polyethylene 
For sojtfc special preparations, such as carrier-free 
Ca ;r * or P*-, polyethylene storage and shipping 
bottles are used to cut down losses by adsorption 
on the walls of the container. High standards of 
cleanliness must he maintained, although no :>!• 
tempt is made to ensure sterility of solutions except 
for the special medical radioisotope preparation- 
shipped by pharmaceutical suppliers. 

A few preparations have sufficient mass per unit 
of radioactivity and weak enough radioactivity to 
permit handling and packaging them as dry solid'' 
An example of this is C u , which is dispensed a- 
barium carbonate. Materials that are not chemi- 
cally processed, such as reactor irradiation unit' 
or metallic cohalt, are sent out as solids in metal 
containers. 

Two general kinds of shipping container are 
used: returnable, on which a deposit is paid, and 
nonreturnable, which the receiver may keep and 
use. Returnable containers are usually more mas- 
sive and expensive, especially those used for ship- 
ping large amounts of Co rt0 or fission produet-' 
Pure ^-emitters, such as P ML> , require little shield* 
ing other than the absorbent packing materia 
(iases are shipped in special glass or metal con- 
tainers (Figs. 3 and 4). 

Shipment of radioactive materials by fail nr 
truck is covered by ICC regulations ; air shipment 
are controlled by the CAA and water ship** 1011 * 



b\ the Coast Guard. Detailed regulations are pub- 
lished by the U.S. Bureau of Explosives. See Iso- 
l0 pF SEPARATION (STABLE ISOTOPES); RADIOArTIV- 

, iy; Radioisotope (assay) ; Tracfr, radioa* iivi. 

[ A.KRU.] 
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Radiolarian earth 

\ porous, earthy, unconsolidated sediment formed 
from the opaline silica skeletal remains of Radio- 
laria. It is formed from radiolarian oozes that ac- 
l urn ulate on the deep ocean floor. The indurated 
-(juiwilent with poies filled by silica is radiolarite 
l he color of the radiolarian earths and radiolarite^ 
h white and cream colored. Minor components in 
ridiolaiian earths are manganese nodules, shark 
tuth. and othei lesistant remains of vertebrates. 
Rudiolaritcs are known from Devonian to Tciti- 
( m age. See Chert; Radiolarida; Sedimentary 

H0( KS. | H.S. I 

Radiolarida 

\n or dei of marine protozoa in the class Actino 
poda also known as the Radiolaria. They have a 
mtr.il capsule separating the inner and outer <y 
fufilasm (see illustration). The Artipvlina (Acan- 
Muit ui ) have line axopodia and a thin central cap 
Mile penetrated radially bv skeletal rods typically 
nnt lining celestite (strontium sulfate). Other Ra- 
iliolanda have a thn ker capsule containing sev- 
ril to many pores Usually, siliceous skeletons ]je 
niNich the central capsule. Radiolarida are some 
tmn*s enc losed in a gelatinous sheath penetrated by 



^ Ca nfliometra, one of the Actipylina (after Moroff and 
f,Q sny), (From L. H. Hyman, The Invertebrates, vol. 1, 
kGraw-Hill, 19 40) 
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pseudopodia and skeletal elements. The vacuolated 
cytoplasm of these pelagic organisms facilitates 
floating. Their skeletons eventually sink to form de- 
posits of radiolarian ooze. Sinc e sedimentary rocks 
have been formed from such deposits, radiolarian 
skeletons are of value in geological correlation. 
See Ac tinopodea. [r.p.h.] 

Radiology 

The medical science concerned with radioactive 
substances, x-rays, and other ionizing radiations, 
and the application of the principles of this science 
to diagnosis and treatment of disease. 

Diagnostic radiology. This technology is based 
largely on the use of radiations, which are mainly 
x-rays, to study the anatomical configuration or 
functioning of body organs, but the use of radio- 
isotopes for diagnostic purposes may also be in- 
cluded. Many different techniques are employed in 
diagnostic radiology, but the following are the 
most common. 

Radiography is the making of shadow images on 
photographic emulsion by the action of ionizing 
radiation. The image is the result of the difToiential 
absorption of the radiation in its passage through 
the part of the body being radiographed. See Radi- 
ography. 

FJuoroscop) is the examination of the internal 
structure of a part of the body by passing a beam 
of ionizing radiation, which is usually x-rays, 
through it and viewing the image formed in a fluo- 
rescent screen by the transmitted radiation. This 
permits visualization of internal organs in motion. 
In some cases, such as gastrointestinal examina- 
tion, contrast can be increased bv administering a 
dense fluid, such as a suspension of barium sul- 
fate, to the patient. Other contrast media are used 
to visualize particular organs, such as the gall- 
bladder. Most of these media contain firmly bound 
iodine, which has a relatively high atomic number. 
A colloidal suspension of thorium dioxide (Thoro- 
tiast) gives very good contrast, blit is dangerous 
because it remains in the body for many years, and 
its nuclear radiations may eventually cause tissue 
damage and cancer in the organs in which it re- 
mains oi concentrate^. The danger in this case 
arises from the radioactivity of thorium and its 
daughter products, although this material is used 
because it has a high atomic number and not be- 
cause it is radioactive. Other contrast media may 
cause severe reactions in some patients for othei 
reasons. 

Photofluorugraphv consists in photographing the- 
visual image on the fluorescent screen usually with 
much reduction in size. There are many other tech- 
niques in diagnostic radiology with special names, 
indicating usually the organs under examination, 
such as angiocardiography (heart and great ves- 
sels), cholecystography (gall bladder), and others. 

Image intensification or amplification is brought 
about by special electronic devices which permit 
visualization of internal organs with x-ray beams of 
much lower intensity than are required in direct 
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fluoroscopy. This greatly reduces the dose received 
by the patient during an examination. The tech- 
nique has other practical advantages, mainly of 
convenience. 

The best example of the use of a radioisotope for 
diagnostic purposes is the study of thyroid function 
by determining the uptake of radioactive iodine 
(usually I ,u ) by the thyroid gland after the ma- 
terial has been administered orally to the patient. 
The accumulation of iodine in the thyroid may be 
determined by a suitable y-ray detector, such as a 
Geiger-Miiller counter, placed near the gland. 
More elaborate devices, such as electronic scan- 
ners, are used to determine the distribution of 
y-ray-cmitting isotopes in certain body regions or 
organs. 

Therapeutic radiology. Radiation therapy deals 
with the treatment of disease with ionizing radia- 
tion. The diseases most commonly treated aie can- 
cer and allied diseases. Radiation therapy has been 
found useful in the management of some diseases 
such as ringworm of the scalp, and bursitis, blit be- 
cause of possible seiious complications occurring 
many years later, the use of ionizing radiation is 
generally avoided if alternative methods of treat- 
ment are available. 

In cancer therapy, the objective is to destroy a 
tumor without causing irreparable radiation dam- 
age in normal body tissues that must of necessity 
be irradiated in the process of delivering a lethal 
dose to the tumor. This applies particularly to im- 
poitant normal structures in the vicinity of the tu- 
mor. The relative radiosensitivity of the tumor with 
respect to these normal structures is the chief fac- 
tor determining the success of the treatment. The 
effect of the radiation on the tumor and other tis- 
sues becomes apparent gradually, in a matter of 
weeks. During this latent period, a certain amount 
of recovery or repair mav also take place. 

The optimal differential between the effect on 
the tumor and the effect on normal tissues or the 
patient as a whole results from the proper adjust- 
ment of many treatment factors, which in general 
requires great clinical experience. The time factor 
is very important. This involves the administration 
of the therapeutic dose in one of three ways: 
(1) by one short treatment. (2) bv protraction as 
continuous irradiation over a long time, or (3) by 
fractionation in small repeated doses. The impor- 
tance of the distribution of radiation in the pa- 
tient’s body is obvious. Ideally, onlv the tumor 
should be irradiated, but this is impossible, for one 
thing, because in general there is infiltration of 
adjacent norma) tissues of unknown extent. If the 
radiosensitivity of the tumor is much higher than 
that of the surrounding normal tissue, the problem 
is relatively simple, but in general this is not the 
case. 

Various techniques have been devised to bring 
about a reasonable distribution of radiation in the 
region of the tumor. When x-rays are used for the 
treatment of deep-seated tumors, the beam must 


traverse a considerable thickness of normal ti&«s Ues 
To minimize absorption in these tissues, higher and 
higher voltage x-rays have been used. Supervolta! 
x-ray therapy makes use of x-rays produced at ^ ** 
era! hundred kilovolts (kv) to 2000 kv. Megavolt 
age x-rays range from a few to 70 megavolts (M v) 
Cross-fire treatment involves the use of rnore than 
one beam aimed at the tumor, but passing through 
different skin areas. Rotation therapy involves the 
ime of one beam constantly aimed at the tiiin ( , r 
while either the patient or the source of radiation 
is rotated about an axis passing through the < t-nte, 
of the tumor. When the source is rotated, loop 
2000 curies of cobalt-60 (Co M) ) are geneially nspf ] 
to provide a well-collimated beam of y-rays 
Curif ) . Fast neutrons, high-energy electrons and 
druterons. as external beams, have been used i„ r 
therapeutic purposes. Using radioactive sub 
stances, oilier techniques are possible. In the c dH 
of intracavitarv therapy, the source, in a suitable 
container, is placed within a body cavity in v\hi<h 
cancer i s present. In the case of intei st ilial rhei 
apv, many needlelike sources are dM riband 
throughout the tumor and removed at the c umpb 
tion of the treatment. Using radon, which has d 
short half-life, the sources mav be made into union 
seeds, which are verv small and mav he left m 
place permanently. Sources ni tantalum 1HJ 
(Ta ,s °) are sometimes used in a similar wa\ \i 
tempts to infiltrate a tumor with rudioactiye mi 
ferial in fluid form have not been ver* sun e^lul 
hut some good results have been obtained In imiil 
colloidal gold-108 in the treatment of < ancer ol tin 
prostate. The same material has been used lot tin 
palliative treatment of ascites tumors in the pint 
ral or abdominal cavitv. Phosphorus-32 has ben, 
found useful in the* treatment of polvc vthemia m.i 
and of leukemia, bv injection into the bloodslieim 
Iodine-131, which, when introduced into the 1»*. i\ 
bv anv loute. tends to concentrate almost entueb 
in the thvroid. is very effective in reducing the n/< 
and function of the thyroid in patients suffering 
from hyperthyroidism. Certain types of cancer ni 
the thvroid and metastases can be treated similar!' 
with radioac tive iodine, but the doses must he nnnli 
larger and the arrest of the tumor process is gen 
erilly temporary. 

Radiation therapy involving the production 
ionizing radiation within the tumor itself offer- 
some possibilities but has not been explored 
cienth. The method requires first the localization 
in the tumor of a substance that can be made to 
emit ionizing radiation by exposure to neutron* 
Boron-10 and lithium-6 are two such substance* 
Uranium might also be used, but the problem nl 
localization is more difficult. f GFj 

Radiometer, acoustic 

A device for measuring the intensity of * s0dn ^ 
waves in a gas or liquid. The oldest and simple 1 
piece of apparatus for measuring sound inten«oj> 1 
the Rayleigh disk. This consists of a thin di™ 0 



rj( j ]U , r get at a 45° angle to the direction of the 
' i beam. Such a disk experiences a torque r of 

magnitude 

r-| pr*i® 

w j lfrP p is the density of the medium and £ the 
)a rti(le velocity. This formula holds for wave- 
j P npth^ that are large compared to the diameter 
0 f the disk. The formula has been quantitatively 
under many conditions so that the Rayleigh 
( j h k offers a well-tried and useful method for the 
t alibrdtion of sound fields in air. 

fleiause of the high density of water, which is 
(omparablc with the density of the disk, the formula 
n ,e<b correction when used to measure sound in- 
tensity in water. A B. Wood has derived the for- 
mula 



in which rn„ is the mass of the disk, m„ the mass 
,f the water displaced by the disk, and m' = 
\U)p r' where p„ is the density of water. 

Other radiometers use the pressure of sound 
waves to deflect a spherical body Since the radia- 
h m pressure is p = 2 E, where E is the energy of 
the iMUistic wave per unit area, a direct measure- 
ment of this pressuie will determine the energv of 
j plane wave One of the most common tvpes of 
i oiMh radiometer is the torsion vane pendulum, 
dwh gives an angle of displacement proportional 
t the ladiation pressure. Although sound radi- 
nuteis are rather insensitive, they provide a ron- 
\<ment method for measuring the intensity of con- 
tinuous sounds of large amplitude. [w.p.m.] 

Radiometric assay 

\n analytical technique that includes procedures 
f«n measuring, bv tracer methods, elements which 
w not themselves radioactive It is particularly 
tic ful foi small quantities of inorganic ions or 
°niplex organic compounds. A typical procedure 
tuning sensitivities comparable to spectroscopy in- 
V( )l\es quantitative paper chromatography of traces 
'f metal, and subsequent exposure to hydrogen 
sulfide labeled with sulfur-35. Measurement of 
filiations from the highly insoluble radioactive 
'ulfides is more sensitive than color tests Complex 
° r £anic molecules are often treated with iodine- 
m 1< heled pipsyl chloride in this same manner. 

Jn radiometric titrations, a radioactive tracer is 
ll ^ to determine the equivalence point in a volu- 
aietru determination where a highly insoluble com- 
pound of definite composition is formed. At least 
° ne of the solutions used in the titration must be 
fdioactive because progress of the titration is fol- 
°* e d by plotting the radioactivity of the solution 
Versus volume of reagent added. The equivalence 
i Poi ut is determined by the intersection of two 
8rtu ght lines on this plot because a definite change 
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in solution activity appears after equivalent 
amounts of reagents have reacted. Submicrocurie 
levels of radioactive tracer suffice for most applica- 
tions. See Radiochlmistry; Radioisotope (as- 
say); Titration; Tracer, radioactive. |w.me.] 

Radiometry 

The detection and measurement of radiant electro- 
magnetic energy Conventionally, radiometry is 
concerned with infrared radiation. Generally, the 
devices used in radiometry can be, and are, used 
with visible light. However, the use of devices ap- 
plicable only to visible light is commonly excluded 
from the term radiometry For a summary of the 
methods used for detection and measurement of 
the electromagnetic spectrum as a whole, see Elec 
TROMACNFT ir RADIATION See also INFRARFD RADIA- 
TION, Photomvthy. 

In 1800, Sir William Hersthel studied the ability 
of sunlight to heat a sensitive mercury in-glass 
thermometer He detected radiation bevond the 
red end of the visible spectrum, hence the name 
infrared He also noted that radiation could he de- 
tected from moderately hot objects showing no visi- 
ble light Detec tors such as the thermometei 'which 
respond to the increase in temperature resulting 
from the absorption of radiant energv are termed 
thermal detec tors See Thfrmomfter 

As earlv as 1843, E Becquerel secured a photo- 
graphic effect with near-infrared radiation. The ef- 
fect does not depend upon a rise in temperature, 
but upon the freeing of a hound electron by the ab- 
sorption of a single quantum of radiation. Detec- 
tors utilizing this princ iple are termed quantum de- 
tectors, or photodetectors 

Thermal detectors. The merrury-in-glass ther- 
mometer is sluggish and relatively insensitive So 
also is the Crookes radiometer, which consists of 
two blackened vanes at the ends of a horizontal rod 
suspended from a fine quartz fiber in an atmosphere 
of air or other gas at about 0.1 mm Hg pressure 
Radiation absorbed by one of the vanes heats it, 
and gas molecules, recoiling with added momentum 
from the warm vane, tend to turn it about the sus- 
pension The Crookes radiometer survives in jew- 
elers’ windows as a “perpetual motion” device. 

Improvement in thermal detectors has been con- 
cerned with sec uring a large and rapid rise in tem- 
perature and high sensitivity in the detection of 
changes in temperature The temperature of any 
thermal detector will increase until the rate of loss 
of heat to its surroundings is equal to the rate at 
which radiant energy is absorbed. To secure the 
largest rise for a given radiation, the detector 
should absorb it as completely as possible; the loss 
of heat, by reradiation to its surroundings, by con- 
duction through its supports, and by gas conduc- 
tion and convection, must be as small as possible. 
The heat capacity of a thermal detector should be 
small so that a rapid rise in temperature will oc- 
cur. The area of the absorbing surface should be 
small to permit the measurement of narrow beams 
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of radiation . These criteria lead to detectors which 
arc very thin, with thin bJack coatings, supported 
commonly by two wires. Enclosing the detector in 
a vacuum decreases the heat loss, but requires a 
window capable of transmitting the radiation. 

The thermocouple, one of the oldest and still one 
of the best radiation detectors, produces an electro- 
motive force (emf ) when heated. The sensitive por- 
tion of a bolometer undergoes a change in resist- 
ance when heated. For a discussion of these de- 
vices, .see Bolomeu.k; Thfrmocouplf. 

The essential part of a Golav pneumatic radiom- 
eter. a type of thermal detector, is shown in the 
figure. An air- 01 gas-filled cell has at its center a 
radiation-absorbing film. The gas, heated by the ah 
sorption of radiation, expands and changes the 
curvature of the mirror. This mirror consists of 
a thin plastic film coated bv evaporation with a 
layer of antimony. A beam of light reflected from 
this mirror to a photocell permits slight changes of 
curvature in the mirror to he measured b\ means of 
changes in reflected light. The Golav (ell is in- 
tended for use in a chopped beam of radiation. 
(To secure the alternating potential desired for 
amplification, it is general practice to “(hop" the 
radiation with a rotating sector disk or by some 
other means. ) 

Quantum detectors. Photormissive cells and 
photomultipliers are presently of interest for visi- 
ble radiation, but do have limited applhation in 
the near infrared to about 1 /< (sec Phofotubv ; 
Pho i ott mi , MUL I ii*i if k ). Photoconductiv e (.ells 
using materials such as lead sulfide, lead sclenide. 
and lead tellunde are useful to 5 /i. Photoconduc - 
tive cells of single crystals of gold-doped germa- 
nium, cooled with liquid helium, are sensitive 
out to much longer wavelengths (see Phoiocon- 
Dt( ii\k Mil; Photodiodk; Piioioiransisior ) . 

Such quantum detectors have short time con- 
stants. pel rnittirig high (hopping rates, and arc su- 
perior to thermal detec tors for following rapidly 
changing radiation flux. Their sensitivity is more 
dependent on wavelength, and they are not oper- 
able as far into the infrared as are thermal detri - 
tors. 

Performance of detectors. Interest in detection 
and measurement of radiation arises in a great va- 
riety of circumstances for which a variety of detec - 
tors are suitable or adequate. For full sunlight, a 
ie( river of large area, consisting of a number of 
thermocouples in series and known as a thermo- 



Schematic diagram of the detecting part of a Golay 
pneumatic radiometer. 



pile, together with a simple galvanometer, may \ i{ 
adequate. For the radiation of a star, a single ther 
mocouple and an amplifier might be used. For 
rapid scanning of an infrared molecular spectrum 
a maximum of sensitivity and speed of response an 
desirable. 

The response of thermal detectors is generalh 
independent of wavelength over a range from the 
ultraviolet to wavelengths of the order of niagin 
tude of the dimensions of the receiver. Quantum 
detectors generally have maximum sensitivity in 
the visible or near-infrared regions, and are unn 
sponsive above a certain cutoff wavelength 
It might appear that amplification could he in 
creased as much as desired bv the use of an fin 
Ironic amplifier. However, as amplification of anv 
signal by any type of amplifier is increased, lamhm 
fluctuations in the signal (noise) alsc* will he in 
creasingly amplified For radiation dctei tmn tin 
limiting noise is not in the amplifier hut in flic (h 
tector itself Thermocouples and bolometejs an 
generally limited by so-called Johnson noise (abn 
tailed thermal noise) which caused bv therm n 
agitation of electrons and whic h has a magnitude 
given by 

e* ~ 4A77?(/, - /.) 

where c = root-mean-square (ims) noise voltage 
A = Bolt/mann constant 
T = absolute temperature 
R — electrical resistance* of detector 
(fi — /i) = frequency limits between which rms volt 
age is measured 

See Noisf, h t F( IKK ai . 

A commonly used measure of the sensitivity ,l 
detector is the noise-equivalent power, that 
watts of radiation which produce a response equal 
to the noise for an amplifier bandwith ()\ - /J 
1 cps. This and some other characteristics of thro 
kinds of thermal detectors are given in the acr<>m 
panving table. [ K 

Bibliography : W. E. Forsythe (ed.). Measut^ 
merit of Radiant Energy , 1937; D. E. Grav ( ed J 
Ameruan Institute of Physics Handbook , W'* 
R. A. Smith, F. E. Jones, and R. P. Chasmar. Tb 
Detection and Measurement of Infra-red R(^ ul 
tion % 1957. 
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Radiomicrometer 

instrument consisting of a combination of a 
thermocouple and a galvanometer, used for meas 
irin g quantity of infrared radiation The radio 
n iK rometer was invented by C V Boys in 1887 to 
avoid the limitations of a separate thermocouple 
and galvanometer However because it is delicate 
ind inconvenient it has virtually gone out of use 
Sk BoiOMFmt, ( 7 AI VANOMFTFR , RaDIOMFIRY 
1h»RMO(OUPLI [h wr ] 

Radio-wave propagation 

Hu means by who h radio signals are transported 
thioiigh space fiom a transmitting antenna to a re 
eivmg antenna Radio signals are electromagnetic 
wives which travel with the velocity of light and 
an he rc flee ted refrac tc d diffrac ted sc atteied and 
ihoibed Unlike visible light radio frequencies 
over manv octaves from about 10 ke to 60 000 Me 
(wavelengths from SO 000 in to OS cm) Since lie 
jnem > is an important parameter radio propaga 
I ,n c h irac tc iistic s vary over 1 wide range At llu 
Injur radio frequencies the similarity vvith vi 1 
1 1< light is evident At the lower frequencies the 
r nl in wives follow the surface of the e irth h\ 1 
mi hinisni ili it in geometric ll optics is uninipoi 
1 ml end ic I itive 1\ unknown 

I Ik power 1 idi cted from a tiansmitting antenna 
idininlv spi c d over 1 rclihvclv wide uc 1 As 
r<sult the power iv 1 1 1 ible it most receiving an 
mils is onlv 1 veiv small fiaction (10 s 10 1f 01 

I I nl the 1 uliatecl powei llu pnncjpil function 
liidiowavc proprgdtion malv^is is to in ike possi 

1 1 < < slim ltion ol llu c \pe< fed tc c c ived powe r in 01 
] 1 In predie t the usefulness of a iddio signal at 

II \ Inc ition remote from the transmitter For a dis 
"inn of antenna radiation s< e Anting A ( vi 

\i s < c also 1 1 m 1 Rom \e M ric radiaiion 



Transmission range of electromagnetic waves 



earth 


Fig 2 Possible transmission paths between two an 
tennas 

Tv pie al distances that e an he ae hieved with usual 
tvpes of equipment are shown in Fig 1 The fre 
qne 11 c u s around 20 kc e in he reeeiveel re hahlv at 
distances of thousands of miles hut are limiltd to 
te le gi iph tv pe sign ils indie quire vrrv laige trails 
mittm^ ante nn is lli^hti frequencies are needed 
lor voice and still higher frequencies are needed 
leu television ti insnnssion As the fiequencv in 
cieises the transinissjon range decreases Friquen 
ties above 100 Me can transmit wide band signals, 
but tliev are limited to approximate 1\ line of sight 
distances with the usual tvpe of equipment How 
eve 1 distinct of 200 milts 01 more ue possible 
b\ the use ot high powei and laige antennas to pro 
vide nariow 4 se ai rhlight^’ beams 

Reflee lions from the ionosphere (ionized lavers 
SO 200 miles above the earth’s surface) provide a 
useful hul variable longdistance seivuc at fie 
quene it s less than about $0 Me These re flections 
le count ior the long range hioadeast eoveiage at 
night uul for llu short wave mteie ontmental com 
mimic ahon See Ionosphfhf 

I he principal eomponents of the received tadio 
signal an -hown symbolic a 11 v in Fig 2 The vector 
sum of the direct reflected and surface waves has 
been called the spate wave ground wave 01 tiopo 
spheric transmission to differentiate it from the ion 
osphenc reflections I he ionospheric and surface 
wave are the principal components at frequencies 
below 10 10 Mr The dneet and rejected ia\s are 
the pi liu ipal fa< tors at freeiuenc ies above TO TO Me 
While the ionospheric direct and ground reflected 
waves can be easily visualized the surface wave is 
mote diffic ult to understand, it is a “correction fae 
tor” that arises because the eaith is not a perfect 
reflee tor 

Line-of-sight transmission. This is the first anu 
simplest concept in radio wave piopagation Radio 
tiansmission in free space results in a decrease m 
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energy per unit area in accordance with the inverse- 
square law (see Inverse-square law). The ratio of 
the transmitter power to the received power is 
called the radio transmission loss, and for nondirec- 
tional antennas in free space, it is Pt /Po = 
(47rd/A.) 2 , where the distance d and wavelength A. 
are expressed in the same units. Here, Pt is the 
transmitted power and Po is the power received un- 
der free space conditions. 

Ground effects. The presence of the ground af- 
fects the generation and propagation of radio waves 
so that the received power is ordinarily less than 
would be expected in free space. At low frequen- 
cies (or when one or both antennas are connected 
to earth), the received power P/ { is less than the 
free space value by the fi action 


Pr A? 
Po K d I 


( 1 ) 


The factor K is greater for vertical polarization of 
the waves than for horizontal polarization and i^ 
greater for transmission over sea water than for 
transmission over dry land. 

At frequencies in the television band and higher, 
both the transmitting antenna and the receiving 
antenna are usually several wavelengths above the 
ground, and the power Pr received over flat earth is 
given by 


Pr 

Po 


2 sin 


27r/li/l2 
A d~ 


|2 


( 2 ) 


where hi and /?j are the antenna heights in the same 
units as the wavelength and distance. 

At still higher frequencies, that is. in tin* micro- 
wave region, the irregularities in the surface of the 
earth are frequentlv large compared to the wave- 
length, and the magnitude of the reflection coeffi- 
cient becomes substantially less than unitv (see 
Rf.I EEC TION AND TRANSMISSION ( OKU It IF NTS ) . As 
the reflected wave is weakened, radio propagation 
approaches free space transmission. 

Fading. Variations in signal level with time are 
caused by changing atmospheric conditions. The so 
verity of the fading usuall> increases as either the 
frequency or path length increases. The path of a 
radio wave is not a straight line, except for the 
ideal case of a uniform atmosphere The transmis- 
sion path may be refracted up or down depending 
on atmospheric conditions. This bending may either 
increase or decrease the effective path clearance 
and unfavorable (inverse) bending may have the 
effect of transforming a line-of-sight path into an 
obstructed one. This type of fading may last for 
several hours at a time. The frequency of its occur- 
rence and its depth can be reduced by increasing 
the path clearance, particularly in the middle of 
the path. 

Most of the fading that occurs on “rough” paths 
with adequate clearance is the result of interfer- 
ence between two or more rays traveling slightly 
different routes in the atmosphere. This fast multi- 


path type of fading is relatively independent 0 f 
path clearance. 1 

Most fading is a temporary diversion of ener 
to some direction other than the expected location 
but absorption effects are important in the mi ( r 0 
wave region. At frequencies above 5000- 10,000 Me 
the presence of rain, snow, or fog introduce. an 
absorption in the atmosphere that depends on q, 
amount of moisture and on the frequency. At frv 
quencies higher than 15,000 20,000 Me. the d( y] 
rional attenuation caused by heavy rain tends to 
limit the path length to only a few miles, if 
reliability is required. In addition to the effect oj 
rain, some .selective absorption may result from the 
oxygen and water vapor in the atmosphere. The fust 
absorption peak due to water vapor occurs at about 
24,000 Me and the first absorption peak for oxygen 
occurs at about 60,000 Me. See Absorption (iim 

TROMALNMK RADIATION). 

Beyond-horizon transmission. This tvpe < an h> 
achieved bv three principal methods: refraction 
diffraction, and reflection. When these effe<ts arc 
intermixed and cannot be separated easily, the hi 
ergy is said to be scattered. 

Refraction. The dielectric constant of the atrium 
phere normally decreases gradually with in< tea^m^ 
altitude. The result is that, on the average, the radio 
energy is bent or refracted toward the earth so that 
the radio horizon is slightly greater than the npij 
cal horizon. Since the amount of lefraction van 
able, exceptionally Jong range transmission ma\ <>< 
cur occasionally. The corresponding phenomenon 
in optics makes visible lights or other objec ts that 
are normally below the horizon. Conversely, when 
the radio energy is bent awa\ from the earth un 
verse bending), the transmission loss is im reined 
See Refraciion oi waves. 

Diffraction. Radio waves are also transmuted 
around the earth hv the phenomenon of diffraction 
Diffraction is a fundamental property ot wave rno 
tion which indicates that the transition from li^l* 
to dark at the edge of a shadow is gradual ratlin 
than infinitely sharp. The amount of energy dif 
fracted around an obstruction decreases as the fie 
quency is increased. Typical obstructions include 
hills, trees, and buildings, as well as the curvaluu 
of the earth. See Du hRA< tion. 

Most of the experimental data at points far 1 
yond the horizon are intermediate between the 
values expected for diffraction over a smooth spbeie 
and for diffraction over a ridgelike obstruction 
Various theories have been advanced to explain 
these effects, but none have been reduced to a sini 
pie form for everyday use. The explanation nioU 
commonly accepted is that energy is reflected or 
scattered from turbulent air masses. At point 4 * far 
beyond the horizon, the long-term median s ig na 
level decreases as the first power of the frequent' 
and as the seventh or eighth power of distance 
While useful signals can be obtained at distant^ 
of 200 miles or more at all frequencies up to t e 
5000-10,000 Me limit set by rain attenuation. 



t, mum frequency range is below 1000 Me for 
t appb rat ’ ons * The so-called beyond-horizon or 
(fopo^pheric-scatter circuits require very high power 
in d laigc antennas, but are economically feasible 
tsolated areas and for over-water paths. Rapid 
1 uiing occurs nearly all of the time, but with ample 
jading margin and the use of diversity reception. 
},j4i quality and high reliability can be obtained. 
j[ h possible to transmit one hundred or more voice 
(hanncls on a single radio carrier. It is also possible 
, 0 provide an acceptable grade of monochrome tele- 
vH0I1 <>n a single link of about 150 200 miles. 

Reflection. Ionospheric reflections return to earth 
, hP j u l ladio energy at frequencies up to 25 Me 
1M d yiossiblv up to 60 Me. Information about the 
nature of the ionosphere has been obtained bv 
iiansinitting radar-type signals directly overhead 
ind bv lecording the intensity and time delay of tlie 
p,l 1( ,es returned from the ionized layers. At night, 
ill frequencies below the critical frequency of 2 4 
\1( (for vertical incidence) are returned to earth 
isith a received power that is close to the value 
ih it would he expected in free space for the round 
tup distance. During the day, the ciitical fre- 
quent \ is 2 5 times grealei than the corresponding 
niiiht value. This apparent inn ease in useful 
linpuncy range is largely offset by the strong day- 
time ionospheric absorption which reaches a maxi- 
mum in the 1 2 Mt range at about noon. The differ 
iiiif between dav and night transmission means that 
must sky-wave (ircuits require two or more fte- 
iiiimk ies for reliable servir e at all hours. 

I m oblique im idenee. the maximum usable fre- 
(iii(iii v fMUF) is greater, but even at the longer 
ilMames. it does not exreed .1 5.5 times the criti- 
i il Irerpienev for vertical incidence at that time. 
H i Min and latitude. 

llic frequencies most suitable for transmission 
‘>wm distances of 1000 miles or more will ordinarily 
not be reflet ted at the high angles needed for much 
diMriei distances. As a result, lire range of sky- 
w av o transmission usuallv does not overlap the 
1 nine of ground-wave transmission, and the inter- 
mediate region of very weak or undetectable sig- 
iuils is < ailed the skip zone. At frequencies around 
1 2 M< . the ground wave and sky wave mav overlap 
'Hth the result that severe fading occurs in the 
^juon where the two signals are comparable in 
»rn plitude. 

In addition to the diurnal variations, there are 
"Wematir changes with season, latitude, and the 
^ ' f, «tr sunspot cycle. For example, on a summer 
n, rdit m middle latitudes during a year of low sun- 
"P°t activity, the MlIF for the longest distance may 
^ limited to less than 7 8 Me. On the other hand, 
during; a year of high sunspot activity, the corre- 
"P'mding MUF for a winter afternoon may be 
10 Mr or higher. 

In addition to the normal daytime absorption, 
j s a seron( J typ e 0 f absorption which can 
,,(cilr either day or night and which is particularly 
tn mblesome °n transmission paths that travel near 


Radio-wave propagation 321 

or through the polar regions. During periods of 
magnetic storms, the auroral zones expand over an 
area much larger than normal, and thereby disrupt 
communication by introducing unexpected absorp- 
tion. These conditions of poor transmission can last 
for hours and sometimes even for days. 

In addition to the regular ionospheric reflections, 
strong signals sometimes occur at frequencies as 
high as 60 70 Me from the E layer, which is a re- 
gion of relatively high ionization located about 50 
70 miles above the earth’s surface. These reflec- 
tions are known as Sporadic E signals because they 
are erratic- in both lime and spare. 

All ionospheric circuits are subject to rapid 
multi path fading with echo deluvs up to several 
milliseconds. These delays are about 10,000 limes 
as long as for tropospheric transmission. As a re- 
sult of these relatively long delays, uncorrelated 
selective fading can occur within a few hundred 
cycles; this produces the well-known distortion on 
voice circ uits that is characteristic of short-wave 
transmission. 

Scatter transmission. As the frequency is in- 
creased above that normally- reflected from the 
ionospheie, the signal intensity decreases , rapidly, 
hut il does not drop out completely. Although the 
signal intensity is Jow, reliable transmission can be 
obtained at frequencies up to 50 Me or higher and 
to distances up to at least 1200 1500 miles. Such 
ionospheric si atter circ uits require much higher 
power and large? antennas than are ordinarily used 
in ionospheric transmission Ionospheric matter 
transmission is suitable for c ontinuous tiansmission 
of a few telegraph c hannels or for one voice circuit, 
but the useful bandwidth is limited by the severe 
selective fading that is characteristic of all iono- 
spheric transmission. Ionospheric scatter is ap- 
parently tlie result of reflections from many patches 
of ionization in the E legion 

Momentary peaks () f the ionospheric- scatter sig- 
nal intensity cm cur eveiv few seconds and seem to 
he the result of the relatively strong ionization 
produced by the passage and disintegration of 
small meteors. Meteor-hurst communication trans- 
mits information only during the peaks and is 
silent when the signal intensity is significantly less 
than its maximum value. The required transmitter 
power is much less than for ionospheric scatter 
systems, but the meteor-burst method is limited to 
discontinuous tcJcgraph-ty pe messages of relatively 
low information capacity. 

Noise. The usefulness of a radio signal is limited 
by noise. The noise mav be either unwanted exter-* 
nal interference or noise originating in the receiver 
itself. Atmospheric static is caused by lightning or 
other natural electrical disturbances and is propa- 
L gated over the earth by ionospheric transmission. 
Atmospheric static is generally higher at night than 
in the daytime and is higher in the warm tropical 
areas, where storms are frequent, than in the coldefr 
northern regions. Atmospheric static is ordinarily 
predominant at frequencies below a few mega- 
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cycles, while set noise is the primary limitation at 
frequencies above 200 to 500 Me. In the inter- 
mediate region, the controlling noise depends on 
location and time of day, and may come from man- 
made sources such as the operation of electric 
switches or automobile ignition noise. 

The very low frequency components of lightning 
discharges are propagated along lines of magnetic 
force to the antipodes, giving rise to a phenomenon 
known as whistlers. Cosmic and solar noise are of 
considerable interest in the field of radio astronomy, 
but ordinarily are not the controlling factors in 
communication. See Noise, electrical; Radio 
astronomy; Sferics; see also Microwave; Radio 
broadcasting; Scattering (electromagnetic 
radiation) ; Transmission theory and methods; 
Wave guide. f k.b.] 

Bibliography: K. Bullington, Radio propagation 
at frequencies above 30 Me, Proe. IRE , 35(10): 
1122-1136, 1947; K. Bullington, Radio propaga- 
tion fundamentals. Bell System Tech. 36(3): 
593-625, 1957; Collected papers on scatter propa- 
gation, Proc. IRE , 43(10) :1 173-1526, 1955; 

L. R. 0. Storey, Whistlers, Sci. American , 194(1) : 
34 37, 1956. 

Radish 

A cool-season annual or biennial crucifer (Rapha- 
nus sativus) of Chinese origin belonging to the 
plant order Papaverales. The radish is grown for 



Radish, Raphanus sativus. (From L. H. Bailey , ed ., The 
Standard Cyclopedia of Horticulture , vo I. 3, Macmillan , 
1937 ) 

its thickened hypocotyl. Propagation is by seed. 
Varieties are classified according to root shape and 
season or time of maturity. Colors include red, 
yellow, white, black, pink, and red-white combina- 
tions. Popular varieties are short-season (21-25 
days). Early Scarlet Globe and Comet; medium- 
season (30 50 days). Crimson Giant; and long- 
season or winter varieties (50 70 days). Black 
Spanish. Commercial production, largely of the 
round red short-season varieties, is primarily in the 
field, but radishes are also produced commercially 
in greenhouses. Harvesting by hand or machine 


begins when the roots are approximately j n 
in diameter, often only 21-23 days after planting 
See Papaverales; Vegetable growing. |h.j. C ] 

Radium 

A chemical element, Ra, atomic number 88, and 
atomic weight 226.05. Radium is a rare radioactive 
element found in uranium minerals in the ratio 

Vlio G 



1:3,000,000. Chemically, radium is an alkaline- 
earth metal having properties quite similar to 
those of barium. Radium is important be 
cause of its radioactive properties and is u^l 
piimarily in medicine for the treatment of cancer 
in the manufacture of self-luminous paints, m 
atomic-energy technology for the preparation of 
standard sources of radiation, as a source for ar 
tinium and protactinium by neutron bqpibardmont 
and in certain metallurgical and mining industius 
for prepaiing gamma-ray radiographs. 

Properties and uses. Biologically, radium he 
haves jris a typical alkaline-earth element, comen 
t rates in bones bv replacing calcium and, as a re 
suit of prolonged irradiation, causes anemia and 
cancerous growths. The tolerance dose for the a\ 


crage human being has been estimated at a total 
of 1 microgram of radium fixed within the bodv. 

Because the radiations from radium and its de 
cay products preferentially destroy malignant tis- 
sue, radium has been used to check the growth of 
cancer. For this use pure radium compounds are 
sealed in tubes or needles; or radon, the gaseoic 
decay product of radium, is pumped into small 
tubes. Radon is safer to administer and its ver\ 
short half-life decreases the danger of overexpo 


sure. 

In industrial radiography radium sulfate is g cn 
erally sealed within concentric spheres or cylinders. 


the inner one of silver and the outer of aluminum 
or steel. In each container the quantity of radium 
ranges from 25 to 1000 milligrams. Radiographs 
are used to determine the thickness of the catalW 
bed in petroleum cracking units, for the detection 
of internal flaws in metal castings and other solids- 
and in the continuous measurement and control o 
the thickness of metals such as copper, aluminum* 
brass, and tin in rolling mills. 

The use of radium in luminescent paints 
watch, clock, and meter dials, and signs visible m 
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foe dark depends on its a-radiation striking a scin- 
tillator such as zinc sulfide. A standard neutron 
source for use in research, in analyses of materials 
|,v neutron activation, and in the radio-logging of 
()1 1 w ells is prepared from mixtures of radium and 
bcnllium. Some industrial static eliminators contain 

radium. 

Occurrence. Thirteen isotopes of radium are 
known (Table 1) ; all are radioactive; four occur 
naturally; the rest are produced synthetically. 
Onlv Ra 226 technologically important. It is dis- 
tributed widely in nature, usually in exceedingly 
.mall quantities. The most concentrated source is 
pin hblende, a uranium mineral occurring in large 
deposits in the Congo Republic, Canada, and else- 
where, and containing about 0.4 gram of radium 
per ton of uranium. Lower concentrations are 
found in numerous other minerals such as carnotite 
hom the Colorado Plateau. Detectable traces of 
radium are found in river, ocean, and other natural 

liters. 

Metallurgy. Tn the processing of pitchblende for 
- ranium, radium is usuallv recovered with barium 
a. sulfates in an acid-insoluble residue. A simpli- 
fied. but typical method for the extraction of ra- 
dium from this residue is shown in the illustration. 
Uter Ireatment with a hot concentrated alkali car- 
bonate solution to remove sulfate and the ampho- 
ti ric metals, the resulting carbonate filter-cake is 
dissolved in dilute hydrochloric acid. The solution 
is treated first with hydrogen sulfide to remove in- 
soluble sulfides, next with ammonia to eliminate 
metal hvdroxides, and finally with sulfuric acid to 
npiecipitatc the sulfates free of acid-soluble im- 
purities. Additional purification is obtained by rep- 
e* it ion of the above cycle. Finally, the barium and 


Table 1. Radium isotopes 



Occur- 

Type of 


Energy of radiu- 


rence 

decay 

Half-life 

tion, Mev 

:n 

Synthetic 

a 

2 7m 

6 00 

:v) 

Synthetic 

a 

~0 001s 

8.0 

3 

Synthetic 

ct 

0 03s 

7 13 

::i 

Synthetic 

a 

30s 

6 71 

222 

Synthetic 

a 

38s 

6.51 

223 

Natural, 

a 

11. 2d 

5.730 (9%), 5 704 


AcX 



(53%), 5 596 
(24%), 5 528 
(9%). 5 487 (2%), 
5.419 (3%) 



y 


0.026-0 44 

22 1 

Natural, 

a 

3.64d 

5 681 (95%), 


ThX 



5 448 (4.6%), 
5.194 (0.4%) 

225 


y 


0.241 

Synthetic 

0’ 

14. 8d 

0.31 

226 

Natural, 

11a 

a 

1622y 

4.791 

227 

y 


0.186 

Synthetic 

r 

41.2m 

1.31 

228 


y 


0.291, 0.498 

Natural, 

0- 

6.7y 

0.012 


MsThi 


229 

230 

Synthetic 

y 

/*-(?) 

— lm 

0.03 

? 

Synthetic 

0 - 

lh 

1.2 


Table 2. Physical properties of radium 


Atomic number 
Atomic weight 
Valence states 
Specific gravity 
Melting point 
Moiling point 
Ionic radius, Ra' f+ 

Atomic parnehor 
Dorom position potential f 
lleat of formation of oxide 
Magnetic susceptibility 


88 

226.05 
0, +2 

6.0 at 20°C 
700°C* 

-dl40°C 

2.45 A (estimated) 
~140 

1.718 volt 
130 k cal /mole 
Feebly paramagnetic 


* Value of 960°C has also been reported, 
t Of normal solutions of radium salts with respect to 
the normal calomel electrode. 


radium are separated from each other by fractional 
crystallization until radium bromide of at least 
90 r f purity is obtained. 

The winning of the free metal from its com- 
pounds has been achieved by electrolysis of a ra- 
dium chloride solution using a mercury cathode and 
a platinum-iridium anode. The resulting amalgam 
is thermally decomposed in a hydrogen atmosphere 
leaving a residue of pure radium metal. 

When freshly prepared, radium metal has a 
brilliant white metallic luster. Some of its .physical 
properties are shown in Table 2. Chemically, the 
metal is highly reactive. It blackens rapidly on ex- 
posure to air because of the formation of a nitride. 
Radium reacts readily with water, evolving hydro- 
gen and forming a soluble hydroxide. 

Principal compounds. When first prepared, 
nearly all radium compounds are white, but they 
discolor on standing because of the intense radia- 
tion. The radiation causes a purple or brown color- 
ation in glass on long contact with radium com- 
pounds. Eventually the glass crystallizes and be- 
comes crazed. Radium salts ionize the surrounding 
atmosphere thereby appearing to emit a blue glow, 
the spectrum of which consists of the band spec- 
trum of nitrogen. Radium compounds will dis- 
charge an electroscope, fog a light-shielded pho- 
tographic plate, and produce phosphorescence and 
fluorescence in certain inorganic compounds such 
as zinc sulfide. The emission spectrum of radium 
compounds is similar to those of the other alkaline 
earths; radium halide imparts a carmine-red color 
to a flame. 

All known salts of radium are isomorphous with, 
and similar to, the corresponding barium salts. Ra- 
dium forms a sparingly soluble sulfate, chromate, 
carbonate, and iodate, whereas the chloride, bro- 
mide, nitrate, and hydroxide are soluble in water. 
Most radium compounds are more insoluble in wa- 
ter than the corresponding barium compound, the 
notable exceptions being the carbonate and hydrox- 
ide. A nearly specific reaction for radium is the 
precipitation of the nitrate from 80% nitric acid. 
This separates radium quantitatively from all met- 
als except barium, strontium, and lead. Because of 
its chemical similarity to radium, barium is fre- 
quently used as a carrier for minute quantities of 
radium. The separation of these two elements is ex- 
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Extraction of radium from pitchblende residues. 

treinelv difficult, and it requires fractional crystal- 
lization or precipitation, ion exchange, or solvent 
extraction with chelating agents. The greatest sepa- 
ration per fractionation step is obtained with the 
bromides or chromates, somewhat less with chlo- 
rides and carbonates, and only slight separation 
with the sulfates and nitrates. Complete separation 
of radium from barium and other metallic impuri- 
ties has been accomplished by ion exchange on 
synthetic organic resins, but the method is not eas- 
ily adapted to the separation of macro quantities of 
radium because the intense radiation causes the 
degradation of the resin which usually results in 
the formation of insoluble radium compounds 
within the ion-exchange column. 

Analysis. Large samples of pure radium are as- 
sayed by weighing the chloride or bromide after fu- 
sion to remove water, by y-ray counting and com- 
parison with standard samples, provided that all 
samples are nearly at radioactive equilibrium, or 
by calorimetric measurements. Small samples of 
carrier-free radium may be analyzed by o-ray 


counting after separating or making correction f 0r 
the a-emitting activities of daughter elements or 
by use of an a-ray spectrometer, an instrument 
which separates «-rays of different energies and 
permits the determination of only those produced 
by radium. Radium samples in any state of p ur j t> 
may be analyzed by the classical emanation method 
which depends on the separation and determination 
of radon. Although the method is indirect, it i s ev 
tremely sensitive. See Alkalinf.-earth metals- 
Nuclear reaction; Radioactive minerals; r a . 
dioactivity; Radon. Im.l.s.] 

Bibliography ; K. W. Bagnall, Chemistry of the 
Rare Radioelements , 1957 ; S. B. Schwind and F. K 
Croxton, Radium , A Bibliography of Unclassified 
Literature , U.S. Atomic Energy Comm. T1D-363 
1950. 

Radius 

A line segment that joins the center of a circle 
with any one of its points. If r denotes the length 
of a radius, the length (circumference) of a cirri/ 



Circle with radius r, and inscribed regular hexagon 

is 2irr , and the area enclosed is tt r 2 . The radius of 
a circle mav be marked off on the circle 6 timr^ 
as a chord, and a regular hexagon obtained. V* 
Circle. 

Radius of gyration 

A relation of the area or mass of a figure to it* 
moment of inertia. If / is the moment of inertia 
about a line of a figure whose area is A , the figure 
radius of gyration with respect to that lia p ^ 
k = +VT/X. Accordingly, / * k 2 A. For a fi& ure 
of mass M y k - W\/M ; I = k 'M. In these equa- 
tions, k is measured in length units such as \ee\ 
Geometrically similar figures have equal radii « 
gyration about corresponding centroidal axes. 

If the radius of gyration of a figure with 
to an axis is k and with respect to a par * 1 ' e 

centroidal axis is A, k' 1 = A: 2 4- D- where D 
distance between the parallel axes. See MomfNT 
INERTIA. [N.S.M 
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Radome 

^ strong, but electrically transparent, thin shell 
j t0 house a radar antenna. The shell must be 
l, r( re enough not to interfere with the scanning 
motion of the antenna. In airborne radar the radome 
events the antenna from upsetting the airplane 
r ^sile^ aerodynamic characteristics and pro- 
(ut „ the antenna against aerodynamic forces. Ship- 
board radars frequently require radomes to protect 
them against wind and water damage and blast 
p,pssnies from nearby guns. Large land-based 
radars are usually shielded by radomes, especially 
]n ^\ere < limatic conditions 
\ ()11 p of the materials available for radomes 
vi-sesscs a dielectric constant equal to that of the 
,lmosphcre. The resulting impedance mismatch 
ju-e- i ('flections at the inner and outer faces of 
ll 1( s h( II In particular, if the shell thickness is a 
substantial fraction of the earlier wavelength the 
n flections fiom the inner and outer faces may 
rMM fu(C cau-ing a standing wave between the 
r I'lonie and the antenna. This affects the antenna 
piped ui( c in a variable manner as it scans and mav 
heinge the load on the magnetion sufficiently to 
( )iil| its frequency out of the pass hand of the 
miivi r The standing wave mav also distort the 
mtcniia pattern producing undesirable side lobes 
iimI dunging the (mentation of the main beam 
] i llhc mioie the i effected powei is not trans- 
mit!! d theiefoie the effective powei output is 
Kilintd Sec TRANSMISSION I HtORY AND MU HODS 
SiveraJ means are employed to prevent reflec 
turns If the shell is ven thin compared to the c ar- 
r u i wavelength the icflec turns fiom the inner and 
util hues aie almost a half < vc le out of phase 
ind cancel each other This condition < an he oh 
timed easily at frequencies below and including 
1 hand or in the uncommon situations in which 
i wn thin, weak radome can he employed. Alter- 
nctivelv if the shell thiekness is an integral number 
»t half wavelengths, the reflections from the inner 
and outer faces cam e] each other: this arrange 
punt is trequentlv employed Numeious multilayer 
ind sandwirh-tvpe radomes have been developed 
in the reasonably sue c essful attempt to combine the 
[impel ties needed for cancellation of reflections 
"ith mechanical stiength, stiffness, and lightness 
additional requirement is that the radome 
matenal not cause so much loss as to subtract 
substantial power from the waves passing through 
,r A number of available materials satisfy this 
rt Mirement and also possess chemical and me- 
r Hdnical properties for ease of forming and produc- 
tion Most of these are organic high polymers, such 
d ^sins, rubbers, and fibrous material. Fine glass 
' dr n is also employed. Since the usual production* 
r, m is small and specialized, radomes are produced 
either by drawing large flat sheets to the desired 
^ a Pe, m the case of single-layer radomes, or by 
l° w ptessure molding and bonding in the case of 
Multilayer and sandwich types. See Radar. 

fR T.R.] 


Radon 

A chemical element, Rn, atomic weight 86. Radon 
is produced as a gaseous emanation from the 
radioactive decay of radium. The element is highly 



radioactive and decays by the emission of enetgetic 
o-partic les 

Radon is used loosely as the name of • lement 
86 and all its isotopes (symbol Rn), although the 
name emanation (symbol Em) is sometimes pre 
feired for the element The element radpn is the 
hea\ iest of the noble, or inert, gas group and as 
such is characterized by chemical inertness All 
isotopes are radioac tive with shoit half-lives 

Occurrence and synthesis. Radon is found in 
natural sources only because of its continuous re- 
plenishment from the radioactive decay of longei- 
lived precursors in minerals containing uranium or 
ihoTium. Radon (mass number 222. half-lite 8 82 
days) occurs in the uranium-radium seiies, thoion 
(mass number 220, half-life 54.5 sec) is a membei 
of the thorium family; and actinon (mass numbei 
210. half-life, 3 92 sec) is found in the actinium 
series All three decay by the emission of ener- 
getic cv-paitic les. Thoron was discovered m 1899 
by R. B. Owens and E. Rutherford who noted that 
some of the radioactivity of thorium preparations 
could be removed in a stream of gas. F. E. Dorn 
discovered radon in radium preparations in 1900. 
and F. 0 Giesel observed the formation of actinon 
in actinium compounds about 1902. The lemaika- 
ble continuous formation of ladioactive gaseous 
emanations m such samples did much to stimulate 
thinking on the true nature of radioactivity in the 
early study of natural ladioactivity. 

The radon formed in minerals is largely trapped 
within the mineral, but some diffuses out Radon is 
detected in surface waters and in streams. The 
atmosphere near the ground contains radon which 
has seeped from soil and rocks, all of which con- 
tain minute traces of uranium. 

In addition to the three natural isotopes. 14 iso- 
topes have been synthesized by nuclear reactions of 
artificial transmutation m cyclotrons and linear 
accelerators, but none of these is as long-lived as 
Rn 222 . The most stable of them is Rn** 11 , one-half 
of which disintegrates in 16 hours. It is certain that 
no isotope of radon will ever be found which is 
stable or long-lived. See Niulfar fraction. 
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Properties. Any surface exposed to Rn 222 be- 
comes coated with an active deposit which consists 
of a group of short-lived daughter products, includ- 
ing radium A, B, C, C', and C". The radiations of 
this active deposit include energetic /?-, and y- 
rays. Particularly noteworthy are the penetrating 
y-radiations of RaC which are of practical use in 
radiotherapy, radiography, and other purposes. In 
medical applications, it is common practice to 
keep a source of radium in some vessel from which 
the radon can be removed, purified, and compressed 
into a small glass or metal tube which is then 
sealed and removed. Such radon tubes (also re- 
ferred to as needles or seeds) may be placed near 
diseased tissue. The penetrating radiations of the 
active deposit formed within the tube then irradiate 
and destroy the diseased tissue which typically is 
more radiosensitive than the surrounding normal 
tissue. Many treatments of this type have been re- 
placed by more successful medical treatments, but 
in certain cases, such as cancer of the cervix uteri, 
this method has worked well. 

The ultimate decay products of radon following 
the rapid decay of the active deposit include ra- 
dium D (lead-210), polonium and, finally, stable 
lead-206. Thoron and actinon also lay down an ac- 
tive deposit on surfaces exposed to them, but tho- 
ron, actinon, and their decay products have not had 
the same general interest and usefulness because of 
their shorter lifetimes. 

When sealed into a tube filled with beryllium 
powder, radon has some usefulness as a laboratory 
source of neutrons. 

Radon possesses a particularly stable electronic 
configuration (5s 2 5p 6 5d 10 6s J 6p 6 ; ^So) which gives 
it the chemical inertness characteristic of noble- 
gas elements. Therefore, the only chemical form 
known is the free element. Its properties are 
those to be expected by extrapolation from the 
other noble-gas elements, helium, neon, argon, kryp- 
ton, and xenon. Some physical properties are the 
following: boiling point — 65 °C; melting point 
variously reported as — 71°C and — 113°C; ioniza- 
tion potential, 10.6 electron volts (ev) ; ionization 
potential of Rn + ion, 19.9 ev The spectrum of radon 
has been extensively studied, and resembles that of 
the other inert gases. Radon is readily adsorbed on 
charcoal, silica gel, and other adsorbents, and this 
property can be used to separate the element from 
gaseous impurities. The radon is desorbed from 
charcoal by heating to about 350°C. Radon is ap- 
preciably soluble in water and in organic liquids. 

Analysis. Radon samples can be analyzed by di- 
rect gas counting of a-particles in an ionization 
chamber; extremely minute amounts can be meas- 
ured in this way. Radon can also be determined 
by measuring in suitable counters the y-radiation 
of its short-lived daughters. Millicurie amounts 
can be estimated by comparing the strength of the 
y-radiation with that from a calibrated radium 
standard. See Inert cases; Nuclear radiation 
(biology) , Radioactivity. [e.k.hy.] 

Bibliography : K. W. Bagnall, Chemistry of the 
Rare Radioelements , 1957. 


Raffinose 

The best known trisaccharide (oligosaccharid \ 
widely distributed in higher plants. Sugar b * ’ 
contain about 0.5% of this sugar. The best 
sources are cottonseed meal and the manna of £ * 
calyptus . It is also known as melitose, melitri< )8 e 
gossypose, and O-ar-D-galactopyranosyl- ( 1 ^ ) 

O-a-D-glucopyranosyl- ( 1 2)-/J-D-fructof U rano&]d e 

This trisaccharide is nonreducing; it crystalh 7 v 
from aqueous alcohol or acetic acid as the p enta 
hydrate; melting point 80°C; [c*]™ +1052° (,* 
water). See Oligosaccharide; Optical activity 
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Complete acid hydrolysis gives 1 mole each of r> 
galactose, D-glucose, and D-fructose. In structure 
it comprises melihiose and sucrose with the ren 
tral D-glucose in common (see Frucios* , (.,Ai\r 

TOSh , (,LU< OSE) 

Raffinose can be hydrolyzed by enzymes in tw< 
ways. Invertase (/3-D-fructofuranoside) hydioly/^ 
the sucrose part of the molecule to gi^e melibin** 
and D-fructose On the other hand, almond ennibin 
which contains an or-D-galactosidase, hydrolyzes tin 
melibiose residue to yield D-galactose and sucrose 

[w / n 1 

Rail 

Any of several species of the family Rallidae a 
group which also includes the coots and gdlhnulP" 
There are seven rails in the United States Tim 
are small to moderate-sized wading birds, living in 
marshes and in weedy pond and lake borders Rail" 



The Virginia rail, Rallus hmicola hmicolo. (0 ^ uir 
National Audubon Society) 



frown- or gray-streaked birds with remarkable 
qre ^jing coloration; they rely heavily upon this 
Action to escape enemies because thev are 
,r °ablc only of a fee ble, fluttering flight for a 
hlrt distance when liaid pressed. They have large, 
Jong leg s * hut weak, rounded wings. Some island 
r ° ic* are flightless. Although their scattered num- 
and habits do not encourage widespread hunt- 
„ the rails aie listed as game birds and support 
^united amount of shooting. See Coot; Cai- 
jjMli; CRU1FORMES. fj.D.B.] 

Railroad engineering 

\ hianch of transportation engineering concerned 
with the design, development, construction, and 
n f iailroad facilities, including tracks and road- 
signals, terminals, rolling stock, Inc omotives. 
, m l all other railroad equipment 
Hit film tion of the railroad engineer has changed 
rluallv since 1 930. particularly in connection 
uitb new construction. There have been few major 
extensions of line, though this is a tiend that 
1t j, fr’s hac k even to the turn of the century. Con 
sinuMon of new passengei stations and teiminals 
]s pritnai il\ a thing of the past. Manx of the new 
nvine teiminals built during Woild Wai I and 
.borth thereafter have been abandoned as diesel 
power replaces steam power Manv water stations 
itid water pans have been given up Such develop 
nunls ha\ e led to mote intensive use of existing 
fiulities u rid to tlie abandonment oi rc'stru ted op 
eiatien of unpiofitablc 1 lines. Extensions of line 
hd\e been pumarilv < onhned to new properties oi 
ifnlustnal developments. particularly in countries 
outside the United States 

Hie modern railroad engineer must be a keen 
t ultnt of economics for among the more difficult 
pinhlerns tie fa< es are those involving economics as 
well as engineering. One of these involves mass 
ifimmuter transportation into large centers of popu- 
lation Another concerns public demand for new 
uid elaborate passenger stations and new union 
•*t itmns in population centers, despite diminishing 
pdsscnger traffic and revenue A third deals with 
consolidation of railroads and abandonment of 
nonproductive lines. 

The expansion of the highwav system of the 
l nited States has required engineering depart- 
ments to give a great deal of attention to prob- 
lems created by high wav-rail road crossings. The 
problems ure not only in the design of such cross- 
ln $ s but also in the financing, which is shared 
^uh governmental bodies and consequently in- 
'olves extensive negotiations at the local, state, 
a nd federal levels. 

hi addition, the modern railroad engineer is con- 
re rned with improvement of signal systems, motive* 
powpi , rolling stock, and yard facilities. Recent 
developments and trends in these areas will be dis- 
f Usve d in the following paragraphs. 

Motive power. The primary motive power unit in 
service today is the diesel engine. The steam loco- 
m °bve has all hut disappeared, and the present 
trend fr against further expansion of electrical 
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operation because of high initial costs. In re- 
placing the steam locomotive, the modern diesel 
has lowered operating and maintenance costs and 
reduced the number of locomotives necessary to 
maintain adequate service. A number of diesel 
units can be coupled together and operated from 
one cab. The number usually so linked depends 
upon the tvpe of train and the grades to be en- 
countered. 

Power is developed by a diesel engine driving a 
generator, which in turn feeds electric traction 
motors mounted on each axle. This type of power 
transmission is easy to control and accounts for 
the efficiency of the diesel at all speeds under most 
load conditions. 

Railroads have obtained greater use from diesels 
than from steam or electric units because the diesel 
can perform many different jobs efficiently and 
spends less time in the shop for maintenance, both 
routine and major. Diesel maintenance is less 
time-consuming because there are many inter- 
changeable parts -whole motor generator sets can 
be replaced and a unit quickly restored to service 

The type of diesel most frequently used is the 
general-purpose road switcher. It has been suc- 
cessful on all railroads, hauling fast passenger 
trains, long-haul freights, and local commuter 
trains, and is also used in both local and inter- 
change yards. Other type^ are designed especially 
for fast passenger or freight service and differ pri- 
mariiv in gear latios and horsepower ratings. A 
more re< enl development is the gas-turbine locomo- 
tive, w Inc h is in limited freight service in the West. 
It is basically like the diesel except that the gen- 
erator is driven by a gas turbine fired by liquefied 
petroleum gas. This locomotive may succeed the 
diesel, but for the jiresent must be considered ex- 
perimental. Railroads and c oal c omjianies have also 
considered using coal-burning steam turbines hut 
an economically practical design has not been 
developed. 

Rolling Stock. Many new kinds of freight ear 
have been developed in recent years. Among them 
are the insulated boxcar with underframe heater 
to keep perishables from freezing, mechanical re- 
frigerators to replace ice-filled types, large-capac- 
ity hopper and tank cars for solid and liquid hulk 
shipments, and cars with built-in movable compart- 
ments, or walls, to reduce damage due to load 
shifting. Manv new and existing cars have been 
fitted with cushion underframes to absorb the sud- 
den shocks of starting and stopping. Cars also have 
been equipped with improved wheel bearings to 
permit higher speeds, better rolling character- 
istics, and a reduction in maintenance. One notable 
recent system of freight hauling is the piggy-back 
train; truck trailers are loaded on flat cars and 
carried between terminals. Special cars with hold- 
down equipment are being built for this purpose. 

Signaling. Signal development has brought far- 
reaching improvement in railroad operations. Most 
important is centralized train control, which en- 
ables a single tower to control all switches and 
signals over several hundred miles of mainline 
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track. Train movements, signals, and switches are tion of track immediately beyond it and indicates 

indicated on a master board by colored lights. The whether another train is present. This system works 

operator can schedule meetings of trains at long in one direction only, and if simultaneous 2*way 

passing sidings so that a train need not be side- operation is necessary, two tracks must be used, 

tracked until another passes. In many cases one Of course, automatic safety control devices can be 

track with centralized train control is more cffi- incorporated into the block system, 

cient than two tracks without it. An important device which can be used with any 

With two other developments, automatic train signaling system is a miniature signal board in the 

control and speed control, a train running through locomotive cab. It shows how the next signal is SPt 

a stop signal or exceeding a speed limit can be and serves as an advance warning and double check 

electronically stopped or slowed, eliminating the for the engineer, especially in bad weather, 

possibility of human failure. Communications. Two-way radio has done much 

Another development is reverse signaling, which to expedite freight-train operations. Many loromo- 

is generally used only on multiple-track sections tives, cabooses, and towers are so equipped, ena 

with heavy train traffic in one direction at one time bling train conductors to talk to the engineer or to 

of day and in the other at another time. An exam- tower operators to receive orders while on route, 

pie is a passenger terminal handling commuter Portable and fixed radio installations are used in 

traffic. Extra signals are installed so that trains large yards for contact between car inspectors, 

traveling in either direction can he regulated. tower operators, locomotive engineers, and other 

Therefore, tracks can be used according to de- yard personnel. 

mand: three tracks of a 4-track mainline can he Yard operation. One of the more expensive ele- 
set for travel in one direction in the morning and merits of a railroad system is the classification 

for travel in the opposite direction in the evening. yard, where freight cars from incoming trains are 

The system most commonly used today is the sorted and combined by destination in*o new 

automatic block, in which a signal guards the sec- trains (Fig. 1). These yards are either at a level 



Fig. 1. The Englewood classification yard at Houston, cars a day over the hump (foreground). (From Sou# 

Texas. With the assistance of many electronic devices, ern Pacific Lines ) 

including a computer, the yard can pass up to 3800 




t 



Fig 2 The hump as seen from classification tracks 
within the Cicero, Illinois, yard (From Burlington Lines ) 


ii idt and < ars must hr pushed to the propel track 
li switch engine, or the\ are on a slope and ears 
m he distributed by gravity. The major vards use 
ilir latter arrangement, with a built up burnt) at the 
In ad <>l the < lassif\ing network (Fig. 2) A switch 
inline usually pushes the < ars up the hump, and 
Imm there gravity is the motive force. In a few 
n«w yards, an elei tronic ally controlled robot pushes 
'In <ais up the hump, but this deyicc is more often 
H"(d to push < ars out of the ( lassifu ation trac ks to 
In made up into new trains 

\t one time it was necessary for men to ride 
p drh <jr down the grade and brake it to a safe 
"lwd for coupling. This time- and manpower-con- 
fining function has now been assumed, in the 
larger, modern yards, by automatic de\hes called 
' ir retarders (Fig. 3). Several of these are usually 
located at points between the hump and the classi- 
fication tracks. The retarder, installed along the 
inner faces of both rails, operates by pressing 
gainst the wheels of a rolling car, slowing it to a 
s I>eed safe for coupling. An operator controls the 
^larder by turning a knob in the yard tower. This 
device has expedited operations, reduced time loss. 
an d improved safety. Other devices have also been 
developed to aid control of yard operations from 
the tower. Automatic scales record the weight of 
die car as it passes the hump; closed-circuit tele-, 
'Mon is used to report the railroad name and 
n amber, as well as to permit visual inspection of 
^ underframe ; and radar units set between rails 
* rp used to indicate the roilability, speed, and 
i^ance the car must travel to coupling. With care- 
u planning of grades and location, railroads have 
C( >mhined as many as six yards into one. 
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Construction standards. Each railroad has its 
standard requirements for alignment, grade, track 
construction procedures, and other details. Many 
of these standards are based upon the Manual and 
Proceedings of the American Railway Engineer- 
ing Association (AREA). 

Alignment and grades . On main lines, where 
maximum speed and tonnage are objectives, curva- 
tures are usually no greater than approximately 
1°30 / (2°00' at most) and grades not in excess 
of D.F) c /( . The degree of curve is defined as the 
angle at the center of a simple circular curve sub- 
tended bv a 100-ft chord. The late of grade is the 
vertical distant e in feet that a grade line rises or 
falls in 100 ft. It is usually expressed as a per- 
centage. 

Branch lines and industrial and sidetrack exten- 
sions oidinarilv have cuives no greater than 6-8° 
and grades not over 3^ . If a limited number of 
cars is to he handled on a sidetrac k. sharper curves 
and steeper grades are sometimes employed. 

Road steam locomotives are designed to handle 
curves of up to 18° 30' or 19°. Diesels will negotiate 
curves of 20 40°. 

Roadbed. Although there is variation among the 
railroads, side slopes generally are built to have a 
l.S’l ratio between the horizontal and vertical di- 
mensions. Local conditions and the character of 
the ground are also determining factors. 

Trade spacing. Track spacing has varied in the 
past from 12 to 13 ft. The present tendency is to 
provide 14 ft in main-1 lack construction and gi eater 
spar e for subsidiary fiacks. 

Clearance s The requirement for overhead clear- 
ance is usually 22 ft. Operation has been possible 
in the past with 16 18 ft. Clearance of 18 19 ft 
is required as a minimum in connection with elec- 
tric ovcihcad operation, but if clearance is less 
than 22 ft, bridge warning signs (ticklers) must 
he installed. These requirements are constantly be- 



Fig. 3. Looking down the "throat” of the master re- 
tarder at the Boyle's yard, Birmingham, Alabama. 
(From Louisville and Nashville Railroad) 
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coming more rigid and are fixed by law in a num- 
ber of states. 

Ballast. A fundamental of good railroad track 
construction is the piovision of 12-in. subballast 
made of gravel, rock, cinders, furnace slag, or any 
material that will supply a fairly porous but sub- 
stantial base. On it is placed a 12-in. layer of good 
limestone or other rock crushed to about l^-in. 
size. This layer is carefully surfaced; the ties and 
rails are laid, bolted, and spiked; and the ties are 
tamped to bring the top of rail to exact surface and 
alignment. Power-operated track tools have done 
much to improve maintenance and to reduce cost 
(Fig. 4). 



Fig. 4. With one operator this automatic spike driver 
does the work that formerly required nine men. It 
straightens each tie and has four pneumatic hammers 
that drive all four spikes, either simultaneously or in 
any combination. ( From W. H. Nichols & Co.) 

Crossties. Crossties of a large variety of woods 
are used by railroads in the United States. All are 
pressure-creosoted. Except for special uses, cross- 
ties for high-grade track are usually 7 in. by 9 in. 
by 8 ft 6 in. Bridge ties are usually 8 in. by 8 in. 
by 9 ft. Switch timbers of good quality are used. 
'Fheir dimensions are 7 in. by 9 in. by the various 
lengths required for turnouts. 

Tie plates . Rolled-steel tie plates are generally 
used. They are ordinarily 10- 16 in. in length, 
about V/i in. wide with shoulders, and carry holes 
for spikes. 

Rail. Each railroad has its own standard for rail 
sections. There are many different weights, but 
sections for mainline traffic generally weigh 127- 
140 lb/yard. Some railroads handling particu- 
larly heavy coal and ore tonnages use 153-lb rail. 
Many roads have adopted the AREA standard of 
133-lb rail for mainline operation and 112-115-lb 
rail for sideline and sidetrack. A significant de- 
velopment is the use of welded rail sections, some- 
times called ribbonrail. Standard 39-ft lengths of 
rail are welded into continuous strips before in- 
stallation. The strips, usually under Y> mile in 
length, are transported in open-end gondolas. As 
welded rail does not have the usual joints, a major 


source of wheel damage is eliminated. Generali 
welded sections have been used where there is ex 
tremely heavy traffic or where maintenance j, 
especially difficult, as in tunnels, through-station 
platforms, highway-railroad crossings, and track, 
in streets. 

Switches and frogs. The present standard switch 
point is called the split switch. Switch rails are 
1 1-45 ft long. Curved switches and frogs permit a 
smoother movement on high-speed track. A turn 
out frog is officially defined as “A track strut tun* 
used at the intersection of two running rails \ () 
provide support for wheels, and passageway for 
their flanges, thus permitting wheels on either raj] 
to cross the other.” Frogs may be either bolted or 
rigid or spring-rail frogs. The rigid frog is used 
principally in yard turnouts; the spring frog ^ 
used in nearly all main track turnouts and in man\ 
other tracks where 4ne of the turnout rails (arrie^ 
the predominant traffic. 

Crossings . Crossings of one track with another 
with crossing angles of approximately 10- % 
are subjected to both heavy and light traffic travel 
ing at high and low speeds. Like turno it frog* 
crossing frogs are built with a variety of construe 
tion techniques and materials. Thev are placed m 
track with gieat care and gi\en the best drniridgi 
subgrading, and ballasting. Crossings arc built to 
order so that thev fit the trac h arrangement exaeth 
Where* two railroads cross, one with much more 
traffic than the other, the former often will he 
favored with a stronger section As leplacernent or 
even heavy repair of a crossing nearly always af 
fects train operation, every effort is made to pto 
vide equipment of great durability. 

Track gage. A 4-ft B^j-in. gage has been upi 
versally adopted in the United States and to i 
great extent abroad. Many of the eountric- with . 
variety of gages are changing to a more uniform 
practice. A few railroads in the United States an 
using a 3- ft gage in lumber regions and mountain 
ous countiy. 

Superelevation. The vertical distance of the outer 
rail above the inner rail is called its supeiclcwi 
tion. Tracks are superelevated on nines so that 
cars and locomotive will be balanced against tin 
centrifugal force and will operate smoothly The 
maximum superelevation usually is about 6 in 
Safety and comfort limit the speed at which a pis 
senger train may negotiate a curve; any speed that 
gives comfortable riding on a curve may he con 
sidered safe. In planning superelevation of a track 
the speed at which traffic will be moving i s 
first element to be determined. On curves where 
the speed will vary, superelevation must be based 
on a compromise that suits the track. If only one 
class of service is to use the track, superelevation 
should not exceed about 7 in. If the traffic will he 
mixed, it should not exceed about 6 in. 

Sidings. Passing sidings used regulaily by freig 11 
and passenger trains require more durabilit' thd n 
the ordinary light-service industrial track. H t * ie ' 
are frequently used by the railroad, passing siding 
require a high standard of maintenance. Singl?* 11 ^ 
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mdiistria! tracks are usually owned and maintained 
^ t he industry and do not require as much main- 
tenance. [r.e.d.] 

Bibliography: American Railway Engineering 
^ociation. Manual , Construction and Mainte- 
’uiruc Section , 1945 J. W. Barriger, Super - 
Railroads for a Dynamic American Economy , 1956; 
\1 H. Dick (ed.), Railway Track and Structures 
( ytlopedia , 8th ed., 1955; W. W. Hay, Railroad 
f nuineering , 1953; A. M. Wellington, The Eco- 
nomif Theory of the Location of Railways , 1887. 

Rain shadow 

\n ar^a of diminished precipitation on the lee side 
„( mountains. There are marked rain shadows, for 
example, east of the coastal ranges of Washington, 
Oregon, and California, and over a larger legion, 
, n u<h of it arid, east of the Cascade Range and 
sierra Nevada*. Precipitation on the northern Oie- 
(M,n coast is around 100 in. per year; east of the 
(oa*»lal ranges in the Willamette Valley it is about 
tO in.: and east of the Cascades it drops to around 
10 in All mountains decrease precipitation on their 
Ice. but rain shadows, as is shown hv annual to- 
tik are sometimes not marked if moist air comes 
ticiliienth from different directions, as in the Ap- 
pa Lu hi an region. 

IV causes of lain shadow aie (1) piecipitation 
of nun h of the moisture when air is foiced upwaid 
u'i the windward side of the mountains. (2) defler- 
• ion m damming of moist air How. and (3) down- 
w a i H flow on the lee slopes, which warms the air 
ind lowers its relative humidity. See Atmospijjrk 
\ ni\RATH (HAM.r: Chinook: Prm ipitation (mf- 
horotogy) [j.r.f. ] 


Rainbow 

( olored arcs seen in the skies when the sun or 
moon is illuminating large numbers of falling rain- 
dmps Such arcs are centered around the antisolar 
point (180° from the sun). Among the parallel 
r.us striking a water droplet there is one rav 
Mu< h alter one internal reflection leaves the drop 
>' the smallest angle of deviation from the direc- 
*h»ii of the incident ravs. All other rays emerge 
•iom the drop, after an internal reflection, at larger 
mglps of deviation. The ray of minimum deviation, 
^ho (jfled Descartes ray, has the greatest inten- 
and thus is more visible than the others. Since 
f l |f angle of deviation for such a ray of minimum 
delation is smaller for the red light and larger 
*" r die blue, the rays of minimum deviation from a 
* dr ^‘ number of water drops of the same size are 
stVn as arcs of different colors, red on the upper 
f’ arl - and blue on the lower part of the bow. The 
ln g«ilar distance of these arcs from the antisolar 
P ( unr is greater than 42°, and the system of arcs is* 
'^ed the primary rainbow. The rays of minimum 
‘legations, after two internal reflections, form simi- 
ar colored arcs at the angular distance of 51° from 
antisolar point to make the secondary rainbow, 
n this rainbow the color sequence is reversed, with 
^ rt *d arcs visible on the lower part, the blue on 


the 


upper part of the bow. 
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Rajiformes 

The skates and rays constitute one of the two Re- 
cent orders of the subclass Elasmohranchii. The 
order is also known as the Batoidea. The skates 
and rays differ from the sharks (order Squali- 
formes) in having ventral gill slits, the edge of the 
pectoral fin attached to the side of the head ante- 
rior to the gill clefts, and the upper margin of the 
orbit not free from the eyeball, Guitarfishes, the 
most generalized rays, appeared in the Upper Ju- 
rassic. hut most major groups of rays date from 
the Cretaceous. 



Atlantic sting ray, Dasyatis sabina. (After G. B. Goode , 
Great International Fisheries Exhibition , London , 1883, 
U.S. Natl . Museum Bull. 27, 1884) 

Rays have been classified in 5 suborders, 16 fam- 
ilies, 17 genera, and 300 350 species. The\ occur 
in all oceans, and most aie sluggish bottom inhab- 
itants. although thi' mantas commonly swim at the 
surface. \ few. espec lullv sting rays and sawfishes, 
penetrate estuaries of tropical rivers or even live 
fai upstream. Ravs vary in size from less than 1 ft 
in length as adults to a width of o\ei 20 ft in the 
giant mantas. Some bizarre skates live at depths of 
as much as 1500 fathoms, hut none is luminescent. 
The torpedoes have i pair of enlarged electric or- 
gans located lateral to the e>es on the expansive 
pectoral fins; these can deliver a strong and tem- 
poral I \ disabling shock to bathers. More to he 
feared, however, are the sting ravs which lie in shal- 
low water and if stepped on are able to inflict a 
dangerous or fatal wound with the seriated tail 
spine and its venom gland. 

Internal fertilization is practiced b\ all rays, 
with the modified pelvic fins serving as intromittent 
organs. Most ravs are ovoviviparous. retaining the 
eggs in the oviducts until birth, hut skates deposit 
eggs that are protected by horny cases. Ravs are 
carnivorous, feeding on a wide variety of marine 
worms, mollusks, crustaceans, and other inverte- 
brates as well as small fishes. 

Although rays are abundant in many seas, they 
are of minor commercial importance. See Batoidf.a 
fossils ; ElasmobK ANCHII. f R.M.H.] 

Bibliography: J. Tee-Van et al. (eds.), Fishes of 
the Western North Atlantic , Sears Foundation for 
Marine Research, Mem. 1, pt. 2, 1954. 
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Raman effect 

A phenomenon observed in the scattering of light 
on passage through a material medium, whereby 
the light suffers a change in frequency and a 
random alteration in phase. Raman scattering dif- 
fers in both these respects from Rayleigh and 
Tyndall scattering, in which the scattered light has 
the same frequent v as the unscattered and bears a 
definite phase relation to it. The intensity of 
Raman scattering is roughly one-thousandth that 
of Rayleigh scattering in liquids and smaller still 
in gases. For an extended discussion of Rayleigh 
scattering, .see Scattfrjnc (hm iromacnftic 
radiation). See also Tynda r i. ei f fx r. 

Discovery. Because of its low intensity, the 
Raman effect was not discovered until 1928, al- 
though the scattering of light bv transparent solids, 
liquids, and gases had been investigated for manv 
years prior to that time. Prompted bv A. H. Comp- 
ton’s observation of frequency changes in x-rays 
scattered by electrons (Compton effect), the 
Indian physicists C. V. Raman and K. S. Krishnan 
examined sunlight scattered bv a number of liquids 
With the help of complementary filters, they found 
that there weie frequencies present in the scattered 
light which were lower than the frequencies in the 
filtered sunlight. They then showed, by using light 
of a single frequency from a mercury arc. that the 
new frequencies present in the scattered radiation 
were characteristic of the scattering medium. 
Within a few months of Raman and Krishnan’s 
first announcement of their discovery, the Russian 
physicists C. Landsberg and I . Mandelstam com- 
municated their independent discovery of the ex- 
istence of the effect in crystals, fn Russian litera- 
ture the phenomenon is now referred to as combi- 
nation scatteiing. and not Raman effect. 

Raman spectroscopy. Raman scattering is ana- 
lyzed by spectroscopic means. The collection of new 
frequencies appearing in the spectrum of mono- 
chromatic radiation scattered by a substance is 
characteristic of the substance and is called its 
Raman spectrum. Although the Raman effeet can 
occur in atomic spectra, it is of greatest interest in 
molecular spec tra. The present technique of Raman 
spectroscopy, which was originally developed by 
the American phvsicist R. W. Wood about 6 months 
after Raman and Krishnan’s discovery, is shown in 
schematic form in Fig. 1. 

A number of arcs A. usually containing mercury 
vapor as the light-producing substance, are sur- 
rounded by appropriate reflectors R to increase the 
intensity of available radiation. Light from the arcs 
passes through the filters F which transmit one of 
the several monochromatic frequencies of the mer- 
cury tadiation and which in principle absorb all 
othei frequencies. The monochromatic radiation 
then enters the cylindrical tube T containing the 
liquid or vapor to be studied. This tube is horn- 
shaped and blackened at one end so that when 
viewed through the window W at the other end, the 
tube presents a perfectly black background against 



Fig. 1 Schematic diagram of arrangement for excit 
ing and observing thfc Raman effect. 


which the scatteiing is seen. A representative tul» 
for the study of liquids would hold from 5 to 50 ml 
and would he 10 15 t m long and 1 2 cm in dianiclt r 
Solid materials c an also he studied if optic ally c bar 
samples of large enough si/e aie obtainable 
Raman scattering is more or less uniform m all 
directions and the scattering is studied at njrlit 
angles to the incoming tadiation. In this wav tin 
stiong exciting light interferes least with the oh 
servation of the scattered light light scattered m 
the direc tion of the veitieal arrow ( Fig 1 I passes 
out the window W and is sent to tin* spectrograph it 
S by a suitable optical system represented h\ tlo 
mirror M. The spectrograph lesolves the Hamm 
frequencies from the Ray leigh scattered e\< itm r 
frequency (the so-called Rayleigh line) and Iohms 
them on a photographic plate 

Prior to the invention of the photomultqihn 
Raman spectra were* photographed Development 
in mercury arcs, grating spectrographs, photomulti 
pliers, and electronic' amplifiers have now made it 
possible to record Raman spectra automatic alh 
thereby inc teasing the speed and precision »>f 
measurement of intensities of Raman frequencies 
The appearanc e of a photoelectric ally recorded 
Raman spectrum is sketched in Fig. 2 Intensity <>l 
the scattered light is plotted vertically and Ire 
quenev in wave number units horizontally. 

Raman spectroscopy is of considerable value in 
determining molecular structure and in chemical 
analysis. Molecular rotational and vibrational fie 
queue ies can be determined directly, and from 
these it is sometimes possible to evaluate the molet 
ular geometry, or at least to find the molecular 
symmetry. The procedures for doing this are i»di 
rated briefly in another article (see Molfci t iaR 
stricture and spectra) and are described m 
greater detail in the books cited in the bibliography 
Even when a precise determination of struct we i* 
not possible, much can often be said about the 
arrangement of atoms in a molecule from emph ira 
information about the characteristic Raman f re ' 
quencies of groups of atoms. This kind of inform^ 
tion is closely similar to that provided by infrare 
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Fiu 2. Sketch of the Raman spectrum of carbon 
tetrachloride as recorded photoelectrically. Intensity of 
the light in arbitrary units is recorded vertically against 
ci horizontal wave-number scale (cm 0 (frequency in 
eyries 'sec — wave numbers times velocity of light in 
cm sec). The lower scale shows wavelengths in ang- 


stroms. The exciting line (Rayleigh line), which is scat- 
tered unchanged in frequency, is the mercury-vapor 
blue line at 4358 A (22,938 cm 1 vac). The so-called 
Stokes lines appear at lower frequencies and the less 
intense anti-Stokes lines at higher frequencies than 
that of the exciting radiation. 


'pei triwnpy, and in fact Hainan and infrared 
^pi'dra often provide complementary data about 
molecular structure. See I N t kaked si»ixthos< oi*y. 

Theory. The mechanism of the Raman effect can 
he envisaged either by the corpuscular picture of 
litfht or from the point of view of the wave theory. 
Ruth pictures merge in the basic quantum theory 
udiation. The corpuscular model of light scatter- 
,n S envisages light quanta or photons as particles 
which have linear and angular momenta. On passing 
through a material medium, these particles collide 
with atoms or molecules. If the collision is elastic, 
ihc photons bounce off the molecules with un- 
hanged energy E and momentum, and hence with 
unchanged frequency v. Such a process gives rise to 
Rav leigh scattering. If the collision is inelastic, the 


pnotons may gain energy from, or lose it to, the 
nwlecules. A change A E in the photon energy by 
Rlanck’s relationship E = hv must produce a 
hsnge m the frequency Av = A E/h. Such in- 
e Ustic collisions are rare compared to the elastic- 
° aPs ’ an d the Raman effect is correspondingly much 
Weaker than Rayleigh scattering. 

In the wave picture of the effect, the electromag- 
n £tic waves which constitute the incoming mono- 
aromatic radiation sweep through the material 
me dium. Since the atoms and molecules composing 


the medium are made up of negatively charged 
electrons and positively charged nuclei, the electric 
field of the light waves sets the electrons to oscil- 
lating, chiefly with the frequency of the incoming 
radiation. The oscillating electrons re-create the 
alternating electric field of the incoming light, thus 
passing the light wave along through the medium. 
This process is analogous to the elastic collisions 
given by the corpuscular picture. 

The ability of the electrons and nuclei in a 
molecule to be displaced by an electric field is 
called the molecular polarizability a. It is not a 
simple property of the molecule, but depends in a 
complicated way on the frequency of the electric 
field, on the molecule’s orientation, and on the in- 
ternal motions of the nuclei and electrons. Thus a 
varies periodically with molecular rotation and vi- 
bration, and thereby the effect of a light wave on 
the electrons and nuclei of a molecule can be 
changed. 

When a monochromatic light wave sweeps 
through a transparent medium containing rotating 
and vibrating molecules, most of the wave is re-cre- 
ated unchanged by -the oscillating electrons, but be- 
cause of the periodic changes produced in a by rota- 
tion and vibration, new frequencies are added to the 
light wave. The appearance of these new frequen- 
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cies, whose values are determined by the rotational 
and vibrational energies of the molecules, is analo- 
gous to the result of the inelastic collisions of the 
corpuscular model. For the wave picture of the 
Raman effect, the quantity a is the basic quantity. 
The intensity of the Raman effect depends on the 
magnitude of the changes produced in a by molec- 
ular rotation and vibration, and the number and 
values of new frequencies (usually expressed as 
frequency shifts Av from the original monochro- 
matic frequency) depend on the variation of a with 
the frequencies of rotation and vibration. 

The temperature of the scattering molecules is 
an additional factor which affects the intensity of 
Raman frequencies higher than the exciting fre- 
quency (the so-called anti-Stokes lines, see Fig 2) 
The anti-Stokes lines, having higher frequencies, 
correspond to photons which have higher energy 
than those of the exciting light, and this energy 
must come from the molecules. If the molecules do 
not have any available vibrational or rotational 
energy, that is, if they are at the absolute zero of 
temperature, there is no possibility of inelastic 
collisions in which energy is transfetred from a 
molecule to a photon. Hence anti-Stokes lines 
vanish at absolute zero. At nonzero temperatures 
the intensity ratio of an anti-Stokes line to a Stokes 
line is given to a good approximation by the ratio of 
the number of molecules which can give up the 
corresponding energy to the number which can 
accept it from the light wave. Tr.c.l.1 

Bibliography : G. R. Harrison, R. C. Lord, and 
J. R. Loofbourow, Practical Spectroscopy , 1948; 
G. Herzberg, Infrared and Raman Spectra of Poly- 
atomic Molecules , vol. 2, 2d ed., 1945; E. B. Wilson, 
J. C. Decius, and P. C. Cross, Molecular Vibrations . 
1955. 

Ramie 

The plant, Boehm eria nivea , of the nettle family, 
Urticaceae, is the source of a natural woodv fi- 
ber resembling flax. It has an attractive silky luster 
of fine quality (Fig. 1). Ramie, also called rhea and 
China grass, is the toughest, longest, strongest, and 
most durable fiber known. It can be bleached to ex- 
treme whiteness. It is more resistant to mildew than 
many plant fibers and when subjected to moisture, 
its strength increases. 

The plant is a coarse herb or half-shrub, 4-7 ft 
tall, and the fibers are in the phloem (food-conduct- 
ing tissue). It is grown extensively in China, Japan, 
Formosa, India, and the Philippine Islands, and to 
some extent in southern Europe. Introduced into 
the southern United States, ramie made excellent 
growth, but the costly hand labor required to ex- 
tract the fibers and remove their coating of gum, 
made production unprofitable. Modern machinery 
designed to do this work gives promise of more 
economical production. 

When combed, ramie has half the weight of 
linen, but is much stronger, coarser, and more ab- 
sorbent. It has a permanent luster and good affinity 
for dyes. Ramie is used as filling yarn in mixed 



Fig. 1. Ramie, Boehmeria nivea Plant height 4-7 
feet (From P. DeJanviHe , Atlas c/e Poche des Plants 
Utiles des Pays Chauds, Libraine des Sciences Nat u 
relies , 7902) 

woolen fabrics, as adulteration with silk fibers 
and as a substitute for flax The China-grass cloth 
used in the Orient is made of ramie This fiber j s 
also useful for rope, twine, and nets See Fibfh 
natural; Fiax; Linln, Pitiofm, Silk, Tf\ 
tiii; IJrticaifs; Wool. [m d.p , njs ] 

Ramie diseases. Phoma boehmeria causes cbf 
fused stem lesions and bending of t^e stalks of 
ramie Both stems and leaves arc attacked bv ( ol 
letotru hum boehmrnae , which also stains th( 
ramie fiber. See I faf (botany); Silm (boianO 
In Flojjidd, Rhizoctonia solani has destroyed fielfb 
of young plants and caused a breaking of the stalks 
of older plants at the point of infection (Fig 
Leaf spots caused by Cercospora boehrneriae and 
C. krugiana retard the growth of young plants and 
may defoliate plants of poor vigor (Fig. 3). Rosel 
linia sp. is a root pathogen in Japan and the 



Fig. 2. Young ramie plants attacked by Rhizoctonia 


solani , 



Fig 3. Leaf spot of ramie caused by Cercospora boeh- 

menae. 

Philippine. Srr Root (botany). Other fungi at- 
i.irkmg lamic arc 'Iscochvta boehmei im\ Forties 
mixin s. and Fnsarinm sp. 

(ipHospnra leaf spot mav he controlled hv dust- 
iiui «»r spi av in diseased plants with the fungicide 
Dithane I sodium ethv lenehisdithinearhamate ) . 
Fi eating planting stork with Captan (AMrichlorn- 
nn j tli\lthiotetrahvdrnphthalimide ) has been effec- 
ft\e in controlling the Rhizoetonia seedling disease. 
Vr Fr\(,|S'l AT AND I I fNOICIDF. ; Pi. ANT DISK AS V KOV 
1 KOI.. | T-K.SIJ. | 

Ramjet 

THr simplest of the air-breathing propulsion en- 
rincs (Fig. 1). In flight, air enters the front of the 
diffuser at high velocity. The diffuser is shaped to 
roduee the air speed and hence its kinetic energy 
;l " it passes through. With an efficient diffuser, the 
reduction in kinetic energy results in a nearly 
p, |iial increase in potential energy, in the form of 
an increase in air pressure. This higher-pressure 
a,r enters the combustion chamber where fuel is 
continuously injected and burned. The hot gas is 
then ejected rearwardly through the discharge 
nozzle at velocity V t greater than flight speed V f) . 
T ft a first approximation, thrust F is 

F = M( Vj — Vo) 

"’here M is the mass of air per second flowing 
trough the engine. 

Characteristics. The objective of the ramjet cy- 
r e ,s to provide a jet velocity V j that is eonsider- 
* - greater than the initial velocity V (} . This in- 
Jease in air velocity represents an increase in 
lne tic energy. The efficiency of a ramjet in con- 
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verting the chemical energy in the fuel into kinetic 
energy of the air stream depends upon the ratio 
of the pressure in the combustion chamber to the 
ambient air pressure. This pressure ratio in turn 
depends upon the flight speed or. more exactly, 
upon flight Mach number (Fig. 2). 

At zero flight Mach number, there is of course no 
increase in pressure through the diffuser, and the 
efficiency of the ramjet is zero. Thus the ramjet 
has no thrust at take-off. As the flight speed in- 
creases, the pressure ratio and hence efficiency in- 
crease, which causes an increase in thrust and a 
reduction in specific fuel consumption (Fig. 3). 

At any given flight Math number, maximum 
thrust is developed when sufficient fuel is injected 
into the combustion chamber to consume substan- 
tially all of the oxygen in the air passing through. 
This repiesents the largest amount of heat that can 
he introduced into the air. Greater efficiency of 
utilization of the fuel, however, is obtained when 
less than the maximum burnable amount is in- 
jected. The efficiency of utilization of the iuel is 
represented by the specific fuel consumption 
( pounds of fuel consumed per hour per pound of 
thrust). The higher the efficiency, the lower is the 
specific fuel consumption. Curves in Fig. 3 are for 


oblique 



Fig. 1. Diagram of a ramjet engine. 



Fig. 2. Effect of flight Mach number on pressure ratio 
across the inlet diffuser. 
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Fig. 3. Effect of flight Mach number on thrust and 
specific fuel consumption of ramjet engine. Solid lines 
are for fuel-air ratio adjusted for maximum thrust; 
broken lines are for fuel-air ratio adjusted for maximum 
efficiency. 


the two operating conditions of maximum power 
and maximum efficiency. 

Combustion. The fuels used in ramjet engines 
are hydrocarbons obtained from petroleum. These 
fuels burn in only a narrow range of fuel-air ratios. 
These fuels have flame speeds which are consider- 
ably lower than the speed at which the air must 
pass through the combustion chamber to obtain 
the high thrust per unit of cross-sectional area re- 
quired for practical applications. Flame holders 
are therefore located in the combustion chamber in 
the wake of which the air speeds are reduced lo- 
cally to accommodate the low flame speeds. The 
determination of the configuration and location of 
these flame holders to provide adequate combus- 
tion efficiency without imposing excessive drag on 
the air is one of the crucial development problems 
of the ramjet. The location and design of the fuel 
injection nozzles and the design of the control 
equipment to provide a suitable fuel-air ^atio in 
the vicinity of the flame holder for efficient combus- 
tion over the range of flight speeds and altitudes 
desired in the flight program of a given ramjet 
vehicle are essential to efficient operation. New 
high-energy fuels greatly increase the attainable 
altitude of the ramjet and appreciably reduce the 
engine length. The absence in this propulsion < ycle 
of moving parts after the burner enables the ram- 
jet to burn metal-based fuels for greater petform- 
ance. 

Take-off. Because the ramjet has low thrust at 
low flight speeds, another type of engine is re- 
quired for take-off boost. In missiles such as the 
Bomarc. a rocket is used to take off and accelerate 
the vehicle to a speed at which the ramjet can take 
over. In aircraft where succesfeive take-offs and 
landings are desired, a turbojet engine can be used 
for this purpose. 

In general, a supersonic ramjet vehicle must be 
boosted to supersonic flight speeds before the ram- 
jet engines can provide sufficient thrust for propel- 
ling the vehicle. By providing diffusers and nozzles 


in which the configuration and area can be varied 
the ramjet can operate efficiently over a wider range 
of flight speeds and can take over at a lower fljg^ 
speed. This can result in an appreciable saving , n 
the size of the booster rocket. 

The ramjet depends entirely on pressure rec 0v 
ery due to its forward speed. The oblique and nor 
inal shock waves at the inlet constitute the first two 
stages of a compressor deceleration. Control of i n 
let flow by changing the inlet area through axial 
translation of the nozzle cone or by varying the 
back pressure through adjustment of the fuel fl 0Vv 
can maintain the optimum positions of the shock 
waves and thereby minimize aerodynamic drag dur 
to spillage or inadequate capture of air. 

Flight speed. Ramjet engines are usually con 
sidered for applications in the range of flight 
Mach numbers between 2.5 and 8 although 8 is 
not a theoretical upper limit. As the flight M.uh 
number increases above 4, heating of the vehicle 
by the high air friction becomes progressive a 
more serious problem, and methods of cooling the 
structure must he incorporated. At flight Mach 
numbers of 5 and higher, because of the high gas 
temperatures in the combustion chamber, dissona 
tion of the gases occurs; that is. the combustion 
does not go to completion and onl\ part of the heat 
is released. The remainder of the heat c an t lie-ore ti 
callv he released if combustion continues as the 
gas expands through the discharge nozzle How 
ever, the occurrence of dissociation, ^he extent of 
which is influenced bv nozzle design max he i 
basic practical limitation on the flight speeds at 
tainahle bv ramjets. 

Th^' working fluid fail) can also he heated h\ i 
nuclear reactor, thereby freeing the design fror 
limitations imposed by using the working fluid 
oxidizer. The air is decelerated, passed dimth 
through a nuclear reactor that occupies the u-u.il 
combustion chamber space, and then discharged 
from a conventional convergent-divergent no//l' 
.See Combustion wave measurement Dinrsm 
Nozzef. [him! 


Ranales 

An order of the plant subclass Dicotv ledoneae gen 
erally considered to he a primitive, genetic group 
whose earliest members represent the stock fron. 
which most of the living angiosperms have dr 
scended. The order includes 16 families having ^8 
genera and 5000 species. The flower parts are usu- 
ally numerous, distinct, and mostly spiral!' ar 
ranged. In general, the perianth is not differenti 
ated into calyx and corolla. The order includes tlu 
water lily, buttercup, peony, columbine, delpl» ,n 
ium, anemone, clematis, magnolia, tulip tree. P a * 
paw, custard apple, moonseed, may apple, barbern 
nandina, cinnamon, camphor tree, avocado, an 
many more well-known plants. Nutmeg is obtain? 
from the seeds of the nutmeg tree, Myristica i rt ‘ 
grans. See Avocado; Camphor tree; Cinnamon 
Magnolia; Nutmeg; Tump tree; .see also Di coT 
yledoneae; Embryophyta; Plant kingdom < 
Tree. 




Range land conservation 

The major purpose of range land conservation is to 
secur e maximum forage production for each site 
insistent with ecological stability of the vegeta- 
!i<,n and of the soil (see Ecology; Soil). Also, 
where applicable, range land conservation is con- 
ned with the preservation of watersheds, with 
timber production, and with recreation. Range con- 
^nation is one of the youngest fields of natural 
r( soiir< e management. 

Grazing land economics. The public range is an 
mtegial part of many livestock operations in the 
where approximately 10,000,000 head of live- 
stock receive about one-third of their annual for- 
jge requirements from public lands. Consequently, 
the public range is an important element in the na- 
tional production of meat, wool, and leather. Gov- 
ernment receipts from grazing permits, forest prod- 
IK r, and mineral leasing on the public range to- 
taled about $65,000,000 in 1052, over five times 
the amount appropriated for the activities of the 
Ihireau of Land Management. Great but unesti- 
mated value is added to the nation’s economy bv 
l uid management on the range which improves wa- 
in Meld and tediu es erosion and downstieam silta- 


tmn 


Types of grazing lands. Artificial pastures and 
the tail-grass prairies (now largelv in corn and 
wheat) are not considered range land The mid- 
jiass and short-grass plains west of the prairies 
mil east of the Roi k\ Mountains, the arid and 
tnnand grasslands of the Southwest and the Cleat 
Basin, the giasslands of intei mountain valleys, the 
h'udi and open woodlands of the mountains, and 
mmtane and snhalpine meadows are all parts of 
the western range of the United States. Depending 
•M the local climate, some of it provides only win- 
It grazing whereas other parts, espec ially at higher 
He\ at ions, provide from a few weeks to a few 
months of summer gia/ing. 

Overgrazing, corrective legislation. Federally 

"Mind land suitable for grazing, under the adminis- 
tration of the Bureau of Land Management of the 
United States Department of Interior, forms nearly 
‘me tenth of the United States. Previous to the 
Savior Grazing Act (June 28, 1934), western graz- 
lands of about 170,000,000 acres were open to 
bre access and use without public control and 
management. Now 156,000.000 acres are oigani/ed 
mto grazing districts 3,000,000 9.000,000 acres in 
that are administered to conserve and regu- 
^ d,p du* public grazing land and to help stabilize 
f h< Instock industry. The public range is used by 
1 )n,,t 20.000 private stockmen under a system of 
[,p rrnits and a code that seeks to guarantee proper 
1,sp "f the range and return to the government fair 


,u m|»cnsation for use. 

^ h»ng history of cutthroat competitive grazing 
J,lf l of conflict between cattle and sheep operators 
l,n d between them and agricultural settlers had re 
p widespread deterioration of the range 

r( >diutivity, which was naturally low in the more 
ari d regions (averaging about 70 lb of air-dry for- 
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age per acre on the public range in contrast to 
about 2,800 lb per acre for average hay land in 
the United States), was reduced by overgrazing to 
extremely low carrying capacity in many places. 
Erosion was accelerated and water loss by excessive 
runoff was increased on unprotected soils. Palatable 
and nutritious species, especially perennial grasses, 
were reduced in amount and weeds and other un- 
desirable species were increased. This is well illus- 
trated in Texas, New Mexico. Arizona, and south- 
western California by mescpiite which now occupies 
about 50,000,000 acres (twice what it did 50 years 
ago) and which cuts grass forage to one-third or 
less of full production when the mesquite bushes in- 
crease to 100 or more per acre. Tn the West, over- 
grazing also caused the spread of sagebrush, which 
now rover-, about 96,000,000 acres. 

The Bureau of Land Management program since 
the passage of the Tavlor Grazing Act has many ac- 
complishments to its credit: increase of range for- 
age, more livestock products, greater protection of 
public lands, more usable water, less erosion and 
downstream sedimentation, more flood control, more 
wildlife, and mote recreational opportunities; vet 
the Bureau estimates that in a quarter of a century 
not more than 10% of the needed range improve- 
ment work has been done, largelv because of inade- 
quate Federal appropriations. The Bureau's pro- 
gram includes range inventories and management 
plans, improved fire protection, watershed treat- 
ment works (regrassing. water conservation and 
erosion control dams, water spreading structures), 
pest and rodent control, and range management im- 
provements (stock water developments, range fenc- 
ing, corrals, livestock and truck trails). In spite of 
this program, about 50% of Federal range lands are 
still in a state of severe to critical erosion. 32% 
are suffering moderate erosion, and only 18% are 
in a condition of unaccelerated or no erosion. 

Range inventory. The problem is to determine 
what the vegetation, soil, and climate will permit 
with regard to forage production as measured by 
the land’s animal-carrying capacity. The range in- 
ventory includes a cpiantitative evaluation of the 
vegetation, its palafability, the nutritional value of 
each species, the status of the vegetation in the 
plant successional process, and the time and de- 
gree of permissible use. 



Cattle on a western summer range. 
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Sheep on a western winter range. 


The soil is evaluated to determine whether it is 
normal, eroded, or compacted. and whether its pro- 
ductive potential is increasing or decreasing. It is 
helpful to know what the forage-producing capacity 
of the soil was originally, what it is at present, and 
what its possibilities are The water infiltration rate 
and the moisture retention capacity of the soil are 
also measured and, hence, its watershed manage- 
ment condition and its erosion potential determined. 

Existing water facilities and possibilities for 
water development are evaluated to determine 
whether artificial vegetation rehabilitation is feasi- 
ble. Accessibility bv roads and t tails, fire history, 
and an analysis of fire potential are also deter- 
mined. In addition, the presence or absence of 
poisonous plants, predators, and destructive rodents 
is noted. 

Range management plan. The range manage- 
ment plan, developed from the inventoiv. sets foith 
the season of year that the range should be gra/ed, 
the duration (usually in days) of the grazing pe 
riod, and the kinds and numbers of beavv live- 
stock (cattle and horses), or lighter animals (sheep 
and goats), or both to be permitted. The range 
plan also states the need for and nature of fire pro- 
tection; the need for additional tiails and roads or 
the abandonment of old ones; the location and 
types of fences required to direct the control of 
trailing and herding; the water development 
needed ; any spec ial treatment of soil advisable 
for eroded or compacted areas; the steps required 
for control of poisonous plants; and the need for 
reduction of predatorv animals and rodents. The 
range management plan also details the reseeding 
needed- the location, type of species, planting 
methods to be used, use of the vegetation after 
planting- and considers whether rehabilitation 
mav be expected to take place without artificial 
seeding under a plan for temporary retirement from 
use and suitable protection. 

Significant advances. Quantitative surveys of 
range vegetation, a fairly well-developed technique 
in recent years, probably will be improved through 
use of aerial photos, greater field mobility of survey 
technicians, and better statistical techniques. 

Since about 1935. much has been learned about 
the ecology and physiology of range plants (see 


Ecology, applied; Pi ant physiology). This has 
resulted in the classification of such plants ^ 
respect to their physiological condition and tf, (J 
ecological trends indicated, so-called condition and 
trend c lassification. 

Through quantitative study of animal ingestn, n 
of various plant species, a significant advance 1, J( , 
been made in understanding the relation of fl oristj( 
composition to actual animal-carrving capac itv 0 j 
range land (see Population dynamics) () llf 
method contributing to this knowledge has been th* 
use of the esophageal fistula and fecal collec tint, 
bags. Assoc iated with this is an improved and m 
tensive before-and-after lange analysis The actual 
nutritional value of the forage spec ies and the U sa 
ble portions of the plants under various methods 
management are determined by laboratoiy stud\ 
Tins indic ates to what extent supplemental fmhn< 
of livrstoc k is necessary. 

It is now accepted that the management of den 
elk. and antelope lieids is also pait of range man 
agement. Much has been learned concerning ih, 
problem of competition of domestic livestock wit) 
big-game animals, thereby contributing to m 
proved management of range lands for both kind, 
of animals 

There is glowing knowledge of ways to unprm> 
lange plant composition bv using huge machine 
and selective sprays, often applied bv ail plant ten 
destine linn of undesirable blush and weeds Still ti 
be studied aie the adaptability of plflhts to vanoii 
locations, methods o| planting, physiologic al achij 
tiveness of species, time' of planting, and the line 
and type of use after planting. The' use- of m 
planes or helicopters feu seeding has not u 
solved all range planting problems 

Problems, present and future. Their i- Mil 
question as to whether any significantly huge 
range aieas can be opened up bv an nnpiovtd 01 
different type of management The “disc oven* In 
range use of ex-timbei lands in the < oastal phnr i' 1 
the Southeast is an example 

Many problems of multiple-use ol range land 
yet to be resolved In the western summer ianu 
tlieie probably will always be the problem of <‘> J 
relating grazing and timber production. Demand' 
for recreation and big-game hunting areas are In- 
coming more irnpoitant. With the inci easing I"'! 11 
lation of the West and the more intensive use of dl 
its lands, the demand for water is growing rapid!' 
making efficient management of range lanch in 
perative for water conseryation. See Ki -*iir s 
CONSl RVATlON ; FoRLSP CONSERVATION; MlNHU L 
RESOURCFS CONSERVATION; SOIL CONSERVATION 
Water conservation; Wildliee conservaiio> 
see also Land use planning. T lMT 

Bibliography: See Conservation of resour* ps 


Rangefinder, optical 

An optical instrument for measuring distance, 
ally from its position to a target point. Light t r0 ‘ 
the target enters the optical system through ^ 
windows spaced apart, the distance between 
windows being termed the base length 0 



T 


Fig 2 Simple coincidence 

rangefinder 


v 

ringefmder The rangefinder operate* ns an angle 
m« isiirinn deuce for solving the triangle c ompris 
ni: 'In* langefinder base length and the line from 
'i'll window to tiie target point. Rangefinder* oin 
l'< • I issued in general as being of either the com- 
1 id» in e 01 the stei eoseopii tvpe. 

Coincidence rangefinders. Tn these tvpes. one- 
1 "1 Mewing thiough a single eyepiece t>ro\ides 
l»aMs for manipulation of the tangefinder ad 

ailment to cause two images oi [>aits of each to 
mail h or eoineide. This type of devic e is used, in 
1,N ampler forms, in photographic ( ameras Tlie 
ran £ (1 tiiangle for surli a rangefinder is shown in 
^ ^ wlu*ie B is the base, angle 1 a tight angle. 

^ the range, and /, the convergence angle at the 
f lI L rpt T. The lelationship which exists is 



D = B cot L 

optical arrangement is shown in Fig. 2. 
^hro- \f , ari( j are a semitransparent mirror and 
1 r( ‘fle< ting niiiror respectively. When coincidence 
^ ' huined, that is, when the target T is seen in 
r p Mine apparent position along either path, the* 
,J ttUefmder equation is satisfied. In many small 
rilIl Kefmdo rs coincidence is achieved bv rotating 
Mirror M, through a small angle while viewing the 
in mirror M \ ; other deviating means which 
? not rf, quire rotating of mirror M z are also em- 
ihp * 3o and b shows the appearance of 

•stages in a superposed field rangefinder. If mir- 
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ror M\ is made fullv reflecting and arranged to fill 
only the lower half of the field of view, allowing 
the eve to view target T directly through the up- 
per half, a split-field type of rangefinder is pro- 
duced; the images appear as shown in Fig. 4« 
and b. 

Camera rangefinder s. These usually have base 
lengths vaiving finrn less than 1 in. to over 3 in., 
with magnifications between 0.5 and 2.5. The lower 
powers are found in arrangements where the range- 
findei and viewfinder ure combined foi viewing 
through a single eyepiece; here a magnification of 
unit> or less is necessary in ordei to covet the 
usual 42 52" angle of view. 

Military tvpes. Come idence rangefinders of the 
military tv pe ordinarily employ a penta prism, or 
its two-mii ror equivalent, at each window. These 
pi isms, peimanentlv fixed in place, possess the 
( haiac terjstii of icflecting the light rays inward 
at an angle exactlv 90° to the angle of incidence. 
The light from each prism passes through a tele- 
scope objective, and an image of the target formed 
by each objective is combined and directed by a 
piism assembly in a single eyepiece for simultane- 
ous viewing Figure 5 show** the geometry of such 
a rangefinder. Here b is the base length of the 
rangefinder and I' is the focal length of the range- 
finder's objective Jrnsps Light from an infinitely 
distant target would arrive along lines TG and T'H % 
while 1 light fiorn a target distance R would airive 
along linc*s TC and Th. The objectives, located at 
C and // and with their axes on lines TG and 77/ 
respectively form images of the target T at J and 
at K respectively. With an infinitely distant target, 
ohjec five H would form its image at L rather than 
at K. This displacement 7, equal t*> LK , is called 
the parallactic displacement and. since triangles 
TG1I and HLK are similar, is the measure of range. 
The equation is 


R 


bf 

d 




Fig. 3. View in superposed field rangefinder, (a) Im- 
ages in coincidence, (b' Images unmatched. 




Fig. 4. View in split-field rangefinder, (a) Images 
matching, (b) Images unmatched. 
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The optical arrangement of a typical military co- 
incidence rangefinder is shown in Fig. 6. The range- 
finder is adjusted so that if the object being viewed 
is at infinity both images of the object are seen ex- 
actly superimposed. If the object is closer than in- 
finity, the image formed by objective G is displaced 
by a deviation means such as prism D in the man- 
ner and amount described by the rangefinder equa- 
tion, so that superimposition is achieved. The 
amount of such displacement is shown on the scale 
as the distance reading. Other means for obtaining 
deviation include oppositely rotating wedges (di- 
asporometer ) , two equal coaxial oppositely ar- 
ranged prisms with variable spacing, and slidable 
positive and negative lenses (swing wedge) . 

stereoscopic rangefinders. These are entirely 
different, although externally they resemble coin- 
cidence rangefinders except for the fact that they 
possess two eyepieces. Both eyes are used with this 
instrument, rangefinding being accomplished by 
stereoscopic vision (see Stereoscopy). It is essen- 
tially a large stereobinocular fitted with special 
reticles which allow a skilled user to superimpose 
the stereo image formed by the pair of reticles over 
the images of the target seen in the eyepieces, so 
that the reticle marks appear to be suspended over 
the target and at the same apparent distance. In the 
typical stereoscopic rangefinder (Fig. 7) the objec- 
tives form their images in the plane of their re- 
spective reticles. A diasporometer in one half of the 
instrument is used to vary the angle between the 
beams reaching the eyes from the target until it 
equals that between the beams reaching the eyes 
from the two reticles, at which point the reticle 
image appears to be at the same distance as the tar- 
get. 

Rangefinder errors. The accuracy of a range 
finder depends upon the accuracy of the eye in 


7 7 ' 



Fig. 5. Range triangle for military coincidence range- 
finder. 



Fig. 6. Military coincidence rangefinder. 
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Fig. 7. Stereoscopic rangefinder. 

judging the coincidence of two lines, n, well 
upon the characteristics of the instrument and thf 
range distance. Rangefinder errors are proportional 
to the square of the range and inversely propor 
tional to the base length and to the magnification 
A 1-meter base and a 3-meter base Rangefinder of 
15 power would have errors of 7.3 and 2.7 yard^ ai 
1000 yards range and 470 yards and 170 yards at 
8000 yards range respe* tively. 9 

Heightfinders. These are modified foinis of 
xangefinders originally used in the directing of 
antiaircraft fire. A heightfinder depends for ii- 
operation upon the knowledge of the range H tu 
the aircraft and its angle of elevation 0. The he ght 
is 

H = R sin 6 

In practice, one way that the height ma\ \* 
measured is by multiplying range and elevation 
angle in a gear train computer. Another method 
employs an additional pair of deviation pn^ 
within the rangefinder, geared so as to produce a 
deviation which varies as sin 0. 

Depression rangefinders. These are used m coa-t 
defense positions where such instruments can be 
installed on a cliff top, and this elevation is used 
the rangefinder base. The device measures the de 
pression angle of the target, which it converts di 
rectly to range after including necessary correc 
tions for tide, curvature of the earth, and refraction 
of the atmosphere. 

Stadia methods of rangefinding. These are suit 
able for some applications. If the size of the obi^ 1 
is known or can be guessed accurately, its distance 
can be determined by measuring its size in the eye 
piece reticle of a telescopic system. See 
optical; Prism, optical. f , * KK ' 

Bibliography : C. H. Von Hofe, Fernoptik , 

D. H. Jacobs, Fundamentals of Optical Engin ( * r 
ing 9 1943; A. Konig, Die Fernrohre und Em!* 1 
nungsmesser , 1937. 



Rankine cycle 

\ thermodynamic cycle used as an ideal standard 
for the comparative performance of heat-engine 
md heat-pump installations operating with a con- 




Ranlune-cycle diagrams (pressure-volume and temper- 
ature-entropy) for a steam power plant using super- 
heated steam. 


deniable vapor as the working fluid. Applied typi- 
( allv to a steam power plant, as illustrated, the 
1 vr l p has four phases: (1) heat addition hede in a 
boiler at constant pressure p^ changing water at h 
U) superheated steam at e, (2) isentropic expan- 
s|(,n rt in a prime mover from initial pressure p i to 
back pressure (3) heat rejection fa in a con- 
dcnser at constant pressure p? with wet steam at / 
inverted to saturated liquid at a, and (4) isen- 
l, opi( compression ab of water in a feed pump 
hnm pressure p^ to pressure p}. 

This cycle more closely approximates the opera- 
j. Jons a real steam power plant than does the 
-araot cycle. Between given temperature limits it 
°ne[ S a j ower id ea i thermal efficiency for the 
inversion of heat into work than does the Carnot 
standard. Losses from irreversibility, in turn, make 
p conversion efficiency in an actual plant less 
lan the Rankine cycle standard. See Carnot 
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cycle; Refrigeration cycle; Thermodynamic 
cycle; Vapor cycle. [t.b.] 

Bibliography. T. Baumeister (ed.), Marks 9 
Mechanical Engineers 9 Handbook , 6th ed., 1958; 
G. A. Hawkins, Thermodynamics , 2d ed., 1951; 
J. H. Keenan, Thermodynamics , 1941. 

Rapakivi granites 

A term originally applied to those granites with 
abundant, large, ovoid crystals of potash feldspar 
(orthoclase or microcline), commonly mantled by 
sodic plagioclase (oligoclase or albite) and em- 
bedded in a matrix of quartz, potash feldspar, 
plagioclase. biotite, and hornblende. The ovoid 
cores may contain grains of the matrix minerals ar- 
ranged in concentric bands. The term rapakivi is 
now commonly applied to any granite with rela- 
tively large mantled crystals of potash feldspar 
(rapakivi structure). More specifically, rapakivi 
structure embraces an ovoid core mantled by small 
prisms of oligoclase in more or less radical or tan- 
gential arrangement. Best known are the immense 
bodies of Precanibrian rapakivi granite in Finland 
and Sweden. 

Many theories have been advanced to explain 
these puzzling rocks. Very likely, mantled crystals 
may form by various means. Rapakivi structure may 
he attributed to (1 ) direct crystallization of granite 
magma in which a shift in equilibrium conditions 
has resulted from changes in pressure, temperature, 
composition, or volatile content; (2) late-magmatic 
or post magmatic reconstitution of the rock: or (3) 
metasomatic replacement of older rocks, in some 
rases in combination with granitization. See Gran- 
ite; Gkaniti/ation ; Magma; Metasomatism. 

[C.A.CA.] 


Rape 

A member of the cabbage family. Rape (Brassica 
napus) does not form a compact head, however. 
Rape belongs to the plant order Papaverales. 
Leaves are bluish-green, deeply lobed and curled, 
and reach a length of TY> 2 ft. Rape has small yel- 
low flowers and tiny black seeds. Two types are 
grown, annual, for seed, and biennial, for forage. 
Rape grows well under a wide range of climatic 
and soil conditions. In the United States rape is 
grown mainly for hog and sheep pasture. 

Rape for forage is grown in most parts of the 
United States. Dwarf Essex is the principal variety. 
However, rape is also grown for seed, principally 
in Montana, Idaho, and Oregon where birdseed 
varieties are sown. Average production of rapeseed 
in the United States for the two years 1949 and 
1954 was 2,220.493 lb, valued at $155,659 on the 
farm. Rape for seed is grown more extensively in 
Europe. 

Rapeseed is used to some extent for edible pur- 
poses and for soap making. It is also a source 
of oil. which is used chiefly in mixtures with min- 
eral oils for lubrication, or alone for tempering 
steel plates. The refined oil is known as colaz oil. 
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Rare-earth elements 



Rape, Brassica napus. (a) Dwarf Essex, xYi 2 (from 
L. H Bailey, ed.. The Standard Cyclopedia of Horti- 
culture, vo I. 3, Macmillan, 1937). (fa) Winter {USD A). 


Rapeseed cake, the residue from oil extraction, is 
valuable for feed and fertilizer. See Cabbage; 
Papaverales; Vegetable growing. [a.b.b.] 

Rare-earth elements 

The name given to the group of chemical elements 
from atomic number 58 through atomic number 
71. The name is really a misnomer because they 
are neither rare nor earths. When the early mem- 
bers of the series were first discovered, they were 
concentrated in the oxide form. Since these oxides 
somewhat resemble the oxides of calcium, mag- 
nesium, and aluminum, which were then known as 
the common earths, these elements were called the 
rare earths. Cerium, however, is reported to be 
more abundant in the earth’s crust than lead, 
yttrium more abundant than tin, and even the 
scarce rare earths, except promethium, are more 
abundant than the platinum-group elements. 

All these elements form trivalent salts which, 
when dissolved in water, exhibit very similar 
chemical properties. The elements scandium, yt- 
trium, lanthanum, and actinium in the Ilia column 
of the periodic table also show the same similar 
properties in aqueous solution. The elements yt- 
trium and lanthanum are always found associated 
with the rare earths in nature. For this reason, 
these elements are also very frequently included 
among the rare earths. See Mona/itl. 

The true rare earths (atomic numbers 58 
through 71) originate from the fact that as the 
atomic number increases in this part of the peri- 
odic table, the increased charge on the nucleus is 
compensated for by the filling of the incomplete 


inner shells by electrons. These shells, however 
play almost no role in the valence forces between 
atoms. This group of elements is sometimes re 
ferred to as the lanthanides (see Lanthan, Df 
contraction). The elements with atomic number* 
90 through 103 also occur in the periodic table 
at a place where a similar inner shell is filled I n 
many ways they resemble the lanthanides, but th ey 
are frequently referred to as the actinide rare 
earths (see Actinide eiements). Both groups are 
usually displayed at the bottom of the periods 
table as an appendage of two rows labeled rare 
earths. See Periodic table. 

Uses. The rare-earth metals show great afbrni> 
for nonmetallic impurities such as oxygen, nitro 
gen, carbon, and hydrogen. Considerable quanti 
ties of mixed rare-earth metals are used, therefore 
as “getters” in the metallurgical industry The 
elements exhibit very complex spectra when 
heated, and they give off an intense white light 
Consequently, mixtures of these earths are u«ed 
in cored carbon arcs in the motion-picture mdu* 
tr>. Numerous commercial uses are found foi the 
individual rare-earth elements. Some are used a* 
burnable poisons in the nuclear reactor mdustr\ 
See Cerium ; Dysprosium ; Erbium ; Ei Horn m 
Gadolinium; Hoi.mium ; Lanthanum: Iin 
tium; Neodymium; Prasi om mii m ; Promf 
thium; Samarium; Scandium; Tlrbiim; I hi 
lium; Yiierbium; Yttrium. 

Occurrence. Although the rare eaMh^ arc widrh 
distributed in nature, they generally occur m low 
concentrations. They also are found in high ion 
centrations as mixtures in a number of mineral* 
(Tatrie 1). Monazite, xenQtime, and bastnasire arr 
among the more important ores. These miner il- 
are usually concentrated from other rock and mm 
erals by mechanical means, such as flotation or 
magnetic cross-belt separation methods. The i ai< 
earths are leached from the minerals with and in 
the case of the phosphate or silicate mineral* 
Some minerals, such as the columbotantalate- 
have to be heated with carbon or treated wit‘i 
strong caustic before being leached bn Oiu 
DRESSING. 

Separation. The mixed rare earths can l»t 
separated from the acid solutions by means of 
oxalate precipitation; ignition of the oxalate g've* 
a mixed rare-earth oxide. They are frequently ron 
centrated by ion-exchange methods directly, usm? 
the acid leach from the minerals. 


Table 1. Some common rare-earth minerals 

Mineral Crystal form Formula composite 011 * 


Monazite Monoclinic 

Xenotime Tetragonal 

Gadolinito Monoclinic 

Bastnasite Hexagonal 

Sarnarakite Orthorhombic 

Ferguaonite Tetragonal 

Euxenite Orthorhombic 

Yttrofluorite Cubic 


1PO4 with Th«(PO«)< 
YPO* o ^ 
loO FeO YtOa 28iOi 
CeFCO* ^ . n. 
UO*)iO Y*0« 3(Nb.Tn)*0' 

V-A../WK ToltOl 


* Only the most abundant rare earth is listed Ce ro |oe ^ l ^ v y 
in light members of the rare-earth group Y minerals rich 1 


members of the rare-earth group. 
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The rare earths occur in solution as hydrated 
trivalent ions whose properties are very much 
alike; therefore, they tend to form mixed crystal 
u recipitat es or solid solutions. A single chemical 
operation only slightly enriches one rare earth over 
another; thus, to isolate pure compounds of the 
individual elements by these methods, the proc- 
essejl have to be repeated many times. 

Historically, the elements were purified by frac- 
tional processes such as fractional crystallization 
01 f? actional decomposition. The enormous amount 


Table 2. Rare-earth metals 



Melting 

Boiling 

Deu&ily, 

1 leat of 
vapori- 
Atomic zaiinn, 

Metallic- 

Elec t rical 
resistivity 
at 300°K, 

Residual 
resistivity, at 


Atomic point, 

point, 

K/cni* 

vol- heal /mole 

radius, 

ohiu-cm 

4.2° K, ohm- 

Klcmcut 

no. °C 

°K 

at 298°K 

ume at 298 U K 

A 

X 10 8 

cm X 10 8 


n .milium. Sc 21 1539 3000 2.992 15.03 82 1.6412 

\ttinmi. Y 39 1509 3500 4.478 19.86 93 1802 

Lanthanum, La 57 920 37 42 6.174 22.5 96 1.88 

(mum, (> 58 795 3741 6.771 20.7 95 1.825 

p, (Neodymium, Pr 59 935 3100 6.782 20.78 85 1.829 

Vvxlvmium, Nd 60 1024 3300 7.004 20.6 76 1.823 

Pnmiclhium, Pin 61 

sam.u linn, Sin 62 1072 -2200 7.536 20.0 50 1.802 

I uiopimn. Ku 63 826 1762 5.259 28.9 42 1.985 

(.adoliniuni, Gd 61 1312 -3000 7.895 19.88 81 1.804 

h ilmiiii, 11) 65 1356 -3000 8 272 19.21 92 1.781 

iHspmsium, Dy 66 1107 -2600 8.536 19.03 71 1.773 

(Minium, Mo 67 1461 —2600 8.803 18.74 72 1.766 

Lrtmim, Kr 68 U97 -2900 9.051 18.47 75 1.758 

I iuilium, Tm 69 1545 2000 9.332 18.15 57 1.748 

Ulfihium, M> 70 821 —2200 6.977 2 4.8 40 1.9397 

I uti't linn, Lu 71 1652 -3500 9.812 17 78 103 1.733 

Com pres- Young’s Crystal structure at 

sibility, modulus, Poisson’s room temperature 

Smliol cm 2 /kg dynes/ciri 2 ratio (25°C) Allotropic forms 

S hex. (to 1335°C), a — 3.3080 A, bcc (above 1335 C C) 

c = 5.2653 A 

) 2 09 X 10 6 6.63 X 10 11 0.265 hex. (to 1459°C>, a = 3.6451 A, bcc (above 1459 C), a = 3.90 A 

r - 5.7305 A 

Ixi 3.2 X 10 6 3.84 X 10 n 0.288 hex. (to 310°C), a - 3.770 A, fee (310-868°C), a « 5.303 A 

c = 12.131 \ bcc (above 868°C), a = 4.26 A 

Ce 4.9 X 10 8 3.00 X L0 11 0.248 fee ( - 10 to 7.‘<0°C), a = 5.1604 A fa (below -150°C), a = 4.85 A 

hex. (-150 to - 10°C), 
a - 3.68 A, c - 11.92 A 
bcc (730°C to ran), a = 4.12 A 

Pr 3.28 X 10 8 3.52 X 10 11 0.305 hex. (to 798°C), a = 3.6702 A, bcc (above 798°C), a = 4.13 A 

c = 11.828 A 

'W 3.0 X 10 8 3.79 X 10 11 0.306 hex. (to 868°Cj, a = 3 6582 A, bcc (above 868°C), a = 4.13 A 

c = 11.802 A 
Pm 

s m 2.56 X 10 -8 3.41 X 10“ 0.352 rhom. (to 917°C), a = 8.996 A, bcc(?Kabove 917°C), a = 4.07 A 

a = 23°13' 

Eu 6.99 X l0- fl bcc, a = 4.578 A 

( ’d 2.52 X 10~ 8 5.62 X 10 11 0.259 hex. (to 1262°C), a = 3.6315 A, bcc (above 1262°C), a = 3.9 A 

1M c = 5.777 A 

U) 2.45 X 10"® 5.75 X 10 11 0.261 hex. (to 1310°C), a = 3.5990 A, bcc (above 1310°C), a « 3.9 A 

c — 5.696 A 

2.39 X 10"® 6.31 X 10“ 0.243 hex. (to 1360°C), a « 3.5923 A, bcc (above 1360°C), a = 3.9 A 

If c - 5.6545 A 

lto 2.14 X 10 8 6.71 X 10 11 0.255 hex. (to 966°C), a = 3.5761 A, bcc (unknown), a * 3.9 A 

r c = 5.6174*A 

hr 2.11 X 10-« 7.33 X 10 u 0.238 hex. (to 917°C), a - 3.5590 A, 

r c * 5.592 A 

2.6 X 10“ 8 hex. (to 1004°C), a = 3.5372 A, 

VL c — 5.5619 A 

; b 7.12 X 10“* 1.78 X 10” 0.284 fee (to 798°C), a = 5.481 A bcc (above 798°C), a = 4.44 A 

Lu 2.3 X 10-« hex. (to 1400°C), a - 3.5050 A, 

_ c = 5.5486 A 

^ ex, » hexagonal; bcc, body-centered cubic; fee, face-centered cubic; rhom., rhombohedral. 


68.2 0.7 

65.5 5.9 (1.3°K) 

106.1 6.2 

90.6 0.6 

131.3 4.4 

115.3 3.5 

93.6 2.4 

81.8 7.0 

86.5 4.7 

68.3 5.6 

28.8 2.3 

58.5 4.5 


of work involved permitted the separation of only 
very small amounts; consequently, the pure rare 
earths were very costly and gained the reputation 
of being rare. Fractionation methods are still used 
commercially to separate crude rare earths and 
for lanthanum and cerium particularly, since 
cerium can then be separated from lanthanum by 
taking advantage ot the quadrivalent state of 
cerium. At present, the other members of the rare- 
earth series are purified by means of ion-exchange 
processes, although, if too high purity is not de- 
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sired, liquid-liquid extraction processes can be em- 
ployed. Some of the rare earths which show anoma- 
lous valence are separated from the other rare 
earths by taking advantage of this valence prop- 
erty. 

Properties. The rare-earth elements are metals 
possessing distinct individual properties which 
make them potentially valuable as alloying agents. 
They are usually reduced thermally by treating the 
anhydrous halide with calcium, lithium, or other 
alkali metals and then remelting under vacuum to 
volatilize the last traces of the redurtant. They can 
also be reduced electrolytically from fused salt 
baths as is done commercially for cerium and 
mischmetall (a mixed rare-earth metal, mainly 
cerium, with small amounts of iron present). 

Table 2 gives the properties of the metals. The 
anhydrous solids also show greater difference in 
properties between the elements than do the 
hydrated salts. 

The rare earths form organic salts with certain 
organic chelate compounds. These chelates, which 
have replaced the water around the ions, enhance 
the difference in properties between the individual 
rare earths. Advantage is taken of this technique 
in the modern ion-exchange methods of separation. 
See Chflation; Chromatography ; Ton v x- 
(Hance; Magnltochfmistry; Transition fif- 

Mf NTS, f b H.SP ] 

Bibliography : D. f. Hughes and R B. Schwartz. 
Neutron Cross Sections , 2d ed., 1958, suppl no 1. 
1960; J. E. Powell et ah, The separation of rare 
earths, /. Chem. Educ ., 37(12) :629 6.13, 1960; 
F H. Spedding and A. H Daane, Symposium on 
Rare Earths , 1961, F. H. Spedding and A. H. 
Daane, The rare-earth metals. Met . Revs ., 5:297- 
348, 1960; D. Strominger et al.. Table of isotope*, 
Revs . Modern Phys. 9 30(2) :585-904, 1958. 

Raspberry 

The horticultural name for those species of the 
genus Rub us , plant order Rosales, in which the 
fruit, when ripe, separates thimblelike from the re- 
ceptacle. Raspberry plants are upright shrubs 
with perennial roots and prickly, biennial canes 
(stems). There are several species, both American 
and European, from which the cultivated raspber- 
ries have been developed. Varieties are grouped as 
to color of fruit black, red, and purple, the last 
being hybrids between the red and black types. 
Red raspberries, with upright canes, are propa- 
gated by sinkers or by root cuttings (Fig. 1) ; the 
black varieties, with long canes which arch over 
and touch the ground, are propagated by tip lay- 
ers. The hybrid purple varieties are usually propa- 
gated bv tip layers. See Stfm (botany). Rasp- 
berry breeding has been carried on so extensively 
that all the important red and purple and most of 
the black varieties are the result of breeding exper- 
iments. Raspberries are grown extensively in home 
gardens over most of the United States. Leading 
states in commercial production are Michigan, 
Oregon, New York, Washington, Ohio, Pennsyl- 



Fig. 1 Red raspberry, London variety. ( USDA ) 


vania, and Minnesota Annual production usiidlh 
grosses around $11,000,000 at the fa*m Allhough 
the fruit is sold fresh for dessert purposes i 
canned, and is made into jelly or jam, quick tree/ 
ing is the most important processing method Ser 
Breeding (piani); Fruit growing (smui) 
Rosales. [ j h < r i 

Raspberry and blackberry diseases. The dh 

eases of raspberries and blackberries are similar 
but there is a great difference between the 
crops in the amount of damage sustained 

Anthracnose This is a disease (Elsmot nnetai 
occurring on the canes (stems) of all heiries, mo^ 
destructive on black raspberries (Fig 2) Tlu dh 
ease appears on the lower parts of the stem^ a s 
round or oval spots with raised, purple edges and 
sunken, grayish centers. Infected canes are brittle 
susceptible to winter injury, and may dry up and 
die. Anthracnose is controlled by removing imnu 
diately after harvest the old canes on which the 
fungus spends the winter, and by spraying with 
sulfur, copper, or dithiocarbamate fungicides i 
somewhat similar disease, leaf and cane spot ($*P 
toria rubi ), is common on raspberries in eastern 
North America and on blackberries in the western 
part. This disease is kept under control when t e 
plants are sprayed for anthracnose. 

Verticillium wilt. This disease ( Verticilh uffl 
albo-atrum) which attacks all cane berries is * 
structive on black raspberries, but seldom cau^ 
serious damage to blackberries. It is most severe 
on plants grown in poorly drained soils. The ^ 
ease causes a yellowing, wilting, and dropping ^ 
the leaves that progresses from the giound upw* r 
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p ( g 2 Anthracnose disease on canes (stems) of black 

raspberry 

until the cane is defoliated. Frequently there 
iUo a bluish discoloration of the ranes, and even- 
iall\ tin* plant dies. Only disease-free plants 
"linubl he used, and thev should he set out in a 
wtll drained soil that has been free for at least 4 
\ i ir- imni wilt-susceptible crops, such as potatoes, 
*«>nuitoc s. eggplants, peppeis, and strawberiies. 

(transit' nt'it. This fungus disease [Gymnocoma 
nttrsimales) attacks blackberries and black rasp- 
lirrnes, but not the red or purple raspberries. The 
Jhf\ive hrst appears as tiny black dots on the up- 
[Mi mu iaie of newly unfolded leaves. Later the un- 
<lu mu lace of infected leaves is covered with a con- 
[>i< nous mass of orange-yellow waxy spores. The 
tungu^ invades all plant parts and diseased plants 
H'ur leiover. Infected plants should be destroyed 
pi orn pt 1 \ , and only disease-free nurse? \ stock 
lumld hr* planted. Several other species of rust 
lui’Ki are found on blackberries and raspberries. 

f ir/n diseases. These diseases, including mo- 
Siil< s > curls, and streaks, are the primary cause of 
^ productivity or running-out of cane berries. 
^ of these diseases has distinctive symptoms, 
I" 11 all are systemic, and infected plants never re- 
lov cr In addition to being spread by propagation 
r, »m infected plants, the virus diseases usually are 
'Mn^mitted from diseased to healthy plants by in- 
that feed on the plants. Viruses are not known 
f " be spread by pruning or other cultural prac- 
* H< ‘ S Mosaics and leaf curls cause widespread 
,irnj R e in black and red raspberries, but seldom 
^ blackberries. The streaks affect black rasp- 
Prrus an d blackberries. Measures used for con- 
i'* of dll virus diseases of cane berries are use of 
lipase-free planting 9tock; isolation, removal, and 
^nation of infected plants; spraying or dusting 
c °ntrol of insect vectors; and use of resistant 
or l °leiant varieties. 


Other important diseases. Raspberries and 
blackberries are also susceptible to other impor- 
tant diseases, such as crown gall ( Agrobacterium 
tumefaciens ), spur blight (Didymella applanata ), 
powdery mildew ( Sphaerotheca hamuli }, cane 
blight (Leptosphaeria coniothyrium ) , and fruit 
rots ( Botrytis spp.). See Plant disease; Plant 

VIRUS. [E.K.V.] 

Rat 

Any of a large number of medium-sized rodents, 
usually with long tails, found throughout the world. 
The Norway rat, Rattus norvegicus , is the common 
pest of city and country. The name rat in common 
usage usually refers to this species. The Norway 
rat is a member of the Old World rats and mice, 
family Muridae, but has spread by introduction 
throughout the world. It is an exceedingly destruc- 
tive rodent, and is also the common source of bu- 
bonic plague, transmitted from infested rats to 
man bv the bite of certain fleas. The white rat used 
in biological research is an albino strain of this 
species. The roof rat, Rattus rattus , is a related 
Old World species found along the coasis of the 
United States, especially in the South. 



Neotoma lepida, the desert pack rat. ( Karl Maslowski, 
National Audubon Society ) 


Many New World rodents are called rats. These 
include the white-footed wood rats of the genus 
Neotoma , several of which are called pack rats. 
The cotton rats, genus Sigmodon , and the rice rats/ 
genus Oryzomys , are common southern rodents. 
The western long-t ailed, jumping, kangaroo rats, 
genus Dipodomys , are among the most beautiful 
and interesting mammals. See Rodentia fj.D.B.] 

Rat-bite fever 

There are two diseases transmitted by the bite of a 
rat, each with distinct etiology and symptomatol- 
ogy. One is due to a spiral organism, Spirillum 
minus , and the other to Streptobacillus monili - 
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formis. Spirillum minus is a short, thick, spiral 
organism 2-5 /t in length, which has three angular 
curves polar flagellae, and a rapid darting motion. 
It has not been cultivated in artificial media. See 
Bactlroidacf.ae ; Spirii la( kak. 

Streptobacillus moniliformis is a gram-negative, 
pleomorphic organism 2 15 p in length, which 
grows in chains, interspersed with swollen bodies 
among the bacillary forms. It commonly inhabits 
the nasopharynx of wild and laboratory animals. 

Spirillary rat-bite fever. Following a bite the 
wound heals promptly, but after a period of 5-28 
davs theie is sudden onset of symptoms, including 
a flare-up of the wound site which may subse- 
quently ulcerate, regional lymphangitis and Ivm 
phadenitis. chills, relapsing type of fe\er, macular 
skin rash, malaise, headache, and often false-posi- 
tive serologic tests for syphilis. A leukocytosis is 
present and the spleen is enlarged. Fever mav con- 
tinue foi weeks in untreated cases. .See Sfkoiogy; 
Syphilis. 

Definitive diagnosis is bv demonstration of or- 
ganisms undet dark-field inicroscop\ in exudates 
from the local lesion and in material aspirated 
fiom the enlarged tegional lymph node, or by inoc- 
ulation of these materials intrapci itoneallv in 
guinea pigs or mice. Penicillin and the tetiacy- 
clines are therapeutically effective. .See Ba< ifri- 

OLOGY. MI OI( AI . 

Streptobacillary fever. Most cases of the disease 
have followed a rat-bite, although sporadic eases 
have been reported in whic h no direct contact with 
rats could he established. Following a bite, the 
local wound ordinarily heals, hut occasionally an 
abscess develops. The omet of the disease alter an 
incubation period of 1-5 days is abmpt, with chills, 
fever, vomiting, headache, severe pains in the hack 
and joints, a maculopapular uish, and leukocytosis. 
Acute arthritis is one of the most prominent and 
persistent symptoms. False-positive tests for syphi- 
lis are rare. Relapses arc uncommon. 

An agglutination titer of 1:80 or higher using 
the streptobacillus as antigen is regarded as diag- 
nostic; a fourfold or greater rise in titer is espe- 
cially significant. 

Penicillin and stieptomyc in arc therapeutically 
effective. .See Penh iu IN; SlKf pioivtyc IN. [ i.b.i.J 

Ratchet 

A wheel, usually toothed, operating with a catch or 
a pawl so as to rotate in a single direction, as il- 
lustrated. A ratchet and pawl mechanism locks a 
mac hine such as a hoisting wine h so that it does not 
slip (see Brake). The locking action may serve to 
produce rotation in a desired direction and to dis- 
engage in the undesired direction as in a diill 
brace. A further adaptation is to drive the catch in 
a to-and-fro motion against the ratchet to produce 
intermittent circular motion. The catch or pawl 
may be of various shapes such as an eccentrically 
mounted disk or ball bearing. Gravity, a spring, or 
centrifugal force (with the catch mounted internal 



Toothed ratchet is driven by catch when arm moves to 
left; pawl holds ratchet during return stroke of catch 
In roller ratchet, rollers become wedged between 
driver and follower when driver turns faster than fol 
lower in direction of arrow. 


to the ratchet) are commonly used to hold the paw I 
against the'YaJchel ( see Pawi ). A idtdiet and p<nl 
piovides an arresting action, whereas an pMajx 
ment provides an arresting action followed 1>\ \ 
self-initiated momentaiy release (see Tscaim 
mi nt ). In high-speed machines, the abrupt at t ion 
of a toothed ratchet pmdmes seveie shock In smb 
situations, a continuously variable yet duet tionalh 
sensitive action is achieved by wedging rollers ( ,i 
specially shaped sprag^ between the* input and 
output members 1 1 u i 

Bibliography: P fl Black. Madunv Design 2d 
ed , 1955. 

Rate-of-climb indicator 

An mstiumcnt used in airciaft to indicate veitic il 
speed, oi rate of climb, and level flight The uislm 
ment contains a small, closed volume which i 1 - f 



Operation of a climb indicator. 


ternally subjected to static pressure and interne ' 
vented through a capillary tube or its rquiva< nl 
When the static pressure is changing at a definite 
rate, as in climb or descent, the pressure diff**^ 4 
across the capillary tube is sustained at a ' al | r 
proportional to rate of climb or descent by «j c a * 
flow through the tube. A metallic corrugated 
phragm forms part of the closed volume and df ^ 
proportionally to the pressure difference. The 1 


h calibrated in feet (or meters) per minute climb 
a nd descent, in accord with the altitude-pressure 
relation of the standard atmosphere used to cali- 
brate altimeters. [w.g.b.] 

Ratites 

\ group of flightless, mostly very large birds, 
formei 1) segregated as a superorder Palaeognathae. 
Xbe^e birds have certain anatomical features in 

i oinnion. including a steinum without a keel, 
powerfully developed legs, an often reduced num- 
ber of toes, lax plumage, and large size (except 
iht kiwis). The Palaeognathae were supposedly 
,hjrarteri7ed by a “palaeognathous” arrangement 
( ,j the bones of the palate region, hut S. McDowell 
„b«med that this palate structure varied from order 
lo order The Ratites probahlv repiesent several 
distinct lines of evolution, each of which has 
piodmed large flightless birds. See Afcvormihi- 
JORMI s; Amehywi or mi s; Anes; Casuariii or- 
mis, Dinorni mil ormi:s; Riimi ormks; Stritihi- 

oMIORMIS. | K.f .1*. | 

Rattlesnake 

\n\ of about 45 pit vipers, family Crotalidae, of 
I lie New World, of which 15 arc found in the 
hilled Males The\ aie rliarac teri/ed b\ a tattle 
on the end of the blunt tail consisting of a seiies 
oi inrnifled elements, each representing a remnant 
o' a shed snakeskin Since a snake mav shed thiee 

ii loin times a year, depending upon fond and the 
hpgth of the* season, the idea that a lattlosnake's 

( in he determined b\ the number of rattles is 
voiig Furthermore, the terminal rattles are easily 
lost so that very large snakes seldom haye mor** 
'hun U) 12 rattles at any one time. 

Rattlesnakes \arv greatly in si/e. 'Hie smallest is 
hn pigmy rattlesnake, Sistrurns mrharus , of the 
southeastern and south central United States, 
''hull is rarely 2 ft long, and whose rattle is m» 
s mall that, it can hardly be heard. The related 
Midssdsauga. .S ratenatm s, found from New York to 
Mc*\in>, is. only slightly largci. The largest arc the 
species of diamondback rattlesnakes, the east- 
MTi ( harnondback. Crotalus adamant eus, and the 
b'xas diamondback. C. atrux. Either may reach a 
length of 90 in., and specimens 6 ft long are com- 
monpldrc*. The eastern species is most abundant in 
hoida, hut ranges from North Carolina to Louisi- 
dna ln Coastal Plain. C. atrox occurs from 
N, uitlieastor n Missouri south and west to California 
i an northern Mexico: it is most common in the 
j ml lwps *ern states. Other rattlesnakes are found 
^roughoiit most of the United States and southern 
( Panada. arp relatively rare or unknown in much 
Mos a * n,e ^ CW ^ arn P s l 1 l re ' an d northern Vermont. 
Js °? w, ^e|y distributed of the eastern rattlesnakes 
fo ?.^ m ^ er ra ttlesnake, C. horrid us, which is 
d ^ * n northeastern part of the United States 
f nnu WeSt ^ ar< ^ *° ^ reat Pl a l ns an( J Texas. Still 
^7 * n ™ an y places in spite of attempts to 
c Jl nut, it is a thoroughly dangerous animal. 
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Except for the smaller species, the bite of any 
rattlesnake may prove fatal, and even the smaller 
species or young snakes may inflict a painful bite. 

Like almost all pit vipers, the young of rattle- 
snakes are horn alive. Their food consists mainly 
of warrn-hlooded vertebrates, especially rodents, 
but birds, frogs, toads, other snakes, and insects 
are sometimes eaten. See Sqtamata. [j.D.b.] 

Rauwolfia 

A genus of mostly poisonous, tropical trees and 
shrubs of the dogbane family ( Apocynaceae) . Cer- 
tain species are the source of valuable emetics and 



Rauwolfia serpentina (L. Benth. (From R. E. Woodson, 
Jr., H. W. Youngken, E. Schlitter, and J. A. Schneider , 
Rauwolfia. Botany , Pharmacognosy , Chemistry and 
Pharmacology , Little , Brown , 1957) 

cathaitics. The species. Rauwolfia serpentina, has 
re< rived special attention as the source of tranquil- 
i/ing drugs. For centuries, in India, the drug has 
been used in the treatment of hypertension. It 
came into use in western countries because of its 
effee t in reducing blood pressure. Although not a. 
sedatiye, as that teim is usually c onstrued, it often 
has a quieting influence on the patient receiving it. 
Among the purified alkaloids obtained from Rau- 
wolfia serpentina , reserpine (Serpasil) is perhaps 
the one most used as a tranquilizing agent. See 
Gentian ales ; Tranqijii izf.r. [p.d.s.] 

Raven 

A large crow. Con us corax , of the Holarctic. Al- 
though the rayen is absent from areas of dense 
populations, it is still common in Canada, in the 
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The American raven, Corvus corax smuatus ( Robert 
C Hermes , National Audubon Society) 

mountainous arid areas of the western United 
States, and along rockv coasts. Its American range 
extends from Alaska and Greenland to Honduras. 
It is present in Michigan and Minnesota in limited 
numbers, and it is occasionally found as far south 
on the Atlantic coast as North Carolina. Tht* 
raven is about twice as large as the common crow, 
but is best distinguished by its hawklike flight. It 
will kill poultry and young lambs, blit lives mainly 
upon carrion, rabbits, and rodents. See Grow, 
Passerif ormfs. r J D B -1 

Raw water 

Water obtained from natural sources such as 
streams, reservoirs, and wells. Natural water always 
contains impurities in the form of suspended or 
dissolved mineral or organic matter and as dissolved 
gases acquired from contact with earth and atmos- 
phere. Industrial or municipal wastes may also 
contaminate raw water. 

If admitted to a steam generating unit, such con- 
taminants may corrode metals or form insulating 
deposits of sediments or scale on heat-transfer 
surfaces, with resultant overheating and possible 
failure of pressure parts. 

Principal scale-forming impurities are compounds 
of calcium and magnesium, or silica. Principal cor- 
rosive agents are dissolved oxygen and carbon diox- 
ide. In some localities, raw water has a mineral 
acidity. Oil and grease impair wetting and heat 
removal from the steam generating surfaces and 
may also form corrosive scale or sludge. Certain 
organic materials or a high concentration of dis- 
solved solids in the boiler water may cause foam- 
ing which contaminates the steam. 

Raw water can be treated to remove objectionable 
impurities or to convert them to forms that can be 
tolerated. For steam generation, suspended solids 
are removed by settling or filtration (see Water 
treatment). Scale-forming hardness is diminished 


by chemical treatment to produce insoluble p r< ., 
cipitates, removable by filtration, or soluble tom- 
pounds that do not form scale ( see Water softfn. 
ing) . Essentially complete purification is achieved 
by demineralizing treatment or evaporation. Demin 
eralization consists of passing the water through 
beds of synthetic ion-exchange resin particles Cer 
tain of these exchange hydrogen for metallic ca 
tions; others exchange hydroxyl for sulfate, <hIo 
ride, or other anions in solution. The hydrogen and 
hydroxyl ions combine to form water. The resin* 
may be used in separate or mixed-bed arrange 
ments. They require periodic regeneration by <h id 
and alkaline solutions, respectively; the mixed 
resins can be separated for such treatment \ )} 
virtue of their differences in specific gravity 

Evaporation requires expenditure of heat for 
complete vaporization of the water. The vapor i* 
subsequently condensed and collected as purified 
distillate Low-pressure steam is used as a heat 
source; multiple-effect heat exchange pi ovules 
thermal economy See Ffed water. |f(. \ l 

Ray 

Any of several fishes related to the sharks, bul flat 
tened dorsoventrally, *with their pectoral fin^ 
greatly enlarged and broadly joined to the trunk 
The large spiracles and eyes are located doisalh 
Lhe mouth and gill clefts on the ventral surface 



The common sting ray, Dasyatis centroura, length to 
3 ft ( From E L Palmer , Fieldboolc of Natural History 
McGraw-Hill, 1949) 


Most rays live in shallow marine waters, but a 
few occur at depths as great as 9000 ft There ^ 
one genus of fresh-water ray in the Amazon ni*er 
system. Most rays live on the bottom, catching t eir 
food by ambush tactics, but the great manta m 1 
and a few others are free-swimming forms that in* 
near the surface in open water. 

The sting rays have a poison gland opening 
the sharp spine on the tail which, in somf jJP ec1 ^ 
may inflict a serious, or even fatal, sting. Th e 0 
pedo rays have certain muscle cells modifie 
electric organs which can release a seve ^, s ° n 
The guitar fish and sawfish are other we * 
less-flattened rays. See Chondrichthyes. \J 

Reactance . nce 

The opposition that inductance and capacity ^ 
offer to alternating current through t ” e , e f clir 
frequency. Reactance alters the magnitu e 
rent and also changes the circuit phase ang e * 


Inductive reactance Xi. , equals 2irfL, where / is 
the frequency in cycles per second and L is the 
^ e l {.inductance in henries. The voltage E across an 
'nductance reaches its peak 90° before the current 
/ reaches its peak, and / = E/X/. amperes. Capaci- 
tl xe reactance X r equals l/(27r/C) where C is the 
tapacitance in farads. The voltage across a capaci- 
tance reaches its peak 90° later than the current 
reaches its peak and / = E/X r amperes. 

Reactances are components of impedance which, 
m general, includes resistance R and reactance. 

Impedance 

Z = VR 1 -i- (Xl — Xr) 2 ohms 
f nl the series RLC circuit. In terms of complex 
(jiiantities, 

l - R d jX L — jXr = R + j(X L — Xr) ohms 

Hotli reactances have magnitude and angle: -\~j 
means I 90° for X and — j means —90° for X<% 
the angles bv which the voltages across them lead, 
lag, the cm rent. The resulting phase angle he- 
hvrcn voltage and current is 

0 = arctan [ (X L — X r ) /R] 

.md current lags, or leads, the voltage depending 
upon whether X L — Xr is positive, or negative. 
s ,< \i 1 1 rnating-lurrent cir< tin theory. 

| U.L.R.l 


Reaction turbine 

\ ptime mover in which fluid enters under pres- 
ume. passes through stationary guide vanes where 
Mime of its pressure is converted to velocity, and 
(ontinuev through runner blades where the rest of 
,i- piessine is expended in producing mechanical 
rotation (.sec Turbine). Because pressure drops 
•liKHighniit the machine, the proportions of stator 
uni limner must he such that the fluid fills all the 
judges. In larger sizes, the reaction turbine can 
I'c more efficient than the impulse type (.see Im- 
ifisf ri hiiink); in smaller sizes, the impulse 
ui hint* can be the more efficient. [kh.R. | 


Reactor, electric 

^ ( h*\icc for introducing reactance into a circuit. 
Kejriois for particular applications usually have 
id I designations. 

Series reactors. These reactors (also called 
1 in rent-limiting) are used in alternating-current 
| ,,UNPr S vstcms for protection against excessively 
■ d, nn < urrents under short-circuit or transient con- 
fliey are coils of heavy, insulated cable ei- 
«asi i n concrete columns or supported in 
1, ^ , d frames and mounted on insulators. Magnetic 
material is absent because high inductance is not 
neenecl and current under short circuit would satu- 
rd, c a magnetic core, thus reducing reactor effec- 
tless. Series reactors are insulated for greater 
W) ,a s p than other apparatus operated at the same 
'oltage, because they reflect incoming 
* ta ge surges and increase voltage magnitude. In 
r lines exposed to lightning, the voltage re- 
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flections caused by the reactors are reduced by 
lightning arrestors or shunting resistors. 

Shunt reactors. These reactors have a relatively 
high inductance and are wound on magnetic cores 
containing an air gap. The value of the inductance 
is often made adjustable by means of taps on the 
winding. Shunt reactors are used to neutralize the 
charging current of the lines to which they are con- 
nected. Their insulation and construction is similar 
to that of power transformers intended for opera- 
tion on the same kind of power system (see Trans- 
former). [b.l.il; w.s.p.] 

Reactor, nuclear 

A device containing fissionable material in suffi- 
cient quantity and so arranged as to be capable of 
maintaining a controlled, self-sustaining nuclear 
fission chain reaction. When these conditions are 
obtained, a reactor is said to he in a critical condi- 
tion. For a discussion of critical condition see Fis- 
sion. nuclear; Reactor physics. The vernacular 
term pile also identifies nuclear reactors; however, 
its usage is diminishing. It originated when the 
early reactors were constructed by piling blocks of 
graphite and uranium, hence, chain-reacting pile. 
There are many types of nuclear reactors for vari- 
ous applications. See Reactor, nuclear (classi- 
1 If ation) . 

Although all reactors produce heat and nuclear 
radiation, they fall in two broad categories, those 
whose primary purpose is the generation of useful 
heat or power, and those whose purpose is the gen- 
eration of useful nuclear radiation. In the first cat- 
egory are the various types of power, propulsion, 
and heat-generating reactors. In the second cate- 
gory are the various types of research, test, irra- 
diation. and nuclear- fuel-production reactors. 

The principal difference between the two cate- 
gories of reactors is the temperature of the reactor 
and reactor coolant. In the first category, relatively 
high temperatures are required for efficient con- 
version of thermal energy to mechanical energy. In 
the second category, low temperatures are prefera- 
ble because they permit greater ease of utilization 
of the nuclear radiation produced, and incidentally, 
permit the use of materials more favorable for the 
application. See Nuclear aircraft propulsion; 
Nuclear rocket; Reactor, ship propulsion. 

The temperature of the reactor and coolant in- 
fluences the selection of the coolant, the design of 
the coolant system, the mechanical design of the 
reactor vessel and internals, the selection of con- 
trol systems, and reactor safety considerations. 

Other considerations include neutron energy, 
fuel composition, fuel distribution, moderator, size, 
application, and cost. See Nuclear power. 

HEAT REMOVAL 

The heat generated in a reactor is removed by a 
primary coolant flowing through the reactor. In* 
most instances, the heat is removed from the pri- 
mary coolant outside the reactor and the coolant is 
recirculated. Exceptions are the once-through or 
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single-pass systems that employ water or air cool- 
ant. The circulating-fuel-type reactors include fuel 
as a solution or suspension in the coolant. These 
are of the recirculating type but impose the addi- 
tional considerations of fuel circulation external 
to the reactor. 

Heat is not generated uniformly in a reactor. 
The heat flux decreases axially and radially from a 
peak at the center of the reactor, or near the cen- 
ter if the reactor is not symmetrical in configura- 
tion. In addition, local perturbations in heat gen- 
eration can occur because of inhomogeneities in 
the reactor structure. These variations impose spe- 
cial considerations in the design of reactor cooling 
systems, including the need for establishing varia- 
tions in coolant flow rate through the reactor to 
achieve uniform temperature rise in the coolant; 
avoiding local hot-spot conditions; and avoiding 
local thermal stresses and distortions in the struc- 
tural members of the reactor. 

Nuclear reactors have the unique thermal char- 
acteristic that heat generation continues after shut- 
down because of fission and radioactive decay of 
fission products. Significant fission heat generation 
occurs for only a few seconds after shutdown. Ra- 
dioactive-decay heating varies with the dec ay char- 
acteristics of the fission products. 

Accurate analysis of fission heat generation as a 
function of time immediately after reactor shut- 
down requires detailed knowledge of the speed and 
reactivity worth of the control rods. The longer- 
term fission-product-deca> heating depends upon 
prior reactor operation. Typical values of the total 
heat generation after shutdown (as per cent of op- 
erating power) are 10 20% after 1 sec, 5-10% 
after 10 sec, approximately 2% after 10 min, 1.5% 
after 1 hour, and 0.7 % after 1 day. 

Reactor coolants. Coolants are selected for spe- 
cific applications on the basis of their heat-transfer 
capability, physical properties, and nuclear prop- 
erties. There is no one fluid that has optimum prop- 
erties for all reactors. Coolants that have received 
most attention are light water (H 2 0), heavy water 
(D 2 0). air, carbon dioxide (C0 2 ), helium (He), 
diphenyl (Cr,Hr,) 2 , sodium (Na), and sodium-po- 
tassium allov (NaK). Other coolants that have 
been considered but have not found general ac- 
ceptance include bismuth (Bi), lead-bismuth 
(Pb-Bi), mercury (Hg), and various molten salts. 

IFater. Water has many desirable characteristics 
and was employed as the coolant in the first pro- 
duction reactors. Both light and heavy water are 
excellent neutron moderators, whereas heavy wa- 
ter (deuterium oxide) has a neutron-absorption 
cross section approximately V»oo that for light wa- 
ter. 

Water is a reasonably attractive heat-transfer 
fluid; its technology is well developed; it is abun- 
dant and economical. There is no serious neutron- 
activation problem with pure water; N lf \ formed 
by the (n,p) reaction with O 16 (absorption of a 
neutron followed by emission of a proton), is the 
major source of activity, but its 7.5-sec half-life 


minimizes this problem. The most serious limits 
tion of water as a coolant for power reactors is 
high vapor pressure. A coolant temperature 0 f 
550°F requires a system pressure of approximately 
1500 psi. This temperature is far below modern 
power station practice where temperatures j n ev 
cess of 1000°F have become common. Lower ther- 
mal efficiencies result from lower temperatures 
The high pressure necessary for water-cooled 
power reactors imposes severe design problem^ 
which will he discussed later in this article. 

Gases. Gases are inherently poor heat-transler 
fluids as compared with liquids because of their 
low density. This situation can he improved hv in. 
creasing the gas pressure; however, this introduce., 
other problems. Helium is the most attractive ga* 
( it is chemically inert and has good thermody- 
namic and nuclear properties). It is expensive and 
not readily available .outside the United States. It 
is difficult to contain, and leakage contributes sig. 
nificantly to the cost of power produced. Gases arc 
capable of operation at extremely high tempera- 
ture and' they are being considered for special 
process applications and direct-cycle gas-turbine 

applications. 

Organic coolants. Diphenyl and lerpliernl pus. 
sess good neutron-moderating properties and haw 
lower vapor pressures than water. Organic coolant'- 
are noncorrosive and relatively inexpensive. Then 
major disadvantage is dissociation or decomposi- 
tion under irradiation. The decomposition pmdiut- 
can he removed by distillation; however, tin- nH 
of replacement of coolant contributes to the cost <,l 
power produced. 

Liquid metals. The alkali metals, in particular 
have excellent heat-transfer properties and ex- 
tremely low vapor pressures at temperatures ol in- 
terest for power generation. Sodium is the in<»-i 
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Fig. 1. Bulk-shielding reactor. This light-water-moder- 
ated pool reactor is of the heterogeneous enriche 
fuel type and provides high thermal-neutron Bux, 
ready accessibility, and versatility. (From U.S. Atomic 
Energy Commission, Research Reactors , McGrow-” 1 > 
1955 ) 



attractive because of its relatively low melting 
d )0in t (208°F) and high heat-transfer coefficient. 
[ t al^> abundant, commercially available in ac- 
{ pptahle purity, and relatively inexpensive. It is 
n(jt particularly corrosive, provided low oxygen 
(omentration is maintained. Its nuclear properties 
rP fair for thermal reactors and excellent for fast 
n*J< t<» rs - 

s ( ,diiim presents an activation problem because 
\ a » is formed by the absorption of a neutron and 
h in energetic gamma emitter with a 15-hour half- 
1 , |c The containing system requires extensive bio- 
Iniru al shielding, and approximately 2 weeks is re- 
( | UJ ,od for decay of Na‘ J4 activity prior to access to 
,|io svstcm for repair or maintenance. Sodium does 
rl) ,t decompose and no make-up is required. Sodium 
rf< nts violently with water, imposing severe prob- 
lems in the design of sodium-to-water steam boil- 
ers The poor lubricating properties of sodium and 
,f s reaction with air further complicate the me- 
.hann.il design of sodium-cooled reactors. The 
( ,ihei alkali metals exhibit similar characteristics 
aid appear to be less attractive than sodium. The 
enim n< allov of sodium with potassium (NaK), 
however, has the advantage that it lemains liquid 
ir mom temperature. 

Ile.tw metals have been considered for use as re- 
k tm (oolants. Uranium is sufficiently soluble in 
bismuth at high tempeiatures to permit a licpiid- 
inr i svstem. Bismuth also lias an extremely small 
tie nil .1 1 neut ron-absoi ptiori < ross section. It is a 
uldhv-lv poo? heat-transfei fluid, and in addition, 
'fu formation of biologically toxic polonium bv 
nution captuie imposes severe leakage restiic 
ions [’he high melting point (520°F) of bismuth 
i*« ilso a disadvantage. Essentially the same eon 
^dilations applv to lead-bismuth allov. exeept for 
its rnoie favoiable melting point (257°F). 

\llhough men nrv has seen some application as 
' heat transfer fluid, it is not a partieularh attrac 
liw reactor coolant. It has relatively pool heat- 
’unsfer and nuclear characteristics and is toxic 
<nd expensive. 

Molten salts. Sodium hydroxide (NaOH) has 
l»cen considered as a reactor c*oolant, but does not 
‘ppcar attractive except perhaps for very special 
hitjh-temperature applications. The high melting 
temperature, rather poor nuclear and thermal 
Properties, and corrosiveness of most salts are dif- 
^ nit to offset. 

Fluid flow and hydrodynamics. Because heat rc- 
niova l roust be accomplished as efficiently as possi- 
* J lo. considerable attention must be given to the 
mud-flow and hydrodynamic characteristics of the 

s Wctn. 

The heat capacity and thermal conductivity of 
| p fluid at the temperature of operation have a 
undamental effect upon the design of the reactor 
Ms,Pm - The heat capacity determines the mass flow 
0 volant required. The fluid properties (ther- 
conductivity, viscosity, density, and specific 
Pal ) are important in determining the surface 
area rec iuired for the fuel to permit transfer of the 
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heat generated at reasonable temperature differ- 
ences. This, in turn, affects the design of the fuel — 
in particular, the amount and arrangement of the 
fuel elements. These factors combine to establish 
the pumping characteristics of the system because 
pressure drop and coolant-temperature rise are 
directly related. 

Secondary considerations include other physical 
properties of the coolant, particularly its vapor 
pressure. If the vapor pressure is high at the oper- 
ating tempeiature. local or bulk boiling of the fluid 
may occur. This in turn must he considered in es- 
tablishing the heat-transfer coefficient for the fluid. 

Because the coolant absorbs and scatters neu- 
trons, variations in coolant density also affect reac- 
tor performance. This is particularly significant in 
reactors where the coolant exists in two phases, for 
example, the liquid and vapor phases in boiling 
systems. Gases, of course, do not undergo the phase 
change, nor do liquids operating at temperatures 
well below their boiling point ; however, the fluid 
density does change with temperature and mav 
have an important effect upon the reactor 

Power generation and, therefore, the heat-re- 
moval rate are not uniform throughout the "reactor. 
If the mass flow rate of the coolant is uniform 
throughout the reactor, then unequal temperature 
rise of the coolant results. This becomes partiiu- 
lailv significant in power reac tors in which it is de- 
si? ed to achieve the highest possible* coolant outlet 
temperature to attain maximum thermal efficiency 
of the power cycle. The performance limit of the 
coolant is set bv th° temperature in the hottest re- 
gion or channel of the reactor. Unless the coolant 
flow rate is adjusted in the other regions of the re- 
actor, the coolant will leave these regions at a 
lower temperature and thus will reduce the average 
coolant outlet temperature. In high performance 
power reactors, this effect is reduced by orificing 
the flow in each region of the reactor commensu- 
rate with its heat generation. This involves very 
careful design and analysis of the system. In the 
hoiling-tvpe reactor, this effect upon tempeiature 
does not occur because the exit temperature of the 
coolant is at the saturation temperature for the sys- 
tem. The variation in power generation in the reac- 
tor is reflected hy a difference in the amount of 
steam generated in the various /ones 

Orificing is also frequently employed in non- 
power systems to achieve a maximum heat-re- 
moval efficiency within the temperature limita- 
tions of the system. An example of this type of 
operation is a .esearch or plutonium-production 
reactor wherein orificing is employed to inciease 
the temperature in the low-power-generation re- 
gions to minimize the coolant flow through the re- 
dactor. All of the coolant does essentially the same 
amount of work (removal of heat) with the mini- 
mum total coolant flow rate. This minimizes the 
pumping power required and results in maximum 
efficiency of heat removal. 

In very high performance reactors, the flow rate 
and consequent pressure drop of the coolant are 
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sufficiently high to create mechanical problems in 
the system. It is not uncommon for the pressure 
drop through the fuel assemblies to exceed the 
weight of the fuel elements in the reactor with a 
resulting hydraulic lifting force on the fuel ele- 
ments. Often this requires a design arrangement to 
hold the fuel elements down. Although this can be 
overcome by employing downward flow through 
the system, this is often undesirable because of 
shutdown-cooling considerations. It is very desir- 
able in most systems to accomplish shutdown cool- 
ing by natural-convection circulation of the cool- 
ant. If downflow is employed for forced circulation, 
then shutdown cooling by natural-convection cir- 
culation requires a flow reversal, which can intro- 
duce new problems. 

Thermal stress considerations. The tempera- 
ture of the reactor coolant increases as it cii dilutes 
through the reactor. This increase in temperature 
is constant at steady-state conditions. Fluctua- 
tions in power level or in coolant flow rate result in 
variations in the temperature rise. These are re- 
flected as temperature changes in the coolant exit 
temperature, which in turn result in temperature 
changes in the coolant system. 

A reactor is capable of very rapid changes in 
power level, particularly, reduction in power level. 
Reactors are equipped with mechanisms (icactor 
scram systems) to ensure rapid shutdown of the 
system in the event of an operational abnormality. 

Therefore, reactor-coolant systems must be de- 
signed to accommodate the temperatuie transients 
that can occur because of rapid power changes. In 
addition, they must be designed to accommodate 
temperature transients that might occur as a result 
of a coolant-system malfunction, such as pump 
stoppage. The consequent tempeiature stresses in- 
duced in the various parts of the system are super- 
imposed upon the thermal stresses that exist under 
normal steady-state operations 

In very high performance systems, it is not un- 
common for the thermal stresses alone to approach 
the allowable stresses in the materials of construe - 
tion. In these cases, careful attention must he gi\en 
to the transient stresses, and thermal shielding is 
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Fig. 2. Pressurized-water reactor. Pump circulates 
water between reactor tank and boiler. Coolant also 
acts as moderator in natural or slightly enriched core. 
( From L. N. Rowley and B. G. A. Skrotzki, eds.. Nu- 
clear Energy Today, Power spec . rept., Dec., 1955 ) 


commonly employed in critical sections of th e 
system. Normally, this consists of a thermal bar 
rier, which, by virtue of its heat capacity and re- 
sistance to heat transfer, delays the transfer () f 
heat, thereby reducing the rate of change of tem 
perature and protecting critical system coinpo 
nents from thermal stresses. 

Thermal stresses are also impoitant in the de 
sign of reactor fuel elements. Metals are Ire 
quently required that possess dissimilar thermal 
expansion coefficients. Heating of such systems 
gives rise to distortions, which in turn can result m 
flow restiictions in coolant passages. Very careful 
analysis and experimental verification are often ie 
quired to avoid such circumstances. 

Reactor-coolant-system components. The de 

velopment of reactor systems has necessitated con 
current development of special components for re 
actor coolant system*. These have been requited 
even for systems employing conventional coolants 
such as water or air. 

Because of the hazard of radioactivity, leak tight 
systems aftd components are a pieiequisjte to salr 
reliable operation and maintenanc e. Special proh 
lems are introduc ed by many of the fluids ernploml 
as reactor coolants. Heav> -water systems have sp< 

( ial out-leakage considerations because of tlu* un 
high cost of heavy water. In-leakage should also )» 
prevented because air contains water vapor wlmli 
tends to dilute the heavy water, necessitating i\ 
pensive purification. ^ 

The moie exotic coolants developed for ic\ntoi 
applications have lequiied much moic exteriMw 
component development. The* alkali metals (so 
dium. pfaK, and potassium) are chemically vei v 
active and aie extiemelv poor lulu ic ants Centrif 
ugal pumps must be specially designed, emplov 
ing unique bearings and seals Conventional bear 
ings are eompletelv unsatisfactory in a sodium 
environment. However, hydraulic- bearings that an 
quite successful have been developed Satisfa<tnr\ 
seals for sodium under pressure have not >et been 
developed: however, it has been possible to design 
sump-tvpe pumps with a free liquid surface within 
the pump and an inert gas blanket above this swr 
fare. The seals are located in the inert-gas legion 
and only the gas must be sealed. Kven here consul 
erable difficulty has been encountered because f f 
the sodium vapor contained in the gas. The eail' 
purnps were designed with the entire molar en 
closure contained within a gas-tight envelope. The 
procedure is still being employed in some reactor 
coolant systems; however, application become* 
more difficult as larger pumping systems are re 
quired. Because liquid metals are excellent elec 
trical conductors, electromagnetic-type pump^ 
have been developed. These pumps are complete!' 
sealed, contain no moving parts, and derive their 
pumping action from electromagnetic forces n* 1 
posed directly on the fluid. See Electrom aortic 

pumps; Sodium. . 

Totally enclosed pumps have also been deve- 
oped for water-cooled reactors. They are com 




plrtHy sealed units and can be welded directly into 
t } lP ( oolant piping systems. The water is circulated 
through the electric motor to provide the necessary 
tooling- Although they have been quite successful, 
thru complexity results in a considerably higher 
(0 s.t than a more conventional unit. 

In addition to the variety of special pumps dc- 
sloped for reactor coolant systems, there is a va- 
iiclv of piping-system components and heat-e\- 
, lunge components. As in all flow systems, 
flow regulating devices such as valves are required. 
^ well as flow instrumentation to measure and 
rhmbv control the systems. Here again, leak-tight- 
„ ( ss has necessitated the development of special 
with metallic bellows around the valve *tem 
t0 ensure system integrity. Measurement of flow 
uid pressure has also required the development of 
sensing instrumentation that is reliable and leak- 
tight 

Vbinv of these developments have borrowed from 
other technologies because toxic or inflammable 
fluiib arc frequently [lumped in other applit a- 
rmii^ In rnanv cases, bowevei. special equipment 
has been developed specifically to meet the re- 
(]iiitements of the reactor sv stems. An example of 
tins t\pe of development involves the measuirment 
i,| H«»w in liquid-rnelal piping systems. The simple 
pun, ipleoi a moving conductor in a magnetic field 
h tmploved hv placing a magnet around the pipe 
mil measuring the voltage generated hv the moving 
i (indue ten (coolant) in teims of flow rate Tern pci - 
ilmc compensation is required and lalihration is 
t rilic al 

\llhougli the development of nuclear powei re- 
idois has introduced many new technologies, it 
lias not vet displaced the conventional steam eve le 
i' the most eftn ient method for converting thermal 
(iiergv to mechanic. al energv Steam is generated 
ntlin ehieetlv in the leactor (direct-cycle boiling 

0 uloi i or in auxiliaiv steam-genet at ion equip- 
ment in which steam is generated by tiansfer of 
h f tt to vvatei from the reactor coolant. These steam 
jc iterators have required veiv special design, par* 
tJMilailv when dissimilar fluids are involved, Tvpi- 

1 j 1 cd these problems are the sodium-to-water 
"tcMm generators in which absolute integrity is es- 
sential because of the violent chemic al reaction he- 
t'vecn sodium and water. 

CORE DESIGN AND MATERIALS 

The reactor ''ore consists of the fuel elements 
<lM, idll\ rods or plates) supported by a grid-type 
'•tincture inside a vessel or tank; and neutron mod- 
erator**. 

The primary function of the vessel is to contain 
the coolant. Its design and materials are deter- 
mined by bueh factors as the nature of the coolant 
Corrosive properties), operating conditions (tem- 
perature and pressure), and quantity and configu- 
r mion of fuel. To complicate vessel design further, 
the vessel is pierced by devices for controlling re- 
aclor operation, for loading and unloading the fuel, 
an d for coolant entrance and exit. 
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Design must also take account of thermal 
stresses caused by temperature differences in the 
system. Another problem is radioactivity induced 
in core materials because of neutron absorption 
during reactor operation. This precludes normal 
maintenance of the equipment and. in some areas, 
makes repairs virtually impossible. For this reason, 
an exceptionally high degree of integrity is de- 
manded of this equipment. Some reactors have 
been designed to permit removal of the internals 
from the vessel; this is difficult, however, and 
tends to complicate the design of the system. 

Structural materials. Structural materials em- 
ployed in reactor systems must possess suitable 
n in leai and physical properties and must he com- 
patible with the reactor coolant under the condi- 
tions of opeiation. Additional requirements, such 
as fuel ( bidding, are imposed by certain applica- 
tions. Some requirements are especially severe be- 
cause of secondary effects; for example, corrosion 
limits may he established hv the rate of deposition 
of coolant-entrained corrosion products on critical 
Mirfac es rather than hv the rate of corrosion of the 
base material. 

The most common structural materials employed 
in reac tor systems are aluminum, steel, and zirco- 
nium alloys. Aluminum and zirconium alloys have 
favoiahle nucleai pioperties, whereas the steel al- 
loys have favorable physical properties. Aluminum 
is widelv used in Iow-temperatuie reactors; zirco- 
nium and steel are used in high-temperature reac- 
tors Ziiconium is relatively expensive and its use 
is therefoie confined to applications where neutron 
absoi ptioii is critical. 

The 18-8 series stainless steels have been used 
for siiiKtural members in both water-cooled reac- 
toTs and sodium-cooled reactors because of their 
c orrosion resistance and favorable physical prop- 
erties at high temperatures. Type 804 and type 347 
stainless sieel have been used most extensively be- 
cause of their weldability, machinahility, and phys- 
ical properties. To reduce cost, heavy-walled pres- 
sure vessels are normally fabricated from carbon 
steels and clad on the internal surfaces with a thin 
layer of stainless steel to provide the necessary 
corrosion resistance. Vessels of this ty p>e have been 
constructed up to 9 ft in diameter and with total 
wall thicknesses up to 8 in. 

Although pressure vessels have been constructed 
for other industries to meet even more severe serv- 
ice requirements, the complex requirements for re- 
actors have introduced new design and fabrication 
problems. Of particular importance is the dimen- 
sional precision required and the special nozzles 
and other appurtenances required. 

The large gas-cooled power reactors require 
pressure vessels that preclude transportation as a 
single unit. This has necessitated the development 
of field-fabrication techniques, including field 
welding of wall sections up to 3 in. thick and subse- 
quent stress relieving of the welded structure. 
Many unique problems have required the develop- 
ment of new techniques in heavy-steel fabrication. 
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Fig. 3. Boiling-water reactor. Steam is produced in 
water-moderated enriched core. ( From L. N. Rowley 
and B. G. A. Skrotzki, eds , Nuclear Energy Today , 
Power spec, rept., Dec., 1955) 

Research leactors operating at low ternpeiatures 
and pressure* introduce special experimental con- 
siderations. The primal y objective is to piovide the 
maximum volume of unpertuibed neutron-flux for 
experimentation. It is desirable, therefoie, to ex- 
tend the experimental irradiation facilities beyond 
the vessel wall. This has introduced the need for 
vessels constructed of materials having a low cross 
section for neutron capture. Relatively large alumi- 
num reactor vessels with wall sections as thin as 
practicable have been manufactured for research 
reactors. Special problems with respect to dimen- 
sional stabilitv have necessitated unique suppos- 
ing structures. The vessel design is complicated 
further by the variety of openings that must be pio 
vided to accommodate experimental apparatus. It is 
highly desirable to provide access to the icactor 
proper for experiments and. in many cases, to have 
apparatus installed in so-called through holes that 
penetrate the vessel fiom side to side 

In some instances, stainless-steel vessels have 
been employed for research and lest teactois at the 
sacrifice of some experimental flexibility The ex- 
perimental irradiations are performed within the 
reactor vessel and limited use is made of the space 
extei nal to the i eac tor vessel 

A special problem is introduced by reseat <h re 
actors employing heavy walei as a moderator and 
light water as a coolant. A < alandria-type design 
has been employed, consisting of an all-aluminum 
multitube container for the heavy watei, with addi- 
tional aluminum tubes connected to separate cool- 
ant headers for circ ulalion of the light-water cool- 
ant. This arrangement introduces the special 
problems associated with the multitudinous welds 
to contain a system within a system, each being 
tight with respect to leakage to the almosphere and 
to the other system. 

Fuel cladding. Heterogeneous reactois maintain 
a separation of fuel and coolant by cladding the 
fuel. The cladding material must be compatible 
with both the fuel and the coolant. 

The structural materials must also have favor- 
able nuclear properties. The neutron-capture cross 
section is most significant because the parasitic ab- 
sorption of neutrons by these materials reduces the 
efficiency of the nuclear fission process. Aluminum 
is a very desirable material in this respect; how- 


ever, its physical strength and corrosion resi^tano 
in water decrease very rapidly above about 300°F 
Some improvement in its corrosion resistance ha 
been obtained by the addition of small amounts 0 f 
nickel to the alloy; however, it is quite improbable 
that these qualities can be improved foi service be 
yond S00°F. 

Zirconium has very favorable neutron properties 
and in addition can be made reasonably t orrosion 
resistant in high-temperature water. It has found 
extensive use for water-cooled power reactors al 
though it is expensive and difficult to fabricate The 
technology of zirconium and zirconium-base alloys 
has advanced tremendously under the impetus of 
the various reactor development programs. 

Stainless steel has been employed as a fuel i| d d 
ding However, because of its relative!) large neu 
lion-capture cross section, it must he used in \ei\ 
thin sections. 

The fuel and the cladding must be thermally 
bonded to achieve maximum hcMt transfer Zirto 
nium can he metallurgit ally bonded to maniiini 
metal to form an integral struetuie Aluniin un <an 
be bonded to a titanium-aluminum mixture m a 
technique employed quite extensively in the fain i 
ration of fuel elements foi reseat ch tear tors Other 
combinations of fuel and clad that do not peinut an 
effective metallui gical bond have achieved eftiucm 
heat transfei through a bonding agent *- 11(11 as lead 
or sodium. See Nucipar unis. 

Fuel materials. Uranium metal is su* eptihle to 
irradiation damage which limits its opeiating lift 
in a reactor The life expectancy can he impiovcd 
somewhat by heal tieatment. and < onsiderahK 
more b/ alloying with elements such as zii ionium 
or molybdenum Uranium oxide exhibits belter u 
radiation-damage resistance, and in addition 
ooriosion-resistant in oxidizing media Ceramic 
such as uranium oxide have a very low thermal coi 

steam out 
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Fig. 4. Homogeneous reactor. Fluid-bearing f ue 15 
circulated between reactor and boiler. Critical massjn 
reactor heats fluid. (From L. N. Rowley ond B. G 
Skrotzki, eds.. Nuclear Energy Today, Power sp eC 
rept., Dec., 1955) 



J activity and lower density than metals, which is 
disadvantageous in certain applications. 

Cranium metal can be fabricated by relatively 
established techniques, provided proper care 
ra ken to prevent oxidation. The metal is melted 
j„ Na ruiun furnaces and can be cast by gravity or 
injection. Ingots can be rolled or extruded, and 
relatively complicated shapes can be fabricated. 

commonly, fuel elements are in the shape of 
1( „ls or plates and are fabricated hy casting, roll- 
j n „. or extrusion. Uranium oxide is fabricated by 
comparting and sintering, frequently into pellets 
that arc then sealed in metal cylinders. 

Plutonium is a very difficult material to handle 
and has verv undesirable physical properties for 
rector use. It is extrcmelv hazardous because of 
its biological toxicity. Plutonium has been aliened 
Muvpssfullv with other metals and also has been 
fabricated as a ceramic. Although extensive devel- 
opment is still required, it will eventually become 
widHv used for nuclear reactors because it is po- 
tentially more abundant than uranium-235. 

( rauium-233 also imposes special handling 
pi nblcjiis because of biological toxicity, blit it does 
not introduce new metallurgical problems. Tho- 
mim. the fertile material source for uranium-233, 
is mctuliurgieallv different, but it has very favor- 
abb* properties both as a metal and as a ceramic. 

>( c PisMON. NUCLEAR. 

Moderators. Reactors designed to operate with 
lliermal ('slow) neutrons require a material called 
a moderator to slow down the higb-energv fi**inn 
neutrons to the thermal range. 

The best moderating materials are among the 
low -atomic-weight elements, such as the lndrogen 
isotopes, hervllium. and carbon. They have verv 
!ov. ncui mn-eaphire cross sections and. because of 
ilicir lightness, reduce the kinetic energy of the 
neutrons rapidly in the fewest number of collisions. 
Vc Radiation damage (inanimate materials). 

bight and heavy water are convenient to usp he- 
< dii^e they can serve as c oolants as well as moder 
‘■tors. liquid hydrocarbons *uch as terphenyl are 
also being considered, although such organic ma- 
teridU are subject to radiation damage. 

Among the solid moderators are carbon (graph- 
) and hervllium metal or beryllium oxide. The 
fiMphite used in reactors is more highly purified 
dinn that used in nonreactor applications to mini- 
mize neutron capture. .See Beryllium; Graphite. 

CONTROL AND INSTRUMENTATION 

Pie control of reactors requires the measure- 
ment and adjustment of the critical condition. A 
rea<tur is critical when the rate of production of 
ne iitron* equals the rate of consumption in the sys- T 
t,>m - The neutrons are produced hy the fission proe- 
! s ' and are consumed in a variety of ways, includ- 
ln f; absorption to cause fission, nonfission capture 
m fissionable materials, capture in fertile materi- 
al s * capture in structure or coolant, and leakage 
j r ° m reactor. A reactor is subcritical (power 
, eve ^ decreasing) if the number of neutrons pro- 
ved is less than the number consumed. The re- 
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actor is supercritical (power level increasing) if 
the number of neutrons produced exceeds the 
number consumed. 

Reactors are controlled hy adjusting the' balance 
between neutron production and neutron consump- 
tion. Normally, neutron consumption is controlled 
by varying the absorption or leakage of neutrons; 
however, the neutron-generation rate can be con- 
trolled by varying the amount of fissionable mate- 
rial in the system. 

It is essential to orderly control and management 
of a reactor that the neutron density he sufficiently 
high to permit reliable measurement. A source of 
neutrons is essential, therefore, to the control and 
instrumentation of reactor systems. Neutrons are 
obtained from the photo-neutron effect in materials 
such as beryllium. Neutron sources consist of a 
photon (y-ray) source and beryllium, such as an- 
timony-beryllium or radium-beryllium. Antimony 
sources are usually preferred because the antimony 
is activated by the reactor neutrons each t.'me the 
reactor operates, whereas the strength of radium 
sources decreases with lime. For discussion of the 
principles of reactor control, see Reactor phys- 
ics. 



Fig. 5. Sodium-graphite reactor. Two liquid-metal 
coolant circuits with intermediate heat exchanger 
avoid making steam radioactive in once-through 
boiler. (From L. N. Rowley and 8. G. A. Skrotzki, eds.. 
Nuclear Energy Today, Power spec, rept., Dec., 1955) 

Control drives and systems. The reactor con- 
trol svstcin require* the movement of neutron-ab- 
sorbing rods (control rods) in the reactor under 
very exacting conditions. Thev must he arranged to 
increase reactivity (increase neutron population) 
.-lowly and under absolute control. They must be 
capable of reducing reactivity, both rapidly and 
slowly. 

Normal operation of the control drives can be ac- 
complished manually hy the reactor operator or by 
automatic control systems. Reactor scram (very 
rapid reactor shutdown) can be initiated automati- 
cally by one or more system scram-safety signals, 
or manually by depressing a scram button conveni- 
ent to the operator in the control room. 

Control drives are normally electromechanical 
devices that impart .linear or swinging motion to 
the control rods. They are usually equipped with a 
relatively slow-speed reversible drive system for 
normal operational control. Seram is usually ef- 
fected by a high-speed overriding drive accom* 
panied by unlatching or disconnecting the main 
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drive system. To enhance reliability of the scram 
system, its operation is usually initiated by de- 
energizing appropriate electrical circuits. This 
also automatically produces reactor scram in the 
event of a system power failure. Hydraulic or pneu- 
matic drive systems have also been developed, as 
well as a variety of electromechanical systems. 

In addition to the actuating motions required, 
control-rod-drive systems must also provide accu- 
rate indication of the rod positions at all times. 
Various types of selsyn drive are employed as posi- 
tion indicators as well as arrangements of 
switches and lighting systems. It is not uncommon 
to provide control-rod-position indication accurate 
to a few thousandths of 1 in. 

Reactor instrumentation. Reactor control re- 
quires measurement of the reactor condition. Neu- 
tron-sensitive ion chambers are used to measure 
neutron flux. These neutron detectors are normally 
located near the extremity of the reactor and meas- 
ure an average flux that is proportional to the aver- 
age neutron density in the reactor. The chamber 
current is calibrated against a thermal power meas- 
urement and then applied over a wide range of re- 
actor power level. The neutron-sensitive detectors 
must respond to the lowest neutron flux in the sys- 
tem produced by the neutron source. 

Normally, many channels of instrumentation are 
required to cover the entire operating range. Sev- 
eral channels are icquired for low-level operation, 
beginning at the source level, whereas others are 
required for the intermediate and high-power-level 
ranges. Ten channels of detectors are not uncom- 
mon in reactor systems. The total range to be cov- 
ered is in the range of 7-10 decades of power level. 

The chamber current ran be employed as a sig- 
nal, suitably amplified, to operate automatic con- 
trol-system devices as well as to actuate reactor 
scram. In addition to absolute power level, rate of 
change of power level is also an important meas- 
urement which is recorded and employed to actu- 
ate various alarm and trip circuits. The normal 
range for the current ion chambers is approxi- 
mately 10 M -10 * amp. This current is suitably 
amplified in logarithmic and period amplifiers, and 
can he measured directly with a galvanometer. 



Fig. 6. Fast breeder reactor. This type includes U 2 * 5 
core, IT ' 18 blanket, liquid-metal coolant. (From L N. 
Rowley and B. G. A . Skrotzki, eds., Nuclear Energy 
Today, Power spec, rept., Dec., 1955) 


REACTOR SAFETY 

Special consideration must be given to reari or 
safety because reactors contain large quantities 0 f 
lethal substances. Fission products and some of the 
heavy elements produced are extremely toxic. 

Safety considerations can be divided into t* () 
general categories: (1) hazard to the plant and it*, 
occupants, and (2) hazard to the population b<*. 
yond the environs of the plant. The first category 
is treated as a plant safety problem somewhat anal- 
ogous to other critical industrial operations, and 
radiation monitoring is employed extensivelv f nr 
the protection of operating personnel. The second 
category receives intensive study. Of particular sig. 
nificanee is the evaluation of possible energy re- 
lease sufficient to disperse the reactor products t„ 
the environment. Consideration is given to the p<^, 
sihilitv of chemical energy release as well as 0 f 
nuclear energy release. In some instances, the 
stored energy in the system is also a significani 
factor. '(Tie safety evaluation is normally directed 
toward the assurance that the maximum credible 
accident will not result in the release of significant 
radioactivitv to the environment. 

One of the most important considerations in 
evaluating reactor safety is the power charactei i*. 
tics of the reactor, in particular, any cirrimWamt' 
that would tend to make the reactor uutocalal\ti< 
(causing an increase in power tending to prndinc 
a further increase in power). Most rerittois can be 
designed to possess a negative temperature nnd 
power coefficient; that is, a reactivity deuceM- 
would accompany a temperature or power increase 

An niicrease in temperature causes thermal i\ 
punsion of the system and a reduction in densitv of 
the various components. These can be utilised 
effect a reduction in reactivity of the reaitm 
Where such reduction cannot be accomplished lor 
where its accomplishment is doubtful), it is im 
portant that the positive coefficient be small and 
slow in response. This too can normally he accom- 
plished by proper design. 

The safety or scram system of the reactor imM 
operate rapidly and must be initiated early enough 
in a power rise to prevent reactor damage. In addi- 
tion. different signals should initiate reactor shut' 
down (abnormal neutron flux, temperature, nod 
coolant flow), and multiple shutdown devices in- 
dependently operated must provide reliability. 

Careful consideration must be given to the po^i- 
ble minor malfunctions that could conceivabh ini- 
tiate a succession of major difficulties. For exam- 
ple, a small rupture in the coolant system could 
result in the loss of coolant, which, in turn, com 
promote the melting of the fuel, which, in turn, 
could result in a supercritical assembly or a chemi- 
cal reaction. 

Special attention must be given to the shutdown 
cooling of the reactor to remove fission-produd* 
decay heat and possible 
tions that might be initi 
malfunction. In some pow 
energy which could be released violently. t* anl 






pies are the stored energy in high-temperature wa- 
ter under pressure, which will flash to steam, or the 
chemical energy in liquid sodium, which can react 
crv rapidly with the atmospheric oxygen. 

The early reactors were located in isolated areas 
remote from centers of population. However, this 
solution is not applicable to nuclear power plants, 
which, in the interests of economy and utilization, 
mU m be located close to populated areas. 

This problem has been resolved by containing 
teartor systems in gas-tight structures. The re- 
quirements for the containment system are estab- 
lished by the characteristics of the reactor system. 
Where a potentially large energy release can ac- 
company or initiate the release of radioactivity, the 
containment system must be capable of withstand- 
ing the resultant pressure and temperature without 
] 0 «t, of integrity. Spherical and cylindrical contain- 
ment vessels up to 225 ft in diameter and capable 
of withstanding internal pressure in excess of 30 
p S i have been constructed to house various reactor 

stems. Special air locks are provided to permit 
entrance and exit of personnel and equipment with- 
out violating the gas-tight requirements of the 
structure. Special provisions have been made in the 
\^ME Boiler Code to establish requirements for 
these structures. See Radiation shielding. 

POWER GENERATION SYSTEMS 

The thermal energy produced in a nuclear reac- 
l«ii must he converted to mechanical energy for di- 
rect utilization or for the generation of electricity. 
This is ordinarily achieved with a steam cycle. The 
^fearn is generated in a nuclear power plant at a 
loner temperature than in conventional fossil- 

lueled plants. 

In the case of the direet-cvcle boiling reactor, 
the coolant is the working fluid in the power cvcle. 
In all other reactor types, the coolant is an inter- 
mediate fluid from which the heat must he trans- 
ferred to the working fluid of the power cycle. 

The gas-cooled reactor is most closely analogous 
to the conventional fossil-fueled plant in that gas 
high temperature transmits the heat to the 
v 'team-generation equipment. The gas coolant from 
the reactor, however, is at a much lower tempera- 
tuie than the’ combustion gases in a furnace, be- 
(1,Ulv, e it must be at a lower temperature than the 
fuel to effect heat transfer. 

The reactor coolant is also radioactive because 
t] j the absorption of neutrons in its passage 
through the reactor. The intensity of the radioac- 
•hity and thus the magnitude of the problem is de- 
pendent on the nuclear characteristics of the cool- 
ar *i. Activation of water is relatively low, whereas 
auivation of sodium is extremely high. In a di-, 
rect-cyrle boiling reactor, contamination of the en- 
t,r( ' turbine and condensing system is possible if 
activated impurities are permitted to deposit in 
r ne*e units. The indirect-cycle reactors confine 
Possible contamination to the closed primary cool- 
m system. Beyond the steam-generation equip- 
mp nt, the power-generation system is very similar 
to conventional power systems. [l. J. koch] 
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Reactor, nuclear (classification) 

Nuclear reactors are used in a variety of ways as 
sources for nuclear radiations and energy. During 
the years following the first reactor demonstration, 
in 1942, intense and world-wide reactor develop- 
ment programs have been undertaken. New devel- 
opments in materials for fuel, moderator, reflector, 
coolant, control, and shielding have expanded 
great iy the number of promising types and com- 
binations for reactors. Thus, extreme reactor diver- 
sification has evolved, with reactor dimensions vary- 
ing from football size to house size and rates of 
energy release from a fraction of a watt to thou- 
sands of megawatts. Nuclear power is competitive 
with fossil-fuel power p lants for both pressurized 
and boiling-water types; however, continued im- 
provements in materials, fuels, and designs still 
leave the optimum reactor types to he determined. 
\ convenient approach to obtaining a perspective 
of the development of nuclear fission reactors is to 
classily reactors by basic design and by application. 

CLASSIFICATION BY DESIGN 

Design parameters used to classify reactors are 
neutron energy, fuel composition, fuel distribution, 
and coolant. For more detailed description of reac- 
tors, including fuel, breeding, conversion, nuclear 
power, reflector, shielding, over-all size, and con- 
trol, see Nuclear fuels; Nuclear power; Radia- 
tion DAMAGE (INANIMATE MATERIALS) ; RADIATION 
SHIELDING; R ADIOISOTOPE PRODUCTION ; REACTOR, 

nuclear; Reactor, ship propulsion; Reactor 

PHYSICS. 

Neutron energy and moderator. A fission reac- 
tor is an assembly of materials so arranged that 
the neutron chain reaction is self-sustaining and 
controllable. Neutrons are required to produce 
fission, and in turn, neutrons are released by the 
fissioning of the fuel. The fission neutrons, released 
at very high energies (2 Mev average) and cor- 
respondingly high speeds (one-tenth the velocity 
of light) , are called fast neutrons. See Chain reac- 
tion, nuclear; Fission, nuclear; Neutron; Neu- 
tron, DELAYED. 

Neutrons slow down through collisions with nu- 
clei of the surrounding material. This slowing down 
process is made more effective by the introduction 
of lightweight materials, called moderators, such as 
heavy water (deuterium oxide), ordinary (light) 
water, graphite, beryllium, beryllium oxide, hy- 
drides, and organic materials (hydrocarbons). Neu- 
trons that have slowed down to an energy state 
in equilibrium with the surrounding material are 
called thermal neutrons. The probability that a 




Fig. 1. ZPR-IX, a Zero Power Reactor at Argonne 
National Laboratory This reactor is particularly 
valuable for experiments related to reactor phys- 
ics studies. ( Argonne National Laboratory ) 


neutron will cause the fuel material to fission is 
greatly enhanc ed at thermal energies, and thus 
most rea< tors built utilize a moderator for the 
conveision of fast neutrons to thermal neutrons. 

With suitable concentrations of the fuel mate- 
rial neution (ham reactions tan he sustained at 
higher neutron energy levels The energy range 
between fast and thermal is designated as intei - 
mediate Fast leactors do not have moderators and 
are i datively small 

Reactors lu\e been built m all ihiee (ategones 
The hist fast reac tor was the 1 os Alamos assembly 
called Clementine, which opeiated fiom 1946 to 
1953 The fuel core consisted of nickel-coated rods 
of pure plutonium metal, contained in a 6-in - 
diametei mild (low carbon) steel pot Fast re 
actors offei attractive possibilities of extending the 
fission fuel supply b> bleeding and conversion of 
uranium-238 and thorium 232 into fissile fuels 
(see below). The Expel imental Breedei Reactor 
No. 2 (FBR-2) and the Enrico Fermi Atomic 
Power Plant (200.000 kw thermal, 60.900 kw elec- 
tiical) aie examples of fast reac tors An example 
of an intermediate reactoi is the fust propulsion 
leactor for the submaiine USS Stawolf The fuel 
core consisted of enriched uranium with beryllium 
as a moderator; the original coolant was sodium, 
and the reartoi operated fiom 1956 to 1959 Exam- 
ples of thermal reactois are given later 

Fuel composition. Only three isotopes — ura- 
nium-235, uranium-233, and plutonium-239 - are 
feasible as fission fuels. However, a very wide 
selection of materials incorporating these isotopes 
is available. See Plutonium; Ukanium. 

Naturally occurring uranium contains only 0.7% 


of the fissionable isotope uraninm-235, the bal 
being essentially uranium-238. Uranium ***? 
higher concentrations of uranium-235 » calla 
enriched uranium. Developmental program*, f 
attaining long-lived solid fuel elements imij* 
studies with metallic uranium, uranium all ? 
and dispersions (discrete particles of fuel i l , #V ' 
inert matrix), and uranium oxide and other re" 
fractory uranium compounds. Plutonium as a f ue ] 
is at a relatively early stage of development 

Uianium-233, like plutonium, does not occur 
naturally, but is produced by neutron absorption 
in thorium-232, a process similar to that by which 
plutonium is produced from uranium-238 Interest 
in U 2 ** arises fiom its favorable nuclear properties 
and abundance of thorium. However, studies of 
this fuel eyrie aie also at a relatively early stage 
Fuel distribution Fuel-moderator assemblies 
mav be homogeneous or heterogeneous. Homogp 
neous assemblies include the aqueous-solution-type 
water boilers, molten-salt-solution dispersions 
slurries, and suspensions. Liquid-metal-fuel re 
actors mav be of the homogeneous or heteroge 
neous type. In the heterogeneous assemblies the 
fuel and moderator form separate solid or liquid 
phases, such as solid fuel elements spared tilliei 
m a graphite matrix oi in a water phase 
Coolant. The major portion of the rnt i gy released 
bv the fissioning of the fuel is in the form of 
kinetic energy of the fission fiagments whith in 
turn, is converted into heat through the slowing 
down and stopping of the fiagments. Heating also 
aiises through the release and absoiptkm of the 
radiations fiom the fission process and from th( 
radioactive matenals formed. 

The operating temperatuie of a iea(tor is ion 
trolled thiough the removal ol beat bv a < oolant 
Tvpical coolants aie an, < arbon dioxide, light an 1 
heavv watei. oiganic substan* es, and liquid 
metals In homogeneous icaitois the fuel solution 
is usualh emulated through a heat exchange 
external to the reactor. Coolants nndei jmssun 
may be confined by tube arrangements i alher than 
through the use of pressure vessels. 

Power rating. The power lating of a reactor 
usually given in kilowatts (kw) oi megawatts (Mid 
of heat. The net output of elec ti icity of a nucleji 
plant is usually 25 30 r f of the heat output T 1 « 
generation of electric energy requires the use of 
heat to produce steam or to heat gases to d r i\c 
turbogenerators. Thus, the nuc lear power plant r- 
quite sirnilai to the conventional coal-fired plant 
except that the nuclear rtactor replaces the con 
ventional boiler Significant economical gains have 
been achieved by the building of nuclear reacto rs 
with greatly increased outputs. Improvement* * n 
transmission and network tie-ups make reac lor 
outputs of 2000 Mw (thermal) and 600 Mw ( c ^ e( 
trual) feasible. 

Thermoelectric power. In early 1959 the AEt 
Los Alamos laboratoiy announced the first surcess 
ful production of electricity directly from a reactor 
core without the use of a heat-transfer roed ium 
or conventional generating equipment. The cxp er 



1 unit operated by means ot a thermoelectric 
ifl' en,a thermoelectric medium was cesium 
pi-oif"- soar ce was enriched uranium. 

' J l’' ,r | e an l9< - ) 3 the SNAP-10A reactor system (or 
In * Applications was first operated, utili/.ing 
pa ' ^mum-silicon thermoelectric elements and en- 
uranium iuel. However, thermoelectricity 
r " t ( . x pected to be an economic source of elec- 
! ,al P oVvel in near * ulure - For additional 
n'ioi mation, see Tm RMOi.u ci men y. 


CLASSIFICATION BY APPLICATION 


R( actor applications include production of fis- 
sioiiaMe fuels (plutonium and uranium-233); mo- 
1,,!^ stalmnaiv, and packaged power plants; 
ifM-an.il, testing, teaching-demonstration, and ex- 
ppiimenlal facilities; space and process heat; and 
dual purpose designs. The potential use of rear tor 
i ldiation for sterilization of food and other prod- 
u, ts and for chemical processes is also recognized 
Production reactors. Reactor installations al 
Hanford, Wash , and Savannah River, S C., are de- 
M jrned to produce plutonium-239 from uranium- 
_M8 "N a 1 1 1 i a l uranium is used as the fuel mateiial. 
Ihe rnoderatoi for the icactois at Hanford is 
j iphitc and heavy water is used as the model atoi 
it Savannah Hiver Water is used as a coolant 
n tin Hinted Slate's production reattois. whereas 
in tlio l nited Kingdom gas tooling has been the 
l>Ms lor most designs. The thermal, heterogen- 
mis natmal-ui anium, graphite-moderated rc- 
u.ots aie representative of th^ very lar gest-si/ed 


k cii lurs 

1 lie teim tonvertei is applied to a leactoi that 
•inert s a fertile material (for example, uranium- 
218) to a fissionable material (for example, plu- 
tonium) A bierdei leacloi, sti icily speaking, pro- 
due < s the same fissionable matei ial that it consumes 
Moi example, it consumes plutonium fuel and 
ill llie same time breeds plutonium). The fuel 
<v«lc, of touise, could be based on fissionable 
uumiim 233 and feitile thorium-232 rather than 
uMiuum 235 and plutonium. In populai usage, how- 
(wr, any reactor that has a conversion latio of 
•»\er lOOS? (that is, produces more fuel than it con- 
fines) is sometimes called a breeder, even if the 
tui'U i hat are consumed and produced are different. 
Power reactors. Nuclear power leactors are be- 
used for propulsion of submarines and suiface 
H'ssols (more than 47 reactors in operation and 53 
l‘ e, ng built as of 1964). The prototype of the first 
Tl ictor used for propulsion operated in 1953, and 
llie first reactor- powered submarine, the USS 
'uutilu s, was placed in operation in 1955. Water 
,s » s ed as coolant and moderator and is maintained 
dt ^fiOO psi to suppress boiling. Piessurized-water 
lf actors are in use and under Rather development 
" r S| ihmarines, cruisers, aircraft cairiers, mer- 
L, ant and (in the Soviet Union) icebreakers, 
nor ^ U8t c * v ^ an maritime reactor application 
^1) is the nuclear ship Savannah , which utilizes 
f prehSur ized-water reactor rated at 22,000 shaft 
torse power. Feasibility and developmental pro- 
8rams dre in progress for heavy-water-moderated, 
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gas-cooled, organic-moderated and -cooled, and 
liquid-metal— cooled reactors. 

Reactors to provide auxiliary power for space 
vehicles, as well as power for lunar stations and 
orbiting space stations, are in the testing stage. 
The SNAP series of reactors utilize enriched-uran- 
ium fuel and are moderated by zirconium hydride. 
Reactors for rocket and missile propulsion have 
also reached the opeiational testing stage; KIWI, 
for rocket propulsion, uses graphite as moderator 
and hydrogen as moderator-coolant, and the Tory 
reactors for ramjet propulsion are moderated with 
beryllium oxide. Although prototype reactors were 
developed for airplanes, the program has been 
abandoned. Packaged nuclear power plants offer- 
ing unique advantages for remote and isolated 
installations with reference to transportation and 
fuel supply are in development and operation. Units 
can be made to he air-transportable with long serv- 
i<e life per fuel loading. See Nijclfar aircra* r 

I’KOIM LSI o INJ , Ncf Ll AR RO< Kir T. 

The fust rear tors for central-station power-plant 
prototypes (and still in operation in 1964) include 
the piessurized-water reactors — Shippingport 
Atomic Powei Station (Pennsylvania, 231 Mw 
thermal, 60 Mw electrical, 1957) and the Atornie 
Power Station (Obninsk, U S.S R.. 30 Mw thermal, 
5 Mw electrical, 1951 ) ; and the gas-cooled reactors 
- Caldcr Hall Station (Sellafield, England, origi- 
nally 180 Mw thermal, inc teased to 210 Mw; 35 Mw 
electrical with four reactors, 1956). The Dresden 
\mlcar Powei Station (Mornss, 111.) is a boiling- 
walei reactor with an output of 700 Mw (thermal) 
and 208 Mw (electrical) and started in 1959. Other 



Fig. 2. CP-5, Argonne's principal research reactor. It 
is operated at a power level of about 5 Mw and pro- 
duces a maximum slow neutron flux of 1 X 10 u neu*» 
trons/(cm 2 )(sec). (Argonne National Laboratory ) 
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prototypes include fast breeders, organic-cooled 
and moderated reactors, liquid- sodium-cooled 
reactors, heavy-water-moderated reactors, gas- 
cooled high-temperature reactors, and boiling 
reactors with nuclear superheaters. Countries in- 
volved in nuclear-reactor power stations include the 
United States, United Kingdom, U.S.S.R., France, 
Canada, Italy, Sweden, West Germany, Japan, In- 
dia, Norway, Netherlands, Czechoslovakia, East 
Germany, Switzerland, Belgium, Spain, and Den- 
mark. Electrical power outputs from a single re- 
actor will reach about 620 Mw for a power station 
(Oyster Creek Nuclear Generating Station, NJ.) 
that promises to be more economical than conven- 
tional fossil-fuel stations. For the dual purpose 
reactoi (new Production Reactor, plutonium pro- 
duction and power), the nominal latings are 800 
Mw (electrical) and 3000 Mw (thermal). Reactor 
concepts which could supply electrical power and 
heat for desalinization of water are being consid- 
ered in sizes as large as 23,000 Mw (thermal). 

Research reactors. The research and develop- 
ment aspects of a nuclear reactor may be con- 
sidered from two points of view. One is that the 
reactor provides experimental irradiation facili- 
ties, and the other is that the reactor itself may 
represent a te^t of a given design. 

Research with reactors covers such activities as 
measurements of the probabilities of nuclear re- 
actions, shielding measurements, studies of the 
behavior of mateiials under neutron and y-irradia- 
tion, and other studies in nuclear physics, solid- 
state phxsics and in the life sciences (Fig^. 1 and 
2). The irradiation facilities are used extensively 
for production of isotopes. High-neutron-flux reac- 
tors, designed specific all\ for ex peii mental expo- 
sures of rnateiials, are called materials testing re- 
actors. Reactors built to test design featuies arc* 
called expeiiments or experimental reactoi facili- 
ties. Several difleient types of low-cost reactors, 
called teaching-demonstration reactors, have been 
promoted to accentuate the teaching aspects. 

The four major varieties of research reactors 
are (1) uranium-fueled, graphite-moderated, air- 
cooled reactors; (2) uranium-fueled, heavy-water- 
moderated reactors; (3) enriched-fuel, aqueous- 
solution-type reactors; and (4) water-moderated, 
enriched-fuel-, pool-, and tank-type reactors. All 
the reactors are thermal and, with the exception of 
the third type, heterogeneous. Both natural and en- 
riched uranium are used in the first two types. 

The Bulk Shielding Reactor, or BSR (Oak Ridge, 
Tenn., 1950), was the first reactor with the core 
submerged in an open pool of water — hence the 
term swimming-pool reactor The water is the 
moderator, coolant, and shield. With forced circu- 
lation of water, reactor levels of 1000 kw of heat 
are possible. Some reactor designs involve the use 
of a tank instead of a pool. Features of other pool- 
and tank-type reactors include variability of fuel- 
element design and configuration, fixed and movable 
cores, and a lightly pressurized (for tank-type), 
forced-convection water-cooling system. 

The Materials Testing Reactor, or MTR (1952), 


is a high-flux irradiation facility designed ( or 
studying the behavior of materials for use in pow er 
reactors. The maximum neutron fluxes available at 
40 Mw (thermal) are 5.5 X 10 u thermal neutrons/ 
(cm 2 ) (sec) and 3 X 10 14 fast neutrons/ (cm 3 ) 
(sec). Nearly 100 experimental and instrument 
holes or exposure ports are provided. Other test 
reactors have been built to accommodate the sp e . 
cialized materials development programs necessary 
for the continued advancement of the nuclear 
reactor industry. 

Experimental reactors. A variety of reactors 
has been built merely to test the feasibility 0 f 
given reactor designs. Homogeneous Reactor Exper- 
iment No. 1 (IIRE-1, Oak Ridge) operated fiom 
1952 to 1954 and was built to demonstrate the po- 
tential value and «elf-stal)ili/ing characteristics of 
a recirculating-fuel vtvpe reactor. Enriched uranvl 
sulfate (greater than 90 ). in concentrations of 

35 g/kg ILO, was pumped from an 18-in.-diameter 
stainless-steel sphere to an external heat exchanger 
The solution was pressurized to 1000 psi. and 
the maximum fuel-solution temperature wls 482 t 

First tests of conversion or breeding were carried 
out in the Experimental Breeder Reactoi No ] 
(EBR-1, 1957 1964), and conversion rates cW to 
unity were attained. EBR-1 was a fast reactoi with 
eni i< hed-uranium fuel rods and sodium- potassium 
alloy coolant. It was also the first tear tor to pinduu 
ele<lrital power (200 kw, pioduccd with 100 pn 
steam). EBR-2 (1963) is designed fhi 62 3 Mw 
(thermal) and 16 5 Mw (eleeliieal) . The fuel 
49 f { emiched-uranium “fissiuni M allnv (9V, I 
2 5^ Mo, 15<£ Ru,0.3<? Rh.0 5<{ Pd, 0 V< 7i ' 

Several types of reactors have been designed and 
operated under severe power excursions to stuck 
reactor stability. Five boiling-water reactor expen 
ments (Borax-1 to -5) have been carried out to 
study the hehavioi of boiling-water reactors at 
atmospheric and at elevated pressures and with 
different kinds of fuel elements, including non 
metallic* fuels. Power-exc ursion experiments have 
been performed with the homogeneous aqueous 
solution-type leartois. For example. Kinetic Ex- 
periment Water Boiler (KEWB, Canoga Park, 
Calif.) has successfully handled a power excursion 
of 0-530 Mw in less than 1 sec. 

The use of boiling water as a coolant for power 
producing reactors was established by the Experi- 
mental Boiling Water Reactor (EBWR, Argonne 
National Laboratory, Lemont, 111., 1956) and the 
Vallecitos Boiling Water Reactor (VBWR, Val 
lecitos, Calif., 1957). These test reactors operated 
at 600 psig and 1000 psig, respectively. 

The use of sodium as a high-temperature coolant 
for power reactors was demonstrated by tne 
Sodium-Graphite Reactor Experiment (SB** 
1957). The SRE is a 20-Mw (thermal) and 5.7-M* 
(electrical) thermal, heterogeneous, enriched & 
actor. Graphite is the moderator. 

Organics with sufficient resistance to degradation 
by irradiation can be used as a coolant or cool® 
moderator for reactors. In the Organic Modera* 
Reactor Experiment (OMRE, 1957 - 1963 ) > 


i tUiM 




Low Intensity Testing Reactor at Oak Bulk Shielding Reactor (B5R) at Oak 
Ridge shown in operation Photo Ridge It is a so-called swimming- 

graph was taken by using the radi pool reactor The blue glow given 


ation emanating from the reactor off by the operating reactor is 


core as the sole source of illumma known as Cerenkov radiation (O ale 


tion (Oak Ridge National Labora Ridge National Laboratory) 


tory) 


Oak Ridge Research Reactor (ORR), a water cooled and moderated high-flux 
reactor It provides test facilities for research on reactor fuels, materials, and 
components under actual conditions of reactor operation (Oak Ridge National 
Laboratory ) 




j r i s a poly phenyl compound consisting of 
diphenyl, 45.9% o-terphenyl, 31.5% m- 
f .mhcnyl, and 5.8% p-terphenyl. The coolant 
the reactor at about 710° F. 

Other reactor experiments operating or under 
oii-truction in the United States include the Plu- 
loniuni Recycle Test Reactor (1960), a 70-Mw 
I thermal ) pressure-tube, heavy-water-moderated 
and cooled reactor; the Experimental Gas Cooled 
Keactor, a 84.3-Mw (thermal) and 21.9-Mw (elec- 
nual) gas-cooled, graphite-moderated reactor; the 
l Itra-high Temperature Reactor Experiment, a 
(thermal) helium-cooled reactor; the Ex- 
perimental Beryllium Oxide Reactor, a 10-Mw 
t thermal) gas-cooled, BeO-moderated reactor; the 
p Js l Keactor Core Test Facility, a fast molten- 
plutonium-fueled, sodium-cooled reactor; and the 
s\AP-8 Experimental Reactor (1962), a 600-kw 
i thermal ) sodium-potassium-eooled reactor as one 
of i he series of Systems for Nuclear Auxiliary 
Pu w or for space applications. [n. s. isrin ] 

lltbliography: E. R. Appleby (compiler). Review 
of Potter and Heat Reactor Designs, Domestic and 
toreign , HW-66666 Rev. 2, October, 1963; Office of 
Inimical Services, Nuclear Reactors Built , Being 
limit , or Planned in the United States , TID-8200. 

Reactor, ship propulsion 

Nuclear reactors for shipboard propulsion can, in 
tlieot v, he of any type used for the production of 
useful power. For basic information applicable to 
all t\ pcs of fission reactors, see Reactor, ntj- 
< i i ah : Reuior, nuclear (classification); Re- 
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In all the shipboard nuclear power plants 
that have been built or are known to be under con- 
struction, energy conversion is based on the steam- 
turbine cycle, and that portion of the plant is more 
or less conventional. Cas-turbine applications are 
also possible and have been studied. 

Shipboard problems. There are four radical dif- 
ferences between shipboard reactors and similar 
installations ashore, involving (1) problems of 
weight and space limitations, (2) problems of plant 
reliability and onboard maintenance, (3) problems 
in plant safety, and (4) problems inherent in loca- 
tion on a moving platform. 

W eight and space problems. The actual size of 
the shipboard reactor itself does not present a 
problem, but the size and configuration of the 
shielded volume around the entire cooling system 
are of considerable significance. Figure 1 shows 
a simplified schematic diagram of a typical marine 
nuclear propulsion plant. Both the primary shield 
around the pressure vessel containing the nuclear 
reactor itself and the secondary shield located 
around all radioactive components of the cooling 
system are shown. For a discussion of the theory 
and application of reactor shielding, see Radia- 
tion SHIELDING. 

Weight considerations usually result in a com- 
pact la>out to reduce the size and hence the weight 
of the secondary shield. However, the conflicting 
requirements for access and maintenance result in 
a balance being required such that the permeabil- 
ity (ratio of free volume of space to total volume 
of space) of the portion of a nuclear power plant 
within the secondary shield usually runs from 65 to 





condensate and 

I 

9- 1. Schematic diagram of typically pressurized nu- components not indicated). (Soc. Naval Architects 
ear Propulsion plant (relative sizes of the various Marine Engrs.) 









362 Reactor, ship propulsion 

70% a** opposed to approximately 80% permeabil- 
ity for normal shipboard machinery spaces exclu- 
sive of uptakes, air vents, or tonnage openings. 
See Ship dfsion. 

It will be difficult to reduce the weight of pics- 
ent-day shields for pressurized watei plants be- 
cause the principal y-ray attenuation results from 
the use of heavy materials. 

Reliability and maintenance problems. Nuclear 
power confers on any vessel to which it is applied 
an exceptionally long time interval between le- 
fuelings. Therefoie, the importance of plant reli- 
ability and the ability to perforin reasonable main- 
tenance functions on board ship assume in< reased 
importance as compared to conventional shipboatd 
power plants. In particular, planning for access 
to plant components and planning for necessary 
maintenance functions to be performed on these 
plant components is essential. Many of these com- 



Fig 2. NS Savannah cutaway, showing relationship 
of reactor to ship’s spaces (From Nucleonics, vol. 16, 
no 9, 1958) 

ponents will transfer radioactive fluids, and there- 
fore special provisions must be made either in the 
form of installed standby equipment oi by the pio- 
vision of cleaning and servicing equipment 

Plant safety problems. A nuclear reactoi on 
board ship is < onsiderably more subject to external 
hazards, with resulting possibility of nudeai acci- 
dent, than is a similar plant located ashore. Spe- 
cial pi coalitions in the form of collision damage 
protection, secondaiy containment, and special 
safetv devices are considered ne< essary. Figures 2 
and 3 show how the vital parts are protected from 
collision damage to the greatest extent possible by 
careful location. The principal hazard from a nu- 
clear accident results from the spreading of xadio- 
activity. Therefore, any reactor system which has 
the fission-product activity held in a reasonably 
permanent form inside solid fuel elements and 
which has a coolant of low long-term activity pos- 
sesses an advantage from a safety standpoint. 

Another important problem affecting safety is 
the characteristic of a nuclear reactor that, even 
when shut down, it continues to evolve heat at a 
low rate from residual radioactivity. Adequate 
means must be provided for disposing of this radi- 


steam line steam 



Fig. 3. Typical arrangement of boiling-wafer reactor 
machinery in containment vessel. (Soc. Naval Architects 
Marine Engrs.) 


ntion during peiiods of inoperation and even in 
cases where the vessel is sunk. 

Seakeeping problems. Any nuclear power reactoi 
for shipboard propulsion and its associated equip 
merit must he designed m accordance with all tlie 
accepted basic principles of marine engineering 
If large free surfaces aie present, special pit 
cautions must be taken to protect them. If fluids 
that aie rate and difficult to obtain aie used in the 
reactor system (either as coolants or as auxilian 
fluids), piovision must he made* either for their 
generation on hoaid or foi adequate storage of a 
leserve supplv. If high melting-point rftaterials t m 
involved, pieheating systems with adequate energy 
sources must lie provided Kxc eptionnl!\ leliabh 
auxiliary power sources aie leqmied because ol 
the* sj^tv and rontiol problems involved 

Reactor types. Onh two types of reactors the 
pi essuri/ed- water reactor and the sodium cooled 
reactor —have actually been applied to operating 
vessels. The pressuri/ed-watei plant has been me 



Fig. 4. General layout of one reactor unit in Lenin 
1. Reactor; 2. steam generator; 3. main circulating 
pump; 4. control-rod mechanism; 5. filter; 6. c0 ° e ' 
7. secondary circuit pump; 8. primary steam vave, 
9. feed-water inlet; 10. steam outlet. ( From Lenin, * 
Russian icebreaker, Nuclear Eng., 3(3J);432-433/ 1 



F| g- 5. Two views of the USS Patrick Henry , a nuclear- 
powered Polaris-missile submarine. This vessel, launched 

favorite because it can be more easily shielded and 
maintained in working order. Other nuclear power 
systems use boiling water, organic cooftnts, and 
Sas coolants. These systems, however, all have 
‘iuwbacks for shipboard application and were not 
Usef l 0,1 the earlier atomic-powered vessels (1955- 
Even the sodium-cooled reactor originally 
in 'tailed on the submarine USS Scawolf has been 
^placed by a pressurized-water reactor. 

All the principal maritime nations are studying* 
1 c Application of nuclear power to naval and com- 
me rcial ships. The United States, Great Britain, 
j ln the Soviet Union were the first nations actually 
° ^? nstruct nuc l®ar vessels. 

he United States Navy has in operation and un- 
e e ^, cons t ruction a large number of nuclear-pow- 
rt submarines and surface vessels (for addi- 


Sept. 18, 1959, is equipped with a pressurized-water 
reactor. ( Official U.S. Navy Photographs) 

tional information on some of these vessels, see 
Ship, inaval; Submarine). The first non-naval ma- 
rine installations of nuclear power are on the Soviet 
icebreaker Lenin (Fig. 4) and on the United States 
merchant ship N.S. Savannah . both of which ule 
the pressurized-water type of reactor. The Lenin 
was launched on December 5, 1957, and the Savan- 
nah was launched on July 21, 1959. 

The third nuclear-powered commercial vessel, 
launched in 1964 in Kiel. Germany, is an ore car- 
rier, propelled by a pressurized water reactor. The 
Soviet Union is reported to be building a nucleur- 
propelled tanker, and many other countries, in- 
cluding Great Britain, Holland, Japan, the United 
States, and France, are seriously studying further 
nuclear commercial ships. Fl. h. roddis, jr/] 

Bibliography : The atomic navy, Nucleonics , Au- 
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gust, 1957, September, 1959, and September, 1963; 
D. L, Gorman, Economic and engineering aspects 
of nuclear merchant ships, AT. Ind. Forum , 1963; 
C. Hinton and R. V. Moore, the nuclear propulsion 
of ships, Trans, Inst, Marine Engrs 1957; J. W. 
Landis, The power plant for the first nuclear mer- 
chant ship, NS Savannah , J. Am, Naval Engrs., 70 
(4) :629-641, 1958; H. G. Rickover, J. M. Dun- 
ford, T. Rockwell, W. C. Barnes, and M. Shaw, 
Some problems in the application of nuclear pro- 
pulsion to naval vessels, Soc. Naval Architects , 
Marine Engrs. Trans. 65, 1958; T. Rockwell (ed.), 
Reactor Shielding Design Manual , 1956; L. H. 
Roddis, Jr., and J. W. Simpson, The nuclear pro- 
pulsion plant of the IISS Nautilus , SSN-571, Soc. 
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521, 1954; H. E. Vann, M. L. Weiss, and B. Wolfe, 
Shielding aspects of nuclear power plants for 
marine propulsion, Soc. Naval Architects Marine 
Engrs. Trans., 66, 1958. 

Reactor physics 

The science of the interaction of the elementary 
particles and radiations characteristic of nuclear re- 
actors with matter in bulk. These particles and ra- 
diations include neutrons, beta f p) rays, and 
gamma (y) rays of energies between zero and 
about 10 7 electron volts (ev). See Beta rays; 
Gamma rays. 

The study of interaction of /?- and y-radiations 
with matter is, within the field of reactor physics, 
undertaken primarily to understand the absorption 
and penetration of energy through reactor shields. 
For a discussion of problems of reactor shielding, 
see Radiation shifiding. 

With this exception, reactor physics is the study 
of those processes pertinent to the chain reaction 
involving neutron-induced nudear fission with con- 
sequent neutron generation. Reactor physics is dif- 
ferentiated from nuclear physics, which is con- 
cerned primarily with nuclear structure. Reactor 
physics makes direct use of the phenomenology of 
nuclear reactions. Neutron physics is concerned 
primarily with interactions between neutrons and 
individual nuclei, or with the use of neutron beams 
as analytical devices, whereas reactor physics con- 
siders neutrons primarily as fission-producing 
agents. In the hierarchy of professional classifica- 
tion, neutron physics and reactor physics are both 
ranked as subfields of the more generalized area of 
nuclear physics. See Neutron; Nitlpar physics; 
Reactor, nuclear. 

Reactor physics borrows most of its basic con- 
cepts from other fields. From nuclear physics 
comes the concept of the nuclear cross section for 
neutron interaction, defined as the effective target 
area of a nucleus for interaction with a neutron 
beam. The total interaction is the sum of interac- 
tions by a number of potential processes, and the 
probability of each of them multiplied by the 
total cross section is designated as a partial cross 
section. Thus, a given nucleus is characterized by 
cross sections for capture, fission, elastic and in- 


elastic scattering, and also for such reactions 
(n,p), ( n,a ), and (n,2n). An outgrowth of this ^ 
the definition of macroscopic cross section, which 
is the product of cross section (termed micro 
scopic, for specificity) with atomic density of t j le 
nuclear species involved. The symbols N<r t ) or v , 
are used for macroscopic cross section, the sub 
script referring to the nuclear reaction invol^d 
and the superscript to the isotope. The dimension 
of 2 are cm~\ and (total cross section) i«* Us „. 
ally of the order of magnitude of unity. 

Cross sections vary with energy according to the 
laws of nuclear structure. In reactor physics, this 
variation is accepted as input data to he 
lated into a description of neutron behavioi. Com- 
mon aspects of cross section dependence, such 
variation of absorption cross section inversely d <, 
the square root of i^utron energy, or the apprnxi. 
mate regularity of resonance structure, fm m the 
basis of most simplified descriptions of reactor 
processes in terms of mathematical or logical mod- 
els. 


The concept of neutron flux is related to that of 
macroscopic cross section. This may he defined as 
the product of neutron density and neulion speed 
or as the rate at which neutrons will tiaveme the 
outer surface of a sphere imbedded in the medium 
per unit of spherical surface. The units of flux an* 
neutrons/ (cm 2 ) (sec). The product of flux and ma 
eroscopic cross section yields the reaction rate pei 
unit volume and time. The use of the^vai tallies is 
conventional in i eat tor physics. 

The chain reaction, a concept deii\ed fnmi 
chemical kinetics, is the basis of a physical ib 
scriptmn of the reactor process. The source* of cn 
ergv in a nuclear reactor is the fission of rciMn 
isotopes of heavy elements (thorium, uiannun. and 
plutonium, in particular) when they absorb nn. 
trons. Fission splits the elements into two highly 
radioactive fragments, which carry away mod of 
the energy liberated by the fission process (about 
160 Mev out of about 200 Mev per fission), tin 
bulk of which is rapidly transformed into boat 
Neutrons of high energy are also liberated, so that 
a chain of events alternating between neutron pm 
duction in fission and neutron absorption causing 
fission may be initiated. Because more than one 
neutron is liberated per fission, this chain reaction 
may rapidly branch out to produce an inci easing 
reaction rate, or divergent reaction; or if the ar- 
rangement of materials is such that only a s mall 
fraction of the neutrons will ultimately piodtiec 
fission, the chain will be broken in a convergent ie 


action. See Fission, nuclear. 

Criticality. The critical condition is what occur*' 
when the arrangement of materials in a reactoi a- 
lows, on the average, exactly one neutron of tho ve 
liberated in one nuclear fission to cause one ad j 
tional nuclear fission. If a reactor is critical i* 
have fissions occurring in it at a steady rate. ^ 
desirable condition is achieved by balancing 
probability of occurrence of three competJ n j| 
events : fission, neutron capture in a material w »» c 



j oes not undergo fission, and leakage of neutrons 
the system. If v is the average number of 
neutrons liberated per fission, then criticality is 
t j lP condition under which the probability of a neu- 
tioii causing fission is 1 /v. Generally, the degree of 
approach to criticality is evaluated by computing 
jf )f the ratio of fissions in successive links of the 
i ham. as a product of probabilities of successive 

prot e^es. 

Keartor constants are the parameters used in de- 
tfimining the probabilities of the various processes 
which together define fc M . They comprise two seK 
,h„se used to characterize nuclear events, and 
those used to characterize leakage. In the former 
f , ro „p are fast effect e, resonance escape prob- 
tliilitv p, thermal utilization factor /, and neutrons 
knitted per fuel absorption 77 . In the latter group 
il1P neutron age or slowing-down area r or L„ 2 . mi- 
rrf jtinii area M‘ J , thermal diffusion area Jr. diffu- 
sion coefficient D , and buckling B 2 . 

Fast effret. The fast effect occurs in thermal re- 
ctors containing significant quantities of U ,,s or 
Ih \ These reactors comprise the bulk of pluto- 
nium production and civilian power reactors. The 
cnloprs mentioned can undergo fission onl\ when 
slunk 1 >\ verv energetic neutrons; onlv a little 
nmie than one-half of the neutrons born in fission 
( in uuise fission in them. Moreover, these fast neu- 
tions (eneigv greater than about 1 . 1 * Me\ ) aie sub- 
iu 1 to energy degradation hv the competing reac- 
tion of inelastic scattering and hv collision with 
mofleiator. In consequence, onlv a small nunibet ol 
•a-t fissions w ill occur. 

The last effect is charac terized by a ratio R of 
list to nonfast fissions. From this ratio, a quantit\ 

t lie* fast effect, is derived, which determines the 
nciiiions available to the chain reaction after the 
• omergent chain of fast fissions has been ( om- 
plcted, pei neutron horn of nonfast fission. 

The common magnitude of r varies between 
102 and l.Ofi. R varies between 0 and 0.15 rnm- 
niunlv. Wlien R ^ 0.01, the fast effec t is usuall v 
omitted from consideration. 

Resonance escape probability. The resonanee es- 
|fl pe probability p is a significant parameter for 
tlm same group of reactors that have a significant 
fN effect, and is defined as the probability that a 
neuti on, in the eourse of being moderated, will es- 
upe capture by U JiK (or Til 2 '*- ) at any of several 
Clergies at which the capture cross sectiof^ is un- 
1|s,ld llv high (resonance energies). The existence 


“I fins resonance absorption prevents most reactors 
homogeneously fueled with natural uranium from 
going ethical, because resonance absorption, cou- 
with other losses, causes neutron depletion 
How the requirement for criticality. Therefore,* 
“^-enrichment reactors are heterogeneous, the 
being disposed in lumps. The lumping of fuel, 
,,ri 8 inally proposed by E. Fermi and E. P. Wigner, 
•n« rpases the probability of resonanee escape. Spa- 
,a j s °lation of resonance absorber from modera- 
? r Creases the number of neutrons which are 
s °wed down without making any collisions with 
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the absorber. Also, because absorption iB very 
probable at resonance energies, the neutrons can 
travel only very short distances into the fuel lump 
before being absorbed, so that the interior of the 
lump is hardly exposed to resonant neutrons. An- 
other effect of lumping is the removal of excess 
neutron scattering near the absorber so that there 
is a lesser probability of absorption following mul- 
tiple collision. 

With slight eniichment. homogeneous assemblies 
can be made critical. The homogeneous problem 
also provides the formalism by which p can be cal- 
culated. Use is made of the resonance integral /?/, 
defined as the absorption probability per absorbing 
nucleon per neutron slowed down from infinite 
source energy in a moderator of unit slowing-down 
power. In a highly dilute system 

Rl~ (7 <T a dE/E 

wheie a,, is the neutron absorption cross section of 
the absorber as a function of energy, and E {) is an 
energy taken as the lower limit of the resonance 
region. The slowing-down power of a moderator 
nucleus is £o\, where £ is the mean inhrease in 
lethargy of the neutron per scattering, and cr, is 
the moderator scattering cross section. Thus, the 
resonance absorption probability of a system 
would appear to he 

1 - p = N, ( RI)/N m £us 

where A', and N,„ are, respectively, atomic concen- 
trations of absorber and moderator in the reactor 
volume. However, because the probabilities of es- 
caping capture bv sin • csMve nuclei must be multi- 
plied, a better expression is 

P = exp {- N, (RI) /N w £(t h } 

The value of /£<, used in the definition of Rl fol- 
lows one of two conventions: it is either taken as 
0.4 ev. the energy below which thin sheets of cad- 
mium absorb all neutrons, or as an energy just be- 
low the lowest resonance, about 6 ev for U and 20 
ev lor Th. In the latter case, Rf is spoken of as 1/v 
corrected. 

Thermal utilization factor. Thermal utilization 
factor / is the fraction of neutrons which, once 
ihennalized. are absorbed in fuel. In a homogene- 
ous array. / may be calculated from the atomic 
densities (that is, the number of atoms per cubic 
centimeter) and thermal-absorption cross sections 
of the various constituents of the reactor. The 
problem becomes more complex in a highly ab- 
sorbing system and in the presence of nuclei (such 
as Pu or Cd ) whose absorption cross sections do 
not vary with energy in the usual 1/v fashion. In 
this case, it becomes necessary to evaluate the neu- 
tron spectrum and average the absorption cross 
sections over this spectrum in order to obtain reac- 
tion ratios. 

For low absorptions, the neutron spectrum is 
given by the Maxwellian expression 

N(E) dE « [2V (irW) ;V2 3 £ 1/2 ~{E/kT} dE 
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where Zr is the Boltzmann constant, and T the abso- 
lute temperature of the medium. Deviations from 
this shape caused by absorption were first formu- 
lated by E. P. Wignei and J. E. Wilkins. This prob- 
lem has recently become highly significant with 
the advent of highly absorbing systems operating 
with considerable quantities of Pu. 

In heterogeneous s\ stems, the problem is tin f her 
complicated by the spatial nonuniformitv of the 
neutron flux. It is therefore necessary to call ulate 
reaction rates in various regions of the lattice bv 
multiplying local absoiption cross sections and 
atomic densities h> local neutron fluxes; or, in ef- 
fect the same thing, by introducing flux weights 
into the cross sections. 

The calculation of neutron flux may he pei- 
formed by diffusion theory or bv more exact and 
elaborate methods for solving the neutron-tians- 
port problem. The problem mav be fmtlier com- 
plicated bv spatial effects on spec tium. 

The term disadvantage factor, applied in simple 
systems oiiginallv to desetibe the ratio of mean 
moderator to mean fuel flux, has fallen into dis- 
favor because of vague and local definitions. The 
symbol F. called t he fuel disadvantage faitoi. is 
still in use to describe the ratio of suifdie to mean 
volume flux in a fuel lump with isopenmeti it flux. 

SYe Tim-rm \i ni mmw 

Fission neutrons pei fuel absorption. This con- 
stant, 7/. is a characteristic of the fuel and of the 
neutron spectrum, but not of the spatial configura- 
tion of the system. Pine fissionable materials do 
not always undergo fission when they absorb neu- 
trons: sometimes they lose theii energv of excita- 
tion bv emission of a gamma rav. The number of 
neutrons pci fission 1 varies only slightly with inc i- 
dent neutron energy (a few per cent per million 
eleetron volts), but 7/ can fluctuate considerably 
even within a fraction of an election volt. Conse- 
quently, the specification of 77 is dependent upon 
a good evaluation of neutron spectrum. 

For unirradiated, low-enric hment assemblies, 
the custom of defining fuel as all uranium. U- 
and U*- ! \ persists. Thus, / consider** total uranium 
captures, and 77 is lowered from the value for pure 
lb n by the fractional absorption rate of lb " in 
uranium. This custom leads to excessive complex- 
ity as plutonium builds into the fuel, and is there- 
fore dec lining in use. 

Infinite nmltiplit ation constant. The infinite mul- 
tiplication constant. A',, is the ratio of neutrons in 
successive generations of the chain in the absence* 
of leakage. In the formalism just described, the 
chain is taken from thermal neutron through fission 
and hack to thermal neutron and from the defini- 
tion of terms, k, = rjepf. This formula is known 
a** the four-fac tor equation. 

For reactors other than weakly absorbing ther- 
mal systems, the simplified description breaks 
down. Thus in a fast reactor significant fission and 
capture occur at all neutron energies, and no mod- 
erator is present; in a very strongly absorbing 
thermal system, an appreciable fraction of neu- 
trons react at energies between the thermal region 


and the lowest IP™ resonance. For such systems 
the definition of the neutron chain is usually made 
in terms of a total time-dependent fission-rate 
pression, and the parametric representation of A 
becomes appreciably more complex. Generally t} K 
spectrum is broken up into energy groups, and A 
is defined as the sum of the fission neutron prodm 
lion rate over all groups divided by the sum of ah 
sorption rates over all groups. 

Neutron age. The neutron age r is a leador p d 
rameter defined in various ways, all related to thr 
probability of leakage of a fast neution from a re 
actoi system. The basic definition is that 6 t 
ures the mean square distance of travel between 
injection of a neutron at one eneigy or enei.r V 
spectrum, and its absorption at some othet enei^ 
in an infinite system. The term age is used because 
in weakly moderating systems the equation tie 
sc ribing neutron slowing down in spac e and energv 
has the same foim as the time-dependent heat con 
duetion equation, with r substituted for time The 
British and Canadian usage is 7 , N J . for slowing 
down length (squared ) , which mote accuritelv tie 
scribes the physical parameter. 

The common injec lion spec trum is a fission spec 
trum, and the common points of measurement 01 
application are absorption at the indium resonant • 
energy. 1 \ ev. or at some arbitrarily defined tin 1 
ma li/at ion energy. The ages of these energies art 
denoted as n„ or m . When a source other than tin 
fission spectrum is considered, other siThsc npls art 
used. 

A. M Weinberg has pointed out that tin slupi 
of the ^spatial distribution in an infinite* sWun for 
which r is the second moment can be c loselv cm 
related with the fast leakage of a bare finite* system 
If the finite system lias a source* and sink disinhu 
tion which is a solution of 1 aplac e*s equation 
V-c/> -f /?-</> = 0 , then the Fourier transform of tin 
r distribution for given B will yield a quantity 
P,{B J ), which is almost exactly the nonleakau 
probability during slowing down. Two parhculuh 
significant cases die those for which tire r disinhu 
lion is a Gaussian or an exponential curve* In the 
former case. P,(B‘) =" c T/r ; in the latter 
P (B 1 ) ~ 1 7 f 1 -|- tB~ ) . The Gaussian distribution 
is experimentally and theoretically verified h ,r 
moderators as heavy as Be or heavier. The expo 
nential distribution is crudely applic able to HO 
moderated systems, and D_»l) has a definitely nrived 
distribution. 

In some cases, r is used in a synthetic way to d» 
scribe* the leakage under some simple appioxiina 
tion to the s|owing-down distribution. Thu**, tj, i s a 
number which is used in a two-energy group neu 
tron model to give correct fast nonleakage p 10 ' 1 
ability as P(B J ) = 1 / ( 1 + T20B 1 ) . When tlu" 
model is not a good approximation, 672// ^ not r 
second moment of the r distribution. 

For a heavy moderator, the age between two en- 
ergies is given by the simple approximation 

r Ml - J' 1 D(E)/3(m<r.) dE/E 



j lPre /) is the diffusion coefficient, N is atomic 
density. mattering cross section, and £ is mean 
Ifthargv (logarithmic energy) gain /collision. 

Thermal diffusion area. The thermal diffusion 
irea one-sixth the mean square distance of 

uau ,| between thermalization and absorption. It is 
thus the analog of r for thermal neutrons. Because 
t h#-i inal migration is usually well represented by 
t diffusion equation, which has an exponential ab- 
Ii.rption distribution, thermal nonleakage prnb- 
,|,ilir\ is given by 1/(1 4- L 2 R 2 ) . L' 2 is defined bv 
/ ^ I) It, 'NcTa, Th. where D and are spectrum- 
j\eiaged diffusion coefficient and absorption cross 
Titian, respectively. 

Miration area. The migration area M 2 i s one- 
,,\ih the mean square distance of travel from birth 

I, , death of a neutron. For large, small-leakage s\s- 
„ m s. 1 '(1 + M 2 R 2 ) is an excellent approxima- 
tion to thi* total nonleakage probability. When only 
thermal absorption exists. M 2 - t 4- L 2 . 

Diffusion coefficient. The diffusion coefficient I) 
h p^entiallv a scaling factor applied to validate 
I uh - law, a relation between neutron flux and cur- 
rent (the latter being defined as a veetor describing 
in t rate of flow of neutron density). Fiek's law is 
< \ pressed a** 

j - -nvt 

wktu* j nil rent, V</> flux gradient, and D diffusion 
t irdmrnt f or generalized s\ stems, D is a tensor, l)irt 
in icmous when* | V cp 1 </> is small, D is approximated 
1>\ a scalai of magnitude 1 / (.'^— ). 

budding, R ~ , is mathematically defined as V"0/(/> 
m «n\ region of a reactor where this quantitv is 
miNtant ov ei an appreciable volume. The name is 
■limed from the i elatiomhip between force and 
‘IfHeifinri in a mechanical s\stem witli constrained 
buimda i ics. In a bare iraetor. the buc kling is con- 
"i mi except within one neutron mean free path 
‘A I'D of the boundary. where spectral ef- 
‘" rw (ause perturbation. For a slab ol width t. 

- (t V) for an infinitely high cylinder of ia- 
( 1 ,,N a. H' = ( 2.404 Ui ) J ; for a sphere of radius a , 
= (t 'a) and for other geometries, jr is again 
cl geometrical constant. Because R 2 is a definite 
M &*‘nv.ilue of Laplace's equation, it is the appropri- 
llr muiilier to be used in the foimulations of P (R ) 
l' r e\ioiisj v described. J 

Effective multiplication /r,ii is the ratio of neu- 
tMn production in successive generations of the 
'Liin reaction. It is given bv the product of /< , and 
^b), where P(R 2 ) is itself the product of fast 

thermal (or equivalent) nonleakage probabili- 
ties. 

Reactivity. Reactivity is a measure of the devia- 

II, )n a reactor from the critical state at any 
r< wn instant of time. The term is qualitative, be- 

CJU ^ l hi*ee sets of units are in current use to de~ 
scribe ij. 

fV cent k and millikay are absolute units 
grilling the imbalance of the system from criti- 
* ,ly l ,er fission generation. Because k t ft *■ 1 de- 
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scribes a critical system, one says that it is 1% su- 
per- or suhcritical, respectively, if each generation 
produces ] .01 or times as many neutrons as 

the preceding one. Millikay are units of 0.1 ^ k. 
and are given plus sign for supereiiticality and 
minus sign for suhcriticality. In both cases, /c,. n is 
the base. 

%k - 100 |i eff - 1 1 
Millikay = 1000 (ivff - 1) 

These units are used primarily in design and analy- 
sis of control rods. 

Dollars are relative units, describing reactivity 
in terms of the mean traction of delayed neutrons 
per fission. Because the delayed neutrons are the 
primary agents for permitting control of the reac- 
tion, supercriticalities ol less than 1 dollar are con- 
sidered manageable in most cases. Thus, there is 1 
dollar to • ‘spend” in maneuvering power level. The 
dollar is subdivided into 100 < cuts. 

Because the delaved neution fraction is a func- 
tion of both neutron energy and fissionable mate- 
rial. the conversion rate between dollars and vf < k 
varies among reactors. Notwithstanding its origins, 
the dollar has found greatest acceptance as a unit 
for analyzing reactor runaways and nuclear explo- 
sions. when' reactivities greater than 1 dollar are 
considered. 

Inhours are reactivitv units based on rate of 
f hangc of power level in low-power reactors. If a 
low-power rear tor is given enough reactivity so 
that its level would steadily increase by a factor of 
c per hour (which is also knowrn as a 1-hr period), 
that mm h reactivitv t- 1 inhour (from inverse 
bom » It is onlv for \ci\ small rear tivities. how- 
ever, that reactivitv in inhours may be obtained 
iiom iccipr oca I periods. 

Reactivity is measured in inhours primarilv by 
operators of steady -state reacLors, in which only 
small reactivities are normally encountered. 

Reflectors. Reflectors are bodies of inateiial 
plated beyond the chain-reacting zone of a reactor, 
whose function is to return to the active r /one (or 
core) neutrons which might otlieiwise leak. Re- 
flector vv ui t li can lx* erudelv measured in terms of 
the alhedo, or probability that a neutron passing 
Irom core to reflector will return again to the core. 

Good reflectors are materials yvilh high scatter- 
ing cross sections and low absorption cross sec- 
tions. The first requirement ensures that neutrons 
will not easily diffuse through the reflector, and the 
second, that thev will not easily be captured in dif- 
fusing back to the core. 

Beryllium is the outstanding reflector muterial 
in terms of neutronie performance. Water, graph- 
ite. DjO. iron, lead, and U“' ls are also good reflec- 
tors. The irse of Be. H.O, C. and DjO as reflectors 
permits conversion of neutrons leaking at high en- 
ergy into thermul neutrons diffusing back to the 
core. Because the reverse flow of neutrons is al- 
ways accompanied by a neutron-flux gradient, 
these reflectors show characteristic thermal flux 
peaks outside the core. They are, therefore, desir- 
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able materials for research reactors, in which flux 
peaks are useful for experimental put poses. 

The usual measurement of reflector worth is in 
terms of reflector savings, defined as the difference 
in the reflected dimension between the actual core 
and one which would be critical without reflector. 
Reflector savings are dose to reflector dimensions 
for thin reflectors, and approach an asymptotic 
value dependent upon core size and reflector con- 
stitution as thickness increases. 

Reactor dynamics. Reactor dynamics is con- 
cerned with the temporal sequenc e of events when 
neutron flux, power, or reactivity varies. The inclu- 
sive term takes into account sequential events, not 
necessarily concerned with nuclear processes, 
which may affect these parameters. Theie are basi- 
cally three ways in which a reaetoi may be affected 
so as to change reactivity. A control element, ab- 
sorbing lod. or piece of luel may be externally ac- 
tuated to start up, shut down, or change reactivity 
or power level : depletion of fuel and poison, 
buildup of neutron-absorbing fission fragments, 
and production of new fissionable material from 
the fertile isotopes Th- M “. 11 {| , 1 1 <s , and Pir 10 
make reactivity depend upon the irradiation his- 
tory of the system; and changes m power le\el mav 
produce temperature changes in the system, lead- 
ing to thermal expansions and mechanical changes 
of its constituents with consequent change of re 
activity. 

Reactor control physics. Reactor control phys- 
ics is the study of the effect of rontiol devices cm 
reactivity and power level. As such, it includes a 
number of pioblems in reactor statics, because the 
primary question is to determine the absorption of 
the control elements m competition with the other 
neutronic processes. It is, however, a problem in 
dynamics, given the above information, to deter- 
mine what motions of the control devices will lead 
to stable changes in reactor output. 

Particular problems occurring in the static’s of 
reactor control stem from the pat titular nature of 
control devices. Many control rods are so heavily 
absorbing for thermal neutrons that elegant refine- 
ments of neutron-transport theory are needed to es- 
timate their absorption. Other types of control 
rods include isotopes with heavy resonance ahsoip- 
tion, and the interaction of such absorbers with 
U 2 * 8 resonances must be examined. The motion of 
control rods changes the material balance of reac- 
tor regions, and with water-moderated reactors, 
peaks in the fission rate occur near empty rod 
channels. By virtue of high absorption of their con- 
stituent isotopes, some absorbing materials (for 
example, cadmium and boron) burn out in the re- 
actor, and a rod made of these materials loses ab- 
sorbing strength with time. As a final example, the 
motion of a control rod may change the shape of 
the power pattern in the reactor so as to bring sec- 
ondary pseudostatic effects into play. See Re ac- 
tor, NUCLEAR. 

Reactivity changes. Long-term reactivity 
changes may represent a limiting factor in the 


burning of nuclear fuel without costly reprocess 
ing and refabrication. As the chain reaction p ro 
ceeds, the original fissionable material is depleted 
and the system would become subcritical if S0Iftfi 
form of slow addition of reactivity were not avail 
able. This is the function of shim rods in a typi (d j 
reactor. The reactor is originally loaded with 
enough fuel to he critical with the rods completely 
inserted. As the fuel burns out, the rods are with 
drawn to compensate. 

In order to decrease requirements on the slum 
system, many devices to overcome reactivity 
may be used. A burnable poison may be incorpo 
rated in the system. This is an absorhing isotope 
which will burn out at a rate comparable to () , 
greater than the fuel. Burnable poisons are there 
fore limited to isotopes with very high effective 
neutron-absorption cross sections. Combinations of 
poisons, and the use of self-shielding of poison-* 
can, in principle, make the close compensation of 
considerable reactivity possible without major (on 
trol rod motions, but the technological piohlem-* 
in their use are formidable. 

A more popular method for compensating iear 
tivity losses is the incorporation of fertile isotope*, 
into the fuel This is desirable because the nni 
trons captured in the fertile matcnal are not 
wasted, but used to manufac ture new fissmndhh 
material; and also because (as with I)- " in 1 
reactors or Pu- 40 in Pu- , ' ) systems) the fertile ma 
tenal is normally found mixed with ttfe fissionable 
and isotopic separation may he circumvented or 
minimized Depending on the conversion ratio (new 
fissionable atoms formed per old fissionable atom 
burned ) and the fission parameters of the matin 
als, a reactor so fueled loses reactivity relative 1\ 
slowlv. and in some cases, rna> show a temporap 
reactivity increase The various isotopes pi cubic <ii 
bv successive neutron capture in uranium and pin 
tonium must he considered in this problem tin 
higher isotopes becoming prominent at ver> lon„ 


exposures. 

A final consideration of long-term reachvitx i 
the extra parasitic absorption of the fission prod 
ucts as formed At long exposure, this absorption 
becomes significant because of the relatively high 
absorption of many of the fission products \t 
shorter exposures, isotopes of very high ab k ”P 
tion, mainly Sm ,4 ° and Xe Mfi , are mor^ proim 
nent. These materials have such high cross section* 
that they reach a steady-state concentration rcb 
tively quickly, burning out by neutron caption ^ 
rapidly as they are formed in fission. 

Xe l{r ‘ is particularly interesting because it 5 
cross section is abnormally large, its fission > 1 
high, it is preceded by an isotope of low eros* ^ 
tion and approximately 7-hr half-life (I 1, '‘) aI Jy 
undergoes /3-decay to the low absorption 
with a half-life of about 10 hr. This combination ^ 
properties gives several interesting effects. * 
of these is that, at high flux, a reservoir of 1 ^ 

formed which continues to decay to Xc 1 ^ ^ 
after the reactor is shut down. Because Xe 



maintained at steady state during operation by a 
balance of buildup against burnout, the shutdown 
a | h o removes the chief mode of Xe 13r> destruction. 
Hence, the Xe l 15 concentration increases immedi- 
ite | v after shutdown. The reservoir of I 1 ” is so 
large that reactivity is rapidly lost as Xe 1 ^ builds 
J an d in some cases, it may be impossible to re- 
start the reactor after a short shutdown. The op- 
erator must then wait almost 2 days for the Xe ,u> 
!() disappear by radioactive decay. At very high 
fluxes, this effect becomes ho severe that even a 
mall temporary reduction in power may lead to 
,,ltiniate subcriticality of the reactor. 

\ m ,thei effect caused by Xe 1 ” in high-flux re- 
d( f ors is that, if the reactor is large enough, the 
V' may force the power pattern into oscilla- 
, Ions of 1- or 2-day periods. Although this is not a 
^rious dynamic problem, it does emphasize the 
necessity of monitoring not only the total power, 
t)l u also the power pattern, so that appropriate 
, oiintermeasures may be taken. 

Reactor kinetics. This is the study of the short- 
1 , rm aspects of reactor dynamics with respect to 
-ululitv, safety against power excursion, and de- 
-inn of tlie control system. Control is possible be- 
(li ns(* theic is a time lapse between successive fis- 
sions m a chain resulting from the finite \elo< ity 
i,f the neutrons and the number of scattering and 
nMxlcidting events intervening, and because a 
t rat lion of the neutrons in delayed. See Nn ikon. 
m i m i) 

Prompt-neutron lifetime. This is the mean time 
lit tween suiiessive fissions in a chain, and it is the 
Iim< qualiu which determines the time scale 
witlun which controlling effects must be operable 
H i lejetivity excursion is touched off. In theimal 
n H tms, the controlling feature is the time he 
•ween thei rnali/ation and rapture, because fast 
ii' ut i oils spend less time between collisions, and 
tin total time for moderation of a neution is at 
, ii«» s t a few microseconds (/is ec). Prompt-neutron 
lilMimes vary from 10 to a few hundred psec fo? 
li;:lit water reactors, the shorter times being found 
111 poorly reflected, highly absorbing systems, and 
tlu* longer in well-reflected systems, in which time 
l>‘nt in the reflector is the dominating factor. 
Other theimal reactors have longer lifetimes, with 
M,m '* hrj\v-water reactors having lifetimes as long 
‘‘ h’w milliseconds. Fast reactors have lifetimes 
'* the order of 0.01-0.1 psec, the controlling* far- 
,( " l^mg the amount of scattering material used 
K liluenl. 


P<'la\ed neutrons. Delayed neutrons are impor- 
f,lnl ^ause a complete fission generation is not 
‘‘•hieved until these neutrons have heen emitted by 
1 ,M| precursors. A slightly supercritical reactor 
until the delayed neutrons appear, and 
1,4 delay allows time for the system to he brought 
lnMr (n, itrol. The fraction of delayed neutrons /? 

^ ron i about for thermal fission of Pu 2 ™ 
an ^ to about %% for thermal fission of U 2, \ 
thp^ VPra ^ ^ er cent f° r some fast fission events. In 
1Ps <* latter cases, however, the extra delayed neu- 
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trons have such short lifetimes that they are of 
only slight extra utility. 

In any case, the influence of delayed neutrons is 
felt only to the extent that they are needed to main- 
tain criticality. When the system is supercritical 
enough that the delayed neutrons are not needed to 
complete the critical chain, it is known as prompt 
critical. Prompt criticality represents in a qualita- 
tive sense the threshold between externally con- 
trollable and uncontrollable excursions, and it is 
for this reason that the dollar unit is popular in ex- 
cursion analysis (a prompt critical system has a 
reactivity of ] dollar). 

Although it has now been established that a 
larger number of fission products emit delayed neu- 
ttons. the distribution in time after fission of the 
delayed neutron emission rate is accurately repre- 
sented for all purposes by a sum of six negative ex- 
ponentials. For many purposes, however, a three, 
two, or one group approximation is udequate. 

Reactors moderated by DjO and Be have addi- 
tional delayed neutrons contributed by photoneu- 
tron reactions between the moderator and fission 
product /-rays. Although not a large fraction, this 
effect makes sueh reactors unresponsive to small 
leactivitv fluctuations, and gives them unusual op- 
erational smoothness. 

Reactor period. This is the asymptotic time re- 
quired for a icaetoi at constant reactivity to in- 
( reasc its power h\ a factor e. When a critical re- 
ac tni is gi\en extra rea< livitv, its power will rise. 
At first, the power production rate has a complex 
-hape on a time plot, but ultimately the power will 
rise exponentially. The period is the measure of 
this exponential rate. 

The relation between the reactor period and the 
reactivity is known as the inhniir equation. If / is 
tlie reactor lifetime in seconds. /?, the fraction of 
delayed neutrons in group /, A, the dec av constant 
of group i delayed neutrons in see 1 , »S reactor pe- 
riod in se( , and p reaetivitv in thousands of milli- 
kav. 


1/S+ Z 1/3. /(I ^ X,S) ] 

t 

P J l - £ [/3,7(iTx7s)|“ 

t 

; s the inhour equation. The equation has / + 1 so- 
lutions of 5 for a given p, / being the number of 
groups; and theie is always a real value of ,S with 
a higher value than the real part of any other solu- 
tion. This highest 5 is the period. For very small „ 
values of p, that is. for very large periods, this 
value is approximately 



For very large p, and therefore small S, the period 
is approximately //(p — /?). This same result; 
would be found if the delayed neutrons were 
thrown away completely. 

Reactivity coefficients. There are several func- 
tions relating changes in reactivity to changes in 
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the physical state of the reactor. The power coeffi- 
cient is the change in reactivity per unit change in 
reactor power; the temperature coefficient relates 
reactivity to temperature change, and is often 
broken down into fuel, moderator, and coolant co- 
efficients; for low-power graphite reactors, there 
exists a barometric coefficient; one may define also 
coolant circulation rate coefficients and void co- 
efficients. 

Because the reactivity is commonly a compli- 
cated function of all the pertinent variables, the 
reactivity coefficient generally is the coefficient of 
the first term in a series expansion of the reactivity 
about the operating point. This in turn describes a 
linear theory of reactor dynamics. The theory may 
be extended to reactivity effects of arhitrarv type 
bv considering reactivity coefficients as function- 
als. 

The basic problem of reactor dvnarnics is the 
specification of the power coefficient of reactivity. 
The chain, power affects reactiyitv wh»ch affects 
power, is thereby analvzahle. using the power co- 
efficient functional together with the leactor ki- 
netic equations. The power < oeflicient is, however, 
predictable only in terms of changes in tempera- 
ture and flow resulting from powei changes in the 
svstem. Thus, the analysis of power coefficient im- 
plies exhaustive knowledge of system behavior. 

Reactivity coefficients may be prompt or delaved. 
and most delayed effects can he charac ter i/ed as 
either of decay or transport type. An example of 
the decay type of coefficient is the contribution of 
coolant temperature change to powei coefficient. 
Here, a power pulse giyes a thermal effect on the 
coolant which is instantaneously ohseivahle, and 
which decreases exponentially with a time constant 
imposed bv the heat-transfer equations. An exam 
pie of a transport type of delav is the delay at- 
tributable to coolant circuit times. Here, a finite 
time lapse exists between the cause and the ob- 
servable response. Effects due to fuel heating are 
examples of prompt effe< t^. 

Some tvpes of power coefficient vield dangerous 
or unstable situations Thus a power coefficient 
mav contain a prompt positive ( autocatalvtic) 
term and a larger delayed negative term. Even 
though such a system may he stable against slow 
power-level increases, it will undergo a violent ex- 
cursion whenever power is raided rapidly enough 
to outstrip delayed effects. Again, a system with 
prominent delaved effects of the transport type is 
always unstable beyond some ethical power, even 
if the effect opposes the power shift; here, there is 
a possibility of phase instability. 

The dynamic behavior of a reactor is usually an- 
alyzed bv techniques common to all feedback sys- 
tems. .See Skrvomf ch a nism. | b.i.s.] 
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Reagent chemicals 

High-purity chemicals used for analytical reaction*, 
for the testing of new reactions wheie the effe< u 
of impurities die Unknown, and, in general, for 
chemical work where impurities must eithei he al) 
sent or at known concentiations. If the comenhd 
lion of impurity in any reagent is critical, an anal 
ysis should he made. 

Methods of purification. Chemicals are pnnM 
by a variety of methods. The most common nielhod 
is rerrystallization from solution. For many inor 
ganic chemicals, a saturated solution is piepamj in 
water at the boiling point. After filiation to n 
move insoluble rnattei, the ehernu al < rystalli/cs out 
of solution as it cools. The crystals aie removed b\ 
filtration on a small scale oi 1>\ centrifugation on 
a large scale, washed with watei tc* remove mi 
purity-containing solution on the sui lac e, and dnnl 
If the substance to he puiificd is not appimabh 
more soluble in hot solution than in < old solution 
then ffne can use isotheimal c i vstalli/ation, the ie 
moval of solvent at constant teinpeiatuie b\ icdm 
ing the pressure. The rec ly stallizalicm pro< e 
not always successful as a puiification method In 
some rases, precipitation of crystals from a satu 
lated water solution by adding a second solvent 
for example ethvl alcohol, is the simplest metbol 
One difficulty is that the impurity ciystals mav ha\< 
the same structure as the desned ones, that i- tin 
two c iystals may be isomorphous. If water of Indra 
tion is present, stoiage in an atmospheie oi known 
humidity may be necessary to obtain a definite In 
drate. Occasionally it is easiei to remove the mi 
puritv bv dissolving it in a solvent in which the de 
sired mateiial is not very soluble. 

If the desired chemical is volatile and the un 
purities are not volatile, sublimation is an cffeitn* 
method of purification. For example, iodine and 
senious oxide are easily purified bv sublimation 
For liquid chemicals, distillation is an effective pm 
cedure. Finally, the simplest procedure niaj 1* 1(1 
synthesize the desired reagent from pure materia *■ 
for example, the addition of pure ammonium 
bonate solution to pure calcium chloride solut ,on 
precipitates pure calcium carbonate. 

Standards Of purity. Commercial chemical « ‘ 
available at several levels of purity. Chemica •* 
beled “technical” or “commercial” are j* hlia 
quite impure. The grade “USP” indicates 
chemical meets the requirements of the n 
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State* Pharmacopeia and nothing else. The term 
.*( p” means only that the chemical is purer than 
technical ” Chemicals designated “reagent grade'’ 
“unalvzed reagent” are specially purified mate- 
‘ ^ which usually have been analyzed to establish 
,| 1( , IpncIs of impurities. The last two classes are 
the ones usually used in the laboratory. The Anier- 
,n Chemical Society has established specifica- 
tion* and tests for purity for some chemicals. Ma- 
)d | s which meet these specifications aie labeled 
Meets ACS Specifications.” 

\ spetial group of extiemely pure chemicals arc 
( ailed “primary standard” reagents. These reagents 
re usually readily available, easily purified, and 
unieactive with components of air such as water 
and carbon dioxide. The total surn of impurities 
should be less than 0.029? • These reagents are used 
t, determine the concentrations of solutions used 
m volumetric analysis or for other purposes in 
uln'h impunities must he quite low in concent ra 


lion 

(.are is necessary to prevent contamination by 
dust or h\ other chemicals. Transfers should be 
nade due* tlv from the container by pouting and 
not with spatulas or other tools. No material should 
1 h returned to the container. The maintenance of 
inn it\ in an opened container is a problem. 

Selective and specific reagents. Chemical re- 
menls are often classified on the basis of utility. 
Many chemicals are general reagents, that is, they 
iMd\ ieuct with many others. Koi example, any acid 
will he neutiali/ed to some extent by a base Tlow- 
mi rhete die some reagents which react with only 
i limited number of other chemicals. These re- 
• „mts ai^ c ailed selective* reagents. The silver salts 
oli liloi ide, bromide, iodide, thiocyanate, and of a 
l*v\ other ions are insoluble in watei ; therefore 
"liver nitrate is a ^elective precipitating reagent lor 
tli* ions A limited nuniher of reagents are known 
*huh react appreciably with only one ion undei 
'•pei died conditions. These reagents are called spe- 
cific reagents. 'The specific property is determined 
l‘y the product formed. The ion dimensions, the 
1 hinge densities, and the electron arrangements of 
the KMgent and the ion whic h react must fall within 
M 'ridin limits or no reaction will occur. Variations 
m the acidity of the solution and the presence of 
"dmr ions can change the condition of the ion so 
that no reac lion can occur. Most inorganic reagents 
Jlp at best selective. Most specific reagents ar# or- 
£ an|( in nature. 

These organic reagent* have two types of reae- 
Kfuups. One group forms electrovalent bonds 
' ‘harge neutralization, and the second group 
orm '' r ovalent bonds by sharing electrons. The 
P r ‘»ducts are cyclic because both bonds are to the 
l? rnp * on * and they are called chelate compounds. 

t h elates are frequently very insoluble in wa- 
1(1 and intensely colored, making them very use- 
u ln dialysis. [k.c.s.1 

biography: F. Feigl, Specific and Special Re- 
nrtlon 1940; American Chemical Society, Rea- 
' nt f'hemicals — ACS Specifications , 1956; J. Ro- 
n ' ” f ' a 8ent Chemicals and Standards , 1955. 


Real variable 

A variable whose range is a subset of the real num- 
bers. By extension the term is also used to refer to 
the theory of functions of one or more real vari- 
ables. This theory has to do with properties of 
broad classes of functions, such as continuity, 
types of discontinuities, differentiability of func- 
tions, oscillation and variation of functions, and 
the various kinds of integrals. .Sec 1 ni kohai ion. 

Real numbers. Real numbers are those com- 
monly used in the geometric theory of measure- 
ment. The integers and fractions, also called 
rational numbers, are included among the real nuin 
hers. In practice an irrational nun. her x is specified 
by telling which rational numbers are less than x 
and which are greater than x Such a division of 
the rational numbers into two classes was used by 
J- W. R. Dedekmd as the formal definition of a 
real number and is called a Dedekind cut. 

The system of real numbers ha* the familiar 
algebiaic propei ties and is also ordered. This ordei 
is related to the algebiaic operations of addition 
and muJtiplic ation by the following properties: 

I f a h % then a i ( < 0 f- r for every n ft ruber r 

If a < by then ac < hr for every number c „ > 0. 

[f a ^ 0 and b » 0, there exists an integer n su< h 
tli at a < rib 

Various subsets of the real numbers mav be de- 
fined by means of inequalities The set of numbers 
x satisfying the inequalities a < \ b is called an 
open interval and denoted b\ Here a and b 

are the ends of the interval but are not included in 
it. When the left end a is included, the notation is 
changed to [//,/>). The interval \u,b\. including 
both ends, is called a closed interval. A more 
complicated set, called the Gantoi disoontinuum, 
which is veiv frequently of use in the theory of func- 
tions. may be constructed as follows. From the in- 
terval [0,1] remove the open intervals ( l Au 

J f»), {‘ t Y\ ! M*y + % ) , and in fact all intervals 
(f - 1# c M , c), where * “ r / 1 /3 1 dj /V f * * * -4- 
</„ i 1 4- t", and each c/, - 0 or 2. It may be 

proved that the remaining set contains just a 1 ; many 
numbers as the original interval [0,1 | (.see Imin- 
ity). Another set to which reference will be made 
consists ol all the rational numbers \ satisfying the 
inequality r J s' 2. 

An upper bound for a set S of numbers is a num- 
ber V such that \ ^ U foi every r in ,S. and a lower 
hound is a number /, sue h that L i x for everv x 
in S. A set need not have an upper bound, foi exam- 
ple. the set of all rational numbers. A least upper 
bound for S is an upper bound l 1 such that V is not 
an upper bound when V </ V. There cannot be more 
than one least upper bound for a sel of real num- 
* bers. A distinguishing property of the real number 
system states that every set having an upper bound 
also has a least upper bound in the system. This 
property fails foi the system consisting only of the 
rational numbers, as is shown by th*> fact that the 
least upper bound of the set consisting of the ra- 
tional numbers Jt such that x 2 < 2 is the irrational 

number \/2. 
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Functions. Consider a function f(x) defined on 
an intervai a x "Y b. By the oscillation of / on a 
subinterval [ r,d] of [a,6 J is meant the number 
o >(c,d) *= least upper bound of \f(x\ ) — fix 2 ) | for 
x\ and xo in |c,c/|. The function / is continuous at 
a point x of \a>h\ in case o>(c,d) tends to zero 
when c and d approach and / is continuous on 
fa,6J when it is continuous at every point of [<1,6). 
A function / continuous on a closed interval [a % b~\ 
attains a greatest and a least value on [<*,&]. More- 
over, it takes every value between f(a ) and f(b). 
If / has a derivative /' on the interval [Y,6], then 
f also takes every value between each pair of 
its values, although f may fail to be continuous. 
However, a continuous function / may fail to have a 
derivative at any point whatever. This suggests a 
useful classification of functions according to the 
number of continuous derivatives they possess. 

The variation of a function / on an interval [aj)~\ 
is defined to be the least upper bound V (a,b) of 
the sums 


JL !/(*•) ~f(r, i)| 

for all finite sets of points j* () , . . . , x n satisfying 
To = «, r, 1 ' r„ x n ~ b. One can write V(a,b) = 
-f 00 when no upper bound exists, and in all other 
cases one says that / has bounded variation. A con- 
tinuous function / may fail to have bounded varia- 
tion. as for example 

f(x ) = x sm (1/ r) 0 < x ^ 1 

/(<)) = 0 

on the interval [0.1]. On the other hand a function 
of bounded variation may be discontinuous; how- 
ever, it alwavs lias right-hand and left hand limits 
at each point, so all its discontinuities are lump 
discontinuities. This follows readily from the fact 
that a function of bounded variation alwavs is equal 
to the difference of two nondecreasing functions. 
A very reinaikable theorem states that every func- 
tion / of bounded variation has a deiivative /'(r) 
except at the points of a set which can be enclosed 
in a sequence of intervals the sum of whose lengths 
is arbitrarily small. 

If 5 is a set composed of nonoverlapping inter- 
vals \ck,dk ), the variation V (S) of / over S may be 
defined as the sum of the variations V(r/ f ,dj,). If 
V (S) tends to zero with the sum of the lengths of 
the intervals, the function / is said to be absolutely 
continuous on [a,6 |. An absolutely continuous 
function / admits a generalization of the funda- 
mental theorem of integral calculus, namely 

f(b) — f(a) - £/'(*) dx 

where the integral is a Lebesgue integral. 

Continuous functions may be characterized in a 
way different from the definition given above. Thus 
a function f defined on a finite closed interval \a,b] 
is continuous on [Y,b] if and only if for every 
positive number e there exists a polynomial func- 
tion pix) which approximates fix) with an error 


less than c on the entire interval [a,6] t that j a 
I i(x) - p(x) I < e for A variation of 

this condition (which may seem minor) yields d 
much more restricted class of functions than the 
continuous functions — that is, if one requires the 
approximating polynomials to be of the form 


n 

p{x) = £ ~ * 0 )* 

fc-0 

where the coefficients c k belong to a fixed infinite 
sequence c<>, 0 , c 2 , . . . , and x {) is a point of | a,6], 
the function / will have continuous derivatives of 
all orders and will have many other properties 
which are best understood when the variable t is 
allowed to be complex (see Complex ncmber*, 
and complex variables). On the other hand, if n 
is required only that there exist a sequence of poly 
nomials p„ such that 

lim p n (x) = fix) 

n -*oo 

for each x on | «,/>], then fix) may be disromin 
nous. Such a function / is said to belong to Baire’s 
class 1. A sequence /„ of functions in Baire’s c lass 1 
may converge to a discontinuous function not in the 
class 1. This is the beginning of an infinite tolle< 
tion of classes of discontinuous functions. 

[ I .M (. ] 

Bibliography : L. M. Craves. The Theory oj Fum 
turns of Real Variables , 2d ed., 1956. 

Realgar • 

A mineral having composition AsS and riW<tl 
lizing in the monoclinic system. Realgar is found 111 
shorty vertically striated crystals, but more fn 
quenflv is granular and in c rusts There is one 
pinaeoidal cleavage, the hardness is 1.5 2 iMoh* 
scale) and the specific gravitv is .1.48. The luster i- 
resinous and the color red to orange. Realgai w 
found in ores of lead, silvei. and gold associated 
with orpiment and stibnite. It occurs with the silvei 
and lead ores in Hungary. Czechoslovakia, and 
Germany. Good c rystals have come from Binnentlwl 
Switzerland, and Allchar, Macedonia. In the United 
States it is found at Manhattan, Nevada, Mercer 
Utah; and as deposits from geyser waters in Vel 
lowstone National Park. .SYe Arsenic; Orpimi-vi 
Stjbniit. [c.shi 1 


Reamer 

A multiple-cutting-edge tool designed to enlarge 
or ac curately size and finish an existing hole m 
solid material by removal of a small amount ot 
stock. The cutting edges may be ground on the 
apexes between longitudinal flutes or grooves, or 
cutting may take place on chamfered edges at the 
end of the reamer. 

Reaming is performed either manually or > 
machine. Hand reamers may be gripped with a 
wrench on their square-ended tangs while machine 
reamer shanks are made either tapered or roun 
to adapt to machine tools. Hand reamers are flu ^ 
with a slight end taper to aid in starting. Fluted ma 



hine reamers for finishing remove metal by both 
1 d and side cutting, while the heavier rose reamers 
u t only on their chamfered ends. See Machining 
|,p>r\tions. [a.t.] 

Recent 

^ renn roughly defining a sequence of geologic 
strata ( the Recent Series) and also the time (late 
Quaternary) during which the strata were depos- 



ed Introduced In the British geologist Sir 
( Juries l veil in 18.13. the term is now widely con- 
siikred to represent the sediments postdating the 
lit \ge It is leeognized. however, that the last 
dtpUidtion of middle and high latitudes has been 
piofjrcsshe. and various events have been sug- 
j * ted as an arbitrary basis of separation B\ 
•tin rs “ment M has been employed in an informal 
'<nse without specific definition. In several Euro- 
pe in loiintries the term Holocene is pieferred to 
Ihiont hut is used with essentially the same mean- 
ms as Recent Set Quaternary. 

Ketent strata represent virtually every environ- 
ment of deposition, as they include all the sedi- 
ments that are being deposited at present. AJ- 
thnuph Recent time (in the formal sense) falls 
within the range of C dating, it lacks an ac- 
* f pted value for its duration because of uncertainty 
In fixing its inception. It is held hy some to repre- 
a lapse of the order of 10,000 years. The term 
I >,)s tgld< ial is applied by pollen stratigrapher** in 
Northern Europe to the sediments represented by 
pollen zones IV- IX. approximately the last 10.000 
as determined by C 14 dating. See Palynol- 

<HA ' PostgIACIAL VEGETATION \ND CLIMATE, Ra- 
NPM \RHON DATING. f R.F .1 . 1 

Reciprocity, principle of 

I" the si ientific sense, a theory that expresses vari- 
T ren Proeal relations for the behavior of some 
> s ical systems. Reciprocity applies to a physical 
^ em w hose input and output can be interchanged 
out altering the response of the system to a 
1Ven citation. Optical, acoustical, electrical, and 
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mechanical devices that operate equally well in 
either direction are reciprocal systems, whereas 
unidirectional devices violate reciprocity. 

The theory of reciprocity facilitates the evalua- 
tion of the performance of a physical system. If a 
system must operate equally well in two directions, 
there is no need to consider any nonreciprocal com- 
ponents when designing the system. 

Examples of reciprocal systems. Some systems 
that obey the reciprocity principle are (1) any 
electrical network composed of resistances, in- 
ductances, capacitances, and ideal transformers 
(2) systems of antennas, with restrictions given 
following Eq. (2). (3) mechanical gear systems, 
and (4) light sources, lenses, and reflectors. 

Devices that violate the theory of reciprocity are 
(1) transistors, (2) vacuum tubes, (3) gyrators, 
and (4) gyroscopic couplers. Any system that con- 
tains the al)6ve devices as components must also 
violate the reciprocitv theorv. The gyrator differs 
from the transistor and vacuum tube in that it is 
linear and passive, a-> opposed to the active and 
nonlinear character of the other two devices. 

Rayleigh’s theorem of reciprocity. Reciprocity 
is com iselv expressed bv a theorem origirrally pro- 
posed bv Lord Ravleigh for acoustic svstems and 
later generalized bv I. R. Carson to include electro- 
magnetic systems. Both mathematical expressions 
of the theory of reciprocity are closely related to 
the mathematical theorem known as Green’s theo- 
rem (see Crft n's thfoium) The acoustical reei- 
procitv theorem of Lord Ravleigh is as follows: 
In an acoustic system consisting of a fluid medium 
having boundary surfaces si, $«>, . . . , Sk and sub- 
ject to no impressed hodv forces, the surface in- 
tegi al 


J] (/>!»’ 2n - Pil'ln) d* = 0 (1) 

where pi and p 2 are the pressure fields produced 
respectively by the components of the fluid veloci- 
ties i j T/ and Vjn normal to the boundary surfaces s 1 , 
s 2 , . . . . si,. The integral is evaluated over all 
boundary surfaces. 

For a region containing only one simple source 
H. L. F. Helmholtz has shown that the theorem ran 
he expressed as follows: a simple source at A 
produces the same sound pressure at B as would 
have been produced at A had the source been 
located at B. In other words, the response of a 
human ear at B due to a vibrating tuning fork at A 
L the same as the response of the ear at A due to- 
the same tuning fork when located at B. The human 
ear, the tuning fork, and the intervening acoustical 
media constitute a physical system that obeys the 
theory of reciprocity. 

Electromagnetic systems. The generalization of 
Lord Rayleigh’s theorem to electromagnetic sys- 
tems can be mathematically expressed by the 
volume integral 

f v V • (Ei * H 2 - E 2 x Hi) dv - 0 (2) 
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where Ei, Hi are the electric and magnetic field 
vectors describing a state due to one electromag- 
netic source and E 2 , H 2 describe another state due 
to a second source. The above relation is valid as 
long as the medium is isotropic and the field vec- 
tors are finite, continuous, and vary according to 
a linear law (thus excluding ferromagnetic mate- 
rials, electronic space charges, and ionized gas 
phenomena ) . 

By means of Maxwell’s equations, the relation 
of Eq. (2) can be expressed in another form when 
restricted to systems of conduction current only 

£ (Ei ♦ J 2 - E 2 • Ji) dt = 0 (3) 

where Ji and J 2 are the conduction current densi- 
ties in an electromagnetic system respectively due 
to the action of the external electric fields Ei 
and E 2 . 

Equation (3) is readily applied to antennas and 
radiation. If in Fig. 1, Ji is the resulting ( urrent 
density in antenna B due to an electnc field Ei 
established by antenna A, and J> is the current 
density in antenna A due to electric field E^ es- 
tablished by antenna B, then Ji = Jj provided 
Ei = E^. The two emfs need not be applied at the 
same instant of time The integral in Eq. (3) over 
all space reduces to an integral over the two an- 
tennas since Ji and Jj are zero elsewhere. From 
this particular application of the reciprocity the- 
orem it is seen that the transmitting and receiving 
patterns of an antenna are the same 

The expression in Eq (3), when evaluated over 
an A-rnesh electrical network, 1 educes to 

L P.., i6, - L v h) i ai (1) 

]= 1 



Fig. 1. Antenna system. 
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Fig. 4 Four-terminal, black-box network 


where a and b are two different states of the mi 
work and the / subscript denotes in whn h of the \ 
meshes the voltage and current are measured Ki 
the two-mesh network in Fig. 2, Eq. (4) gives 

y «1*M = V 1)2*02 ( r > 

In words, if an emf source of magnitude V and zero 
internal mipedarne, when applied to terminals 1 I 
produc es a current / at terminals € 2, then tin 
same current / will he measured at terminals 1 ] 
when the emf V is applied to teimnials 2 2 Ihi 
preceding statement and Eq. (5) are probably lie 
mosFfamiliar form of the theoiem of ret iprot it\ 

Electrostatic systems. The statement of rm 

procity for elet trostatics is 

J piVi dt = £ pj 1 dt K'l 

where \\ and are the electric potentials pro 
duced at some arbitrary point respectively due l< 
the volume charge distributions pi and pj The 
integral expression in Eq (6) when applied to 
the electrostatic system of two charged < ondw tor*- 
in Fig. 3 becomes 

y n 9a = VhQb ,71 

V (l is the potential on conductor a due to rii rgr 
q\, on conductor b , and the remaining quantities an 
similarly defined. In other words if a charge (\h f,n 
conductor b raises the potential of conductor a to 
V, then the same charge on conductor a raises the 
potential of conductor b to V . 

Electrical networks. A somewhat different ap 
proach to reciprocity is the so-called “black b° x ^ 
or two-terminal pair, method illustrated w hfi 
The box might contain a mechanical, ar0lJ ‘ ,r *| n 
optical, or electrical system. The applied excittH^ 
or cause is E and the response or effect is F ^ 
ratio of E/P (or E'/E) is the transfer function ^ 
for the system within the black box. 
subscript notation of G 12 when E is imprest 





terminals 1-1 and E' is measured at terminals 
9 2 , then Gm represents a response measured at 
\ i for an excitation at 2~ 2. Mathematically the 
general behavior of the box to excitations at both 
* ls of terminals can be expressed as 

E x = 4- Gi 2 E' 2 

E> = G- n E'\ + G^E' 2 (8) 

a< , long as the response bears a linear relation to 

the excitation. 

If in addition to its linear characteristic, the 
satisfies the relation 

G \ 2 = G:»i (9) 

the principle of reciprocity is obeyed, and the 
device will operate equally in either direction. 
Whenever Gfj V- G*ji the system violates the theory 
„f reciprocity, with the result that the response in 
one direction is different from that obtained in the 
other direction. See Network theory, electrical. 

[h.s.la.'] 

BiblwgtaphM D. F. Gray (ed.), American In - 
finite- of Phvsirs Handbook , 1957; R. F. Harring- 
ton. Introduction to Electromagnetic Engineering , 
105R ; International Telephone and Telegraph 
( (»i poration. Reference Data for Radio Engineers , 
1 Hi ; .1. D. Krauss, Antennas , 1950; J. A. Stratton 
Electromagnetic Theory , 1941. 
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from the cell divisions during meiosis (see Meio- 

sis). 

An inherited difference referable to correspond- 
ing places (loci) in homologous chromosomes is 
said to be due to homologous, that is, allelic, genes. 
These are conventionally represented by different 
forms of the same base symbol, such as A versus a. 
When an allelic difference is present the corre- 
sponding locus is said to he genetically marked. 
Genes at nonhomologous loci are termed nonallelic 
and are symbolized by different base symbols, such 
as A or a at one locus versus B or b at a different 
locus. Genes are known to be at different loci only 
if they are capable of recombining with one an- 
other. .See Gene. 

Effect of independent assortment. Members of 
chromosome pairs are normally assorted into the 
meiotie products at random with respect to the 
parentage and gene content of the nonhomologous 
chromosomes that accompany them. In the case of 
two gene differences A , a and B , b located in inde- 
pendently segregating, nonhomologous chromo- 
somes. recombinations are therelore just as nu- 
merous as parental combinations among the 
haploid products of ineiosis. The combinations AB , 
ab % Ab , and aB are equally frequent regardless of 
whether the diploid parent AB'ab was formed 
from tlie haploids AB and ab or from the haploids 
Ab and aB (Fig. 1). See Memjf.lism. 


Recombination, genetic 


! lie formation of new combinations of genes by the 
n placement of a portion of the genetic material 
ti out one cell lineage with its counterpart deri\ed 
Irani another lineage. Genetic recombination is a 
normal consequence of sexual reproduction, and 
the increased adaptability conferred on organisms 
b\ recombination is believed to he an evolutionary 
idvantage that is responsible for the widespread 
<»( < urrcnce of sex in diverse forms of life. Genetic 
rcionihinalinn is also known to occur by processes 
'iuh as transduction in microorganisms that more 
nearly resemble infection than sexual union. Re 
• oinbination has provided geneticists with their 
most powerful experimental tool for investigating 
< hrmnosoine behavior and structure, and for re- 
viving the hereditary material into its genic ele- 
ments. See Enolption, organic. 


benetic recombination requires for its detcc- 
tmn the existence of inherited differences between 
mganisms. Such differences are due in most cases 
to physical differences localized in the linear chro- 
m ' lM 'nics of the cell nucleus. See Chromosome 
1H lOm Of HEREDITY. 

Two cells from separate lineages are brought to- 
SPther in sexual organisms by fertilization, fol- 
° wp d bv fusion of their haploid nuclei, each con- * 
gating a single set of chromosomes, to form a sin- 
diploid nucleus which contains two sets (see 
^Hamy). Reassortment of genes and chromo- 
°, m?s the diploid into new combinations occurs 
* p n single sets of chromosomes are segregated 
ni ° haploid eggs, sperm, or spores that result 
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Fig. 1. Diagram showing the combinations of two 
gene differences, Ao and Bb located in independently 
segregating chromosomes. (From E. W. Sinnott , L. C. 
Dunn, T. Dobzhansky, Principles of Genetics, 5th ed., 
McGraw-Hill, 1958) 
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Effects of linkage and crossing over. Differ- 
ences at different gene loci within a pair of homolo- 
gous chromosomes do not ordinarily behave inde- 
pendently of one another during meiosis, but 
remain in their original combinations unless a mu- 
tual exchange of equivalent .segments occurs be- 
tween paired homologs through a process known as 
crossing over. Genes are known to be linked, that 
is, to be located in the same or homologous chro- 
mosomes, when parental gene combinations occur 
more frequently than recombinations among the 
products of meiosis. The combinations AB and ab 
are produced more frequently than Ab and aH if 
the diploid parent came from AB + ab — > AB/ab ; 
less frequently if the parent came from Ab + 
aB — » Ah/aB. 

Linkage in bacterial transductions and transfor- 
mations is indicated when two inherited differences 
are transferred simultaneously from donor into re- 
cipient with a higher frequency than would he ex- 
pected from chance coincidence. See Bacterial 

GENETICS. 

Genetic linkage connotes mechanical relation- 
ships between genes during reassortment, because 
of their being in homologous chromosomes. It does 
not imply anv functional similarity among the 
genes that are linked, with respect to their effects 
on the organism. However, related functions are 
found together in some cases of very closely linked 


recombinable units (see Pseudoalleles). Also 
certain genes concerned with sequential biosyn- 
thetic reactions are closely linked in bacteria. 

Linkage groups . All the gene loci that show li n j,. 
age with one another make up a single linkage 
group, and when enough genes have been ipq P( j 
the number of linkage groups is expected to equal 
the haploid chromosome number of the specif 
This has been demonstrated for various species 0 j 
Drosophila fruit flies with 3-6 linkage groups f or 
corresponding chromosome numbers in different 
species, and also for maize with 10, barley with 7 
the fungus Neurospora with 7, the fungus 4sp^ r - 
gillus with 8, the chicken with 6, and the garden 
pea with 7 linkage groups. 

Not all linkage groups are mapped in other or- 
ganisms, such as the house mouse with 16 groups 
known for 22 chromosomes, the silkworm Bombyx 
with 15 groups for 28 chromosomes, the Japanese 
morning glory Pharhitis with 10 groups foi 13 
chromosomes, and the tomato with 11 groups for 
12 chromosomes. The bacterium Escherichia (oh 
and certain bacterial viruses appear to po^o* 
only one linkage group. Knowledge of linkage m 
man is rudimentary. 

Genetic maps. The strength of linkage between 
genes at two specific loci depends upon their rhs 
tance apart, but is independent of their steri< ji 
rangement in the two homologous chromosome 


o.o-^ 

1.5 — : 
3 0 
5.5'/ 
l.o 

13.7 
20 . 0 - — 
21.0 

27.7 

33.0 

36.1 

43.0- 
44.0" 


56.7 x. 
57.0^: 

59.5 

62.5 
66.0 


| yellow body 
^ scute bristles 

\ white eyes 

X s * facet eyes 
'Xechinus eyes 
•j-N^ruby eyes 

^crossveinless wings 
‘ cut wings 

singed bristles 
, . ^ lozenge eyes 
- -X* vermilion eyes 
^miniature wings 
— sable body 
'X garnet eyes 
^forked bristles 
^.Bar eyes 

T fused veins 

r — carnation eyes 
" — bobbed hairs 


0 0v 

1 3 — 
4.0—' 

13.0 — 
1 6 5 — 


48.5 
51 00\ 
54.5AJ 
54.8 X 
55 . 0 ^ 
57.5' 
66.7-^. 

67.0 

72.0 — 

75.5 — 



y net veins 
-^--aristaless antenna 0 
-^"Star eyes ® ^ 

^held-out wings 

dumpy wings 

clot eyes 


j ^roughoid eyes Q Q 
^veinlet veins 




black body 

//reduced bristles 
//. purple eyes 

// Bristle short 
light eyes 
X cinnabar eyes 

.. scabrous eyes 

\ vestigial wings 
.X*°he eyes 
^curved wings 


-javelin bristles 

- sepia eyes 

- hairy body 

| yDichaete bristles 
I /^thread arista 
scarlet eyes 
-pink eyes 
-curled wings 
-Stubble bristles 
•^-spineless bristles 
: ^Oh'thorax body 
stripe body 
\a\ 9* ass eyes 
-AVdelta veins 
hairless bristles 
ebony body 

cardinal eyes 
91.1 h — - rough eyes 



✓ bent wing 
cubitus veins 
^r—shaven hairs 

v^groovelcss scutellum 
^eyeless 


100.5 — 
104.5—. 
107.0 — 


^✓plexus wings 
^ brown eyes 
— speck body 


Fig. 2. A genetic or linkage map of the four chromo- 
somes of Drosophila melanogaster, showing the rela- 
tive positions of some of the more important genes. 
Figures refer to distances from the upper end of the 
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chromosome as determined from the percentage* 0 
recombination observed in linkage experiments. 

E. W. Sinnott, L. C. Dunn, 7. Dobzhansky, Prindp e 
of Genetics , 5th ed., McGraw-Hill, 7958) 
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that undergo segregation, which may be either most accurate maps are therefore based on recoin- 

4 ft ab which is the cis or coupling phase or bination values for short intervals. Although link- 

4b/aBi frans or repulsion phase. This provides age groups are known whose length exceeds 200 

j ba^i 3 4 ’ l° r placing all genes of the same linkage map units, recombination of any two genes does 

cioiip ,n *° definite positions with^ respect to one not normally exceed 50 ^ because of multiple 

a nothe r ° n a li near genetic map (Pig. 2). Map dis- crossovers and the fact that each exchange involves 

lance between two loci is expressed precisely as only two out of four chromosome strands. 

t| U ' mean number per 100 meiotic products of Relation of genetic and rytological maps. Ge- 
)ri ,„sovt*i break points, that is, crossovers in the netic linkage groups can be assigned to particular 

marked interval. The length of a map interval cor- chromosomes on the basis of parallelisms in the 

^ponding to 1% of crossovers is usually called distribution through meiotic segregation and fer- 

(tne map unit, although special terms, such as mor- tilization of genetic markers and of microscopi- 

rmn oi eentirnorgan, have been proposed to define rally recognizable chromosome differences. Se\- 

„ lK h a unit. linked genes and the recognizably different sex 

Crossover probabilities are additive, whereas re- chromosome* provide the mo-a common opportu- 

Hnnbination values are not. Crossovers and recom- nit\ for accomplishing this. Other linkage groups 

lunations are equal for ^hort intervals, but recom- can he assigned to their respec tive chromosomes 

lunations across long intervals are less frequent hv using structural learrangements, heteromor- 

ilun c rossovers within them because of the occur- phic chromosome- characterized bv differential 

nn« c of double and other multiple crossovers. T hf features such as knobs, or atypical numbers of 
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homologs of a particular chromosome such as the 
trisomic or monosomic condition. 

Localization of specific genes within particular 
chromosome regions may be accomplished by 
using deficient chromosomes where the absence of 
a certain recognizable region permits the expres- 
sion of whatever recessive genes are carried in the 
corresponding region of a nondeficient homologous 
chromosome. This method is subject to possible er- 
rors resulting from position effects. A more general 
method for assigning loci of the genetic maps to 
specific chromosome regions depends on the exist- 
ence of heteromorphic chromosome features or re- 
arrangements, and makes use of crosses when both 
genetic and cytological markers are segregating 
simultaneously. 

Gene sequences are identical on genetic and on 
cytological maps, but relative lengths of intervals 
between corresponding loci may differ (Fig. 3). 
Rearrangements in chromosome structure such as 
inversions and translocations are reflected in 
changed linkage relations. See Chromosome ab- 
erration. 

Tetrad analysis. Tn most organisms, including 
those higher plants and animals that are best 
known genetically, only a random sample of mei- 
otic products consisting of spores, eggs, or sperm 
that have originated from many separate meiotic 
segregations can be subjected to genetic analysis. 
In some organisms, notably lower plants such as 
fungi, algae, and bryophytes. the four products of 
an individual meiosis can be recovered for analysis 
as a group of four spores (quartet or tetrad). Each 
member of such a spore tetrad contains one of 
four chromosomes from the tetrad of strands 
within which crossing over occurred. 

Genetic analysis of tetrads provides more direct 
and complete information regarding recombination 
mechanisms than it is possible to obtain from 
strands collected at random, especially information 
regarding the reciprocal nature of exchanges, their 
occurrence at the 4-strand stage, and the relations 
between strands involved in multiple exchanges. 
Tetrad analysis also enables linkage relations be- 
tween centromeres and gene markers to be estab- 
lished. 

Mechanism Of crossing over. Genetically de- 
tected crossing over entails actual physical ex- 
change of microscopically distinguishable chromo- 
some segments. Equal, homologous segments that 
extend from one point of crossing over to another, 
or to the end of the chromosome, are exchanged ; 
two complementary recombinant chromosome 
strands hence result from a single exchange (Fig. 
4). Individual exchanges affect only two of the 
four homologous chromosome strands that are re- 
covered in the four products from an individual 
meiosis. Crossing over therefore occurs between 
individual strands at or after the time when paired 
chromosomes split to form a four-stranded struc- 
ture containing two identical sister strands from 
each homolog. In summary, when a single exchange 
occurs between loci c and d in a diploid containing 
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for colorless aleurone and for full or shrunken endo 
sperm in corn. ( From E. W. Sinnott, L. C. Dunn, 1 
Dobzhansky, Principles of Genetics, 5fh ed., McGraw- 
Hill , 1958) 


chromosomes ABCDEF and abrdef , the four inn- 
otic products that result are ABCDEF , ARCdel 
abcDEF , and abrdef . 

It is not known whether each primary crossing 
over event involves breaks and rejoinings of prr 
formed structures, or whether it is a consequence 
of replication along paired homologous chiumn- 
somes that serve as alternate templates. 

Crossing over frequencies within marked iegion s 
are not absolute, but are capable of wide variation 1 ' 
depending on genetic constitution, chromosome 


structure, and environment. 

Multiple exchanges. Two or more exchanges can 
occur at different positions within a single chmmn- 
some pair. The distribution of exchanges within 


and among pairs of homologous chromosome 6 ^ 
not random ; occurrence of one exchange genera ' 
decreases the probability of another occurring 
nearby. This is known as interference. When mu 1 
pie crossing over occurs, a second exchange 
involve the same two strands as the first, or o 


one of them, or neither. 



Interference. If the occurrence of two or more 
r() ssovers within neighboring region* is less fre- 
quent than would be expected by chance coinci- 
jerur, interference or. as it is commonly termed, 
rhia^ma interference is said to be positive. Inter- 
ference between two marked regions may be ex- 
n ,e-sed quantitatively in terms of coincidence. 
w hidi h the ratio of the observed frequency of dou- 
j } ( ( . rM ,ssovers to the frequency expected if the two 
t , Nrn | S were independent. In most organisms, but 
ll()t in the homothallic fungus Aspergillus, intei- 
fercrne is strong or complete between short neigh- 
ing regions comprising 10 map units or less, 
jn J decreases for increasingly longer intervals, 
some cases of apparent multiple crossovers in very 
short legions may be due to nonreciprocal gene 
( (inversion which is discussed later in this article. 
Inferences about interference based on data from 
Mndom rneiotic products depend upon assumptions 
Miiuetmng how the four strands of a tetrad are in- 
w >Ued in successive exchanges. 

strand relations. The fact that each crossing 
i.\or oiiiih between two chromatids at a 4-strand 
siigc introduces a new variable: which of the vari- 
i ill's strands are involved in successive exchanges? 
Nonrandom participation of Mrands, which is 
it nnnd chromatid interference, would have impor- 
■ ml implications for theories of crossing ovei. A 
1 1 o < t genetic demonstration of strand relations re- 
,nros the recoveiv ol tetrads of meiotic products 
r i.*m crosses having three or more marked loci Al- 
though data horn a number of experiments are con- 
sistent with landnm involvement, substantial rvi 
driu c from fungi and from flics suggests that the 
Mine tv\o strands ate more likclv than not to lie in- 
'olved in successive exchange's, especially in short 
I'l.ghhoimg regions. Interpretation of these 1 results 
li’pends upon the unsettled question of whether 
novmng over occurs between sister strands. 

Meiotic ex< hanges between sister strands, which 
in identical replicates, would not result in recoin - 
1'ination oi marker genes, hut might nevertheless 
'lair indirect effects on interference or on strand 
nldhons in multiple exc hange tetrads. Labeling 
u >lh radioactive isotopes has enabled sister-sit and 
H \< hanges to be observed directly during mitosis, 
f \ iderice regarding their occurrence during ineio- 
>,s ^ inconsistent. It is known from tetrad analysis 
that ^ister-strand exchanges do not occur during 
meiosis in such a wav as to participate in int^rfer- 
on an equal basis with genetically detectable 
' v bilges. See Mitosis. 

^vtological observations. Cvtological observa- 
t,()ns ^ ave been too gross to contribute much di- 
I rp| 1 information, and the microscope has served 
; 1(1 nv to reveal later consequences of crossing 

r ' to confirm inferences from more precise ge- 
1 . < ^ ata, anc ^ to explain anomalies of genetic re- 


j 1 " '^mirige resuirs in a cmasma, wmen can 
)ser yod under favorable conditions as a cross- 
^ c d interchange between two members of a 


t lna tion in terms of chromosome structure or 
) , er * ^ood evidence exists that each genetically 

“e< live „ _L: ...L* L 
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tetrad of chromosome strands. However, chiasma 
data must be interpreted cautiously because, in less 
favorable material, structures indistinguishable 
from chiasmata may occur in the absence of ge- 
netic exchange. 

Mitotic crossing over. In sexual organisms re- 
combination normally occurs with a high fre- 
quency only at meiosis. However, both in insects 
and in fungi crossing over has been shown to occur 
with low frequencies in diploid <ells that subse- 
quently continue to divide mitotically as diploids. 
In both these cases, reciprocal exchange occurs be- 
tween nonsister chromatids at a 4-strand stage, 
similar to meiotic crossing over. 

Delimitation of individual genes. The individ- 
ual gene has been variously defined as the small- 
est unit in a linear array capable of undergoing re- 
combination with other such units (the recon), or 
capable of undergoing detectable mutational 
change (the rnuton), or capable of functioning 
normally only if nondelective subunits lie in the 
same chromosome rather than in separate homo- 
logs (the eistioni. In practice, recombination is an 
essential operation for applying anv of these defi- 
nitions. See Gvvb action 

Gene conversion. Non? otipr oral recombination 
sometimes occurs within a short region so that one 
of a pair of segregating genetic units is repre- 
sented in more than two of the lour products com- 
prising a single meiotic tetrad, or a new combina- 
tion of genic subunits appears that is not balanced 
bv its reciprocal recombinant. These exceptions to 
the normal 2:2 meiotic segregation of homologous 
genes are termed gene conversion, aberrant segre- 
gation, transmutation, »r transreplication. 

A direct demonstration of gene conversion re- 
quires that tetrads of meiotic segregants he ana- 
lyzed. Evidence from random meiotic products is 
necessarily indirect; the occurrence of nonrnutant 
progeny from crosses between two physiologically 
similar mutants has been interpreted in terms of 
gene conversion in a number of cases where neigh- 
boring gene markers on either side of the mutant 
region are not recombined as frequently among the 
new types as would be expected if the nonmutants 
had arisen from simple crossing over between parts 
of a complex locus. 

Critical direct evidence for conversion is con- 
fined to a few cases in fungi, where specific genes 
undergo conversion in fewer than 1 of rneioses at 
most. Indirect evidence in fungi, insects, and seed 
plants suggests a more general occurrence. Gene* 
conversions are correlated with the occurrence of 
normal complementary crossing over at or near the 
locus involved. The underlying mechanism is un- 
known. Hypotheses have considered clustered mul- 
tiple exchanges within a complex locus, excep- 
tional modes of gene replication, or mutational 
changes involving extragenic controlling elements-. 
Failure to recognize conversion as such could lead 
to spurious conclusions regarding interference and 
regarding the degree of linear resolution achieved 
in recombination experiments. 
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Bacteria and viruses. The mechanism of cross- 
ing over between homologous chromosomes seems 
to be fundamentally similai in all organisms above 
the bacteria, and normally to involve reciprocal ex- 
change occurring at the 4-strand stage. Genetic re- 
combination in bacteria and bacterial viruses (bac- 
teriophages) is overtly dissimilar from that in 
higher organisms in several respects, of which the 
most striking is that reciprocal products of recom- 
bination are not recovered from individual recom- 
hinational events. This may reflect a fundamental 
difference in mechanism, or it might in some cases 
reflect postrecombinationa! elimination of one of 
the reciprocal products, perhaps be<ause it is part 
of an incomplete or inviable complement. Onlv a 
portion of the genetic complement from the donor 
cell lineage usually participates in bacterial re- 
combination, whether this be pre< eded bv cell con- 
tact as in sexual union. b\ transfer of genetic ma- 
terial by a bacteriophage vector, as in transduc tion, 
or uptake bv the cells of molecular deoxyribonu- 
cleic acid (DNA), as in transformation. 

In bacteriophages, recombination probably re- 
sults from formation of a replica alternately on 
two different templates, rather than from breakage 
and reunion of preformed structures. Double cross- 
overs in short intervals coincide with a frequency 
greater than chance. Genetic information is con- 
tained completely in the bacteriophage DNA .See 

fUc TF RKMMi AGF. 

Molecular basis. Evidence of many kinds indi- 
cates that DNA plays a fundamental genetic role 
for which its complementary duplex aperiodic lin 
ear structure seems uniquely appropriate. Pros- 
pects of relating crossing over on the chromosomal 
level to replication and ircombination on a molec- 
ular level have been increased bv the demonstra- 
tion (using radioactive isotopes) that a simple re- 
lation exists between DNA replication and the 
duplication of plant chromosomes undergoing mi- 
tosis. Old and new daughter strands are clearly 
distinguishable when chromosomes have dupli- 
cated twice following removal from the source of 
label. Experiments by J. H. Taylor (1958) have 
shown that labeled DNA is letained intact along 
the entire length of one strand whereas its sister 
remains unlabeled, except when complementary 
sister-strand crossoveis are seen to have occ urred 
Similar experiments in bacteria and in bacterial 
viruses indicate that a labeled DNA template is 
conserved substantially intact when new replic ates 
are made. See DEOXYRiBONUU.hu acid; Gen hues. 

ro.D.P.1 

Bibliography, Exchange of Genetic Material * 
Mechanisms and Consequences , Cold Spring Har- 
bor Symp. Quant. Biol., vol. 23, 1958; K. Mather, 
Crossing over, Biol. Revs., 13:252. 1938; W. D. 
MeElroy and B. Glass (eds. ), A Symposium on the 
Chemiral Basis of Heredity , 1957; H. J. Muller, 
Genetics , Medicine and Man f 1947; G. Ponteeorvo, 
Trends in Genetic Analysis , 1958; E. W. Sinnott, 
I,. C. Dunn and T. Dobzhansky, Principles of Ge- 
netics , 5th ed., 1958; C. P. Swanson. Cytology and 
Cytogenetics , 1957; Symposium on Genetic Re- 


combination, J. Cellular Comp. Physiol., vol 4 *; 
suppl. 2, 1955; J. H. Taylor, Sister Chromatid ex 
changes in tritium-labeled chromosomes C,> nr/ 
43:515,1958. ’ 

Recording 

Any process for preserving signals, sounds, data, or 
other information for future reference or reprodm 
tion. Processes in common use include magnetn 
tape and wire recording, disk recording as , )n ph ( , 
nograph records, photographic recording of \* ave 
forms, and facsimile recording of photography 
and other material. Less commonly used are 
tromechanical. electrothermal. ele< troc hemn lt ] 
electrolytic, carbon pressure, and other lemrdniir 
processes. The term molding is also used io dr 
note the end product of a molding process, s ,| ( ), 
as the magnetic tgpe, disk recording, or paper 
chart from a graphic level reeoider. 

Common speeds used for disk recordings drf 
16%, 33%, 45, and 78 rpm. Speeds for magnetic 
tape are lower or higher multiples of 30 m «*<*< 
such as 60. 15. 7 l />. and 3% in. 'sec. See Magmir 
recording , see also Da I A PIlOfFSSING SY STF M*' 
Disk ri cording; Faisimiif, Opiical rh orihv 

Kl CORDING INS I RTTMhNTS. GRAPHIC; S(>| \p ^ 

iording; Wirf hi cording | i mh 

Recording instruments, graphic 

Instruments that make a graphic* record of om ck 
more quantities as a function of anffthei variaM* 
usually time. Recording instruments mas have tru 
type of sensing device, such as pressure, lempm 
ture^ voltage oi weight. The sole identifying hi 
ture is that thev make a graphic teeord of the qiian 
tit v being measured An instrument ^ifli t 
molding devic e often uses the suffix-graph smli e 
a barograph or oscillograph, in place oi the 
used with a similai nonrecording instrument w ndi 
as a barometer or osc illosc ope 

Recording instruments are classified according 
to their princ iple of operation. Thev ate eilhti d 
rect-acting, in which case the marking deuce e 
mechanically connected to and directly operate d 
by the primary detector, or indirect-acting 111 
which case the measurement energy of the piimui' 
detector is increased through M>me inteinirdwi' 
means to actuate the marking device. These mt»r 
mediate means are usually mechanical, electrn n 
electronic, or photoelec trie. 

In addition to the primary classification, 
ing instruments are classified by their exhibitor 
means, recording means, number of marking 
vices, and marking means. The exhibiting nuMn 
are either circular charts or strip charts. The r p 
cording means may be continuous, interim p 
(marking device retracted from chart bet*<^ 
measurements), or sequential (more than one ' 
able is intermittently recorded). The instrurmn 
may have one or more marking devices. The 
ing means may be an inking pen on a paper < 4 ^ 
an inked typed impression on a paper en®^ 
heated stylus on coated paper, a mechanical * 
on coated or chemically treated paper, an e p 
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*tvlus on current-sensitive paper, or a light beam 
on film or Iteht-sensitive P a P er which can he con- 
linuow^lv developed during use. 

Direct-acting instruments. Figure 1 shows a 
sjm ple direct-acting, circular-chart, pressure-re- 
cording instrument. Direct-action operation is suit- 
able when the primary detector has sufficient torque 
to overcome the frictional loads of the hearings and 
marking means. 

Multiple-record, direct-acting, circular-chart re- 
corders are made with as many as four independ- 
ent measuring systems. The pen arms are arranged 
i( , that they may pass each other without interfer- 
ence. The marking means may consist of an inte- 
gral assembly of inkwell and writing tip, or a writ- 
in jr tip connected by capillary tubing to a 
wtationary ink reservoir. Figure 2 illustrates a four- 
pen recorder. 

Multiple recording may also he made with a 
zone tvpe chart. With this type the record of each 
measured quantity is restricted to a limited section 
of the chart. Simultaneous recordings of the phase 
\oltages of a polyphase electrical system are com- 
monk made this way. 

\ (Inert-acting strip-chart recording mechanism 
n dmwn * n Fig. 3. Instruments of this type are 
made for use with anv one of several nominal chart 
widths fiom 3 to 6 in. Generally the chart moves 
uTticallv downward with time. Some recoiding in- 
-ti irnents with narrow charts employ a horizontal 
dike to the left, with the marking means moving 
upward for increasing values of the measured 
quantity. This arrangement provides first-quadrant 
presentation, commonly used in manual plotting. 

The ciicular chart is usually driven by a small 
"Midironous motor or spring-wound clock. Chart 
speeds range from one revolution in IS min to one 
evolution in 30 days. Strip-chart instruments gen- 
employ an electric-motor drive. Chart 
lengths from 90 to 120 ft are standard. Chart 
i>mls from ^ in. diour to 6 in. /sec can he pro- 
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'' Single-pen, direct-acting, circular-chart re- 
er (From D. M. Co nsidine, ed., Process Instru- 
ct and Controls Handbook , McGraw-Hill , 1957 ) 



Fig. 2. Four-pen, direct-acting, circular-chart re- 
corder. ( From D. M. Considine, ed.. Process Instru- 
ments and Controls Handbook , McGraw-Hill 4 1957) 
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Fig. 3. Strip-chart drive assembly. (From D. M. Con- 
sidine , ed., Process Instruments and Controls Hand- 
book, McGraw-Hill, 1957) 


vided. Direct-acting recording instruments are suit- 
able for many measurements, such as tepiperature, 
pressure, flow, level, electric current, voltage, and 
power. 

A modified form of direct-acting recording in- 
strument uses an auxiliary source of power for op- 
eration of the marking means. This arrangement is 
employed when the measurement energy level is 
too low to overcome the frictional load of the mark- 
ing means In this instrument the stylus does not 
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normally touch the chart. It is pressed against the 
chart periodically by an auxiliary motor mechan* 
nism. By the use of a coated chart or an inked rib- 
bon between the stylus and the chart, an inteimit- 
tent record is made. 

Indirect-acting instruments. Indirect-acting re- 
cording instruments may employ mechanical, pneu- 
matic. electiical, or electronic power amplification, 
the latter being the most common. Feedback cir- 
cuitry is generally used to eliminate effects of am- 
plifier gain instability (see Servomechanism ) . 
Eithei of two types of feedback are used in elec- 
trical-measuring recorders, current or position. 

Figure 4 is a schematic diagram of a current- 
feedback circuit. The voltage input (error signal) 
to the amplifier is the different e between the 
measured quantity e and the voltage drop IR across 
resistor R . At balance onl> a small erroi signal is 
necessary to sustain the amplified feedback cur- 
rent /. When the measiiied quantity changes, the 
error signal increases. This causes the amplifier 
output current to change until the new value of 
feedback voltage IR differs from the new measured 
quantity by only a small amount. The feedback 
current is connected in seiies with a direct-deflect- 
ing recording milliammeter Because the energy 
level of the signal to the i reorder is high, this in- 
strument does not have 1 the torque limitation of the 
direct-acting electrical tecording instrument. This 
type of instrument is suitable for the measmement 
of rapidly varying quantities, with rates of change 
as high as 100 c ps 

Figure 5 is a si hematic circuit diagiam of a po- 
tentiometer-tv pc position feedhac k instrument The 
measured quantity e is detei mined b\ positioning a 
contact on a slidewire so that the voltage drop 
across the portion of the slidewire from one end to 
the contact is equal to e Bv maintaining a known 
fixed current in the slidewire 1 . the position of the 
contact, as read on the assoc iated chait, is a meas- 
ure of the input quantity. These measurements are 
made automatic by connecting the error signal to 
the input of an amplifier. The amplified output 
drives a motor, whic h moves the contac t until the 
error signal is effectively reduced to zero. Instru- 
ments of this class usually use a converter and an 
ac amplifier and motor. The converter changes the 
dc error signal to alternating current, whic h is am- 
plified to operate the balancing motor. This com- 
bination eliminates the need for dc amplification, 
whic h is difficult to stabilize. 



Fig. 4. Schematic diagram of a current feedback cir- 
cuit. 



Fig. 5 Schematic diagram of a position feedback cir 
cuit 



Position-feedback instruments arc made with d 
wide variety of characteristics. They may use nr 
cular or strip charts. Nominal strip-chat t widths 
are 3, 4, 6, 8, 10 and 12 in. Full-sc ale step-response 
time from to 30 sec can he provided. Fullsnil 
range can he as low as 100 /cv Nominal d« < urar \ 
of this class of instrument is 0.2.V, of scale span 
B> special selection of components an accuracy ut 
0.1 is attainable. 

The use of a relatively high-power halanc mg 
niotoi makes possible the operation of anvilum 
appaiatus from the output shaft of tiff* motot dun 
Alarm switches, electrical and pneumatic cn.itnl 
mechanisms integrators, and analog-to-digital uni 
vertei.s ran lie opeiated 1>\ the instrument with cm 
impairing its measming characteristics Manual or 
automatic range* change, chart-speed change timl 
pen lifting are easily provided 

The self-balanc ing ircorder is adaptable lar |i'> 
viding continuous measurement of two indepenil 
ent variables Separate measuring circuit*- anipli 
hers, and halanc ing motors arc used foi rnahim. 
each record. The pens, using different color- ■»' 
ink. may he arranged to pass each other, or tli**' 
rnav he restricted to a limited poition of a /one *1 
chart. 

A large number of vaiiables can he recorded on < 
single chart bv sequential means. A motor-driven 
switch connects the input circuit sequential!* t> 
the primary detectors. After each balancing opera 
tion a printing mechanism is pressed against tin 1 
chart marking the value of the measurement IV 
primary detector associated with each indi vidua 
record is identified by a distinctive color or h' a 
printed numeral or letter. As many as 28 variable 
c an he recorded on a single chart. The time p« r 
point may he as short as 1 sec or as long as 1 raw 

The position-feedback recording instrument a 
many applications. By the use of suitable tran^ 
ducers, such as thermocouples, strain gag es 
chometers, and photocells, nonelectrical quantity 
can be recorded. It is suitable for use with a v * 
ety of measuring circuits, such as potentiate 
and dc and ac bridges. Circuit combinations caI ^ 
used to record the result of continuous analog c 




nutation, as the sum of two or more quantities, 
sfluare-root extraction, multiplication, and division. 

S X-Y recorder. The function plotter, or X-Y re- 
order, provides a record of one variable against 
another (not time). The instrument includes an in- 
dependent balancing mechanism for the second 
enable This may cause the chart to be positioned 
awarding to one measured quantity, or the chart 
, na v be stationary and the pen-carriage mechanism 
positioned by one of the measurements at right an- 
to the pen travel. See Electrical measure- 
ment; Oscillograph. [a.w.j.] 

Bibliography : American Standards Association 
i ASA t , Direct -acting Electrical Recording histrn - 
merits- -Switchboard and Portable Types , ASA 
( J ( )2. 1953; ASA, Automatic Null-Balancing Eler- 
trual Measuring Instruments , ASA C39.4, 1956; 
[) M. Considine (ed.). Process Instruments and 
(ontrols Handbook, 1957. 

Rectangle 

\ rectangle is a parallelogram whose adjacent 
aie perpendicular. A rhombus is a plane 
quadrilateral having four equal sides. A square is 
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0 Rectangle, (b) Rhombus, (c) Square. 

1 m tangle with fom equal sides and is therefore 
iUo a lluunhus. The area of either the rectangle or 
tlu 1 lhombus is equal to the product of the base 
times the altitude (A = bh). For a square of side 
l> the area A is equal to b times b: it is written b~ 
imi (ailed “6 square.” The numbers 0. 1, 4, 9, 16, 

are called squares, since each has the form 
n where n is an integer. See Quadrilateral, 

^URE. [j.S.Kl 

Rectifier 

' nonlinear circuit component that allows more 
( tirrenl to flow in one direction than in the reverse 
Erection. An ideal rectifier would be one *that 
allowed current to flow in one direction unimpeded 
allowed no current to flow in the other direc- 
,Jon Thus, ideal rectification might be thought of 
as d switching action with the switch closed for 
( ’ lrr ent in one direction and the switch open for 
c,Jr rent in the other direction. Rectifiers are used 
Pnmaiily for conversion of alternating current 
a ' I to direct current (dc). However, rectification 
° 1 / urs * n other types of circuits, such as detectors 
p atn Pfitude-modulated wavefi, and limiters. See 
°^ER SUPPLY, ELECTRONIC. 

v nu *nber of rectifier elements are in use. The 
^uum-tube rectifier is used for moderate power 
( I Ul rements. Its resistance to current flow in one 
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direction is essentially infinite, as the tube does not 
conduct when the plate is negative with respect to 
the cathode. In the other (forward) direction, its 
resistance is small and almost constant (see Diode, 
vacuum). Gas tubes, used primarily for higher 
power requirements, also have a high resistance in 
the reverse direction ( see Gas tube; Mercury- 
vapor rectifier). The semiconductor, or metallic- 
disk rectifier, has the advantage of not requiring a 
filament or heater supply. This type of rectifier has 
approximately constant forward and reverse re- 
sistances, with the forward resistance being much 
smaller (see Semiconductor ret timer). Mechani- 
cal rectifiers can also he used. The most common is 
the vibrator, hut other devices are also used (see 
Ml ( H A M< AL RMTIMl H ; VlBKATOR). 

A rectifying element can he illustrated by as- 
suming a device having a forwaid resistance Ri and 
a reverse resistance R 2 much greater than Rj. A 
sinusoidal alternating voltage E m sin 2i rft is ap- 
plied to the rectifier, where E m is the maximum 
value of the applied voltage, / is tile frequenev of 
the voltage wave, and t is time. The magnitude of 
the current in the forward direction is (E„, /R\) 
sin 2 -rft. This ourient flows from t equals 0 to V*f, 
or for one-half the cycle of the alternating voltage 
wave. The average forward current, averaged over 
one rule, is E m / ttR\. The reverse current has the 
magnitude (E w /R 2 ) sin 2-rrft and flows from t 
equals V>/ to 1 '/, oi for the other half rycle. The 
average reverse current, averaged over one cvcle, 
is E U) 'ttR’. The net forward average current is 

E in (R 2 — R]) itRiR>. 

If the reverse resistance R 2 is extremelv large 
compared to R the average current approaches 
Em / ttRi . If the average current is subtracted 
from the current flowing in the rectifier, an alter- 
nating current results. This ripple current flowing 
through a load produces a ripple voltage which is 
often undesirable. Filtei and regulator circuits are 
used to reduce it to as low a value as is required. 
See FlLltR, MMTR1C ; VoLIACt REGULATOR. 

Half-wave rectifier circuit. A half-wave rectifier 
circuit is shown in Fig. 1. The rectifier tube is a 
vacuum diode, which allows current to flow in the 
forward direction from the anode to the filament 
hut allows practically no current to flow in the re- 
verse direction from the filament to the anode. The 



Half-wave vacuum diode rectifier. 
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Fig. 2. Rectifying action of half-wave vacuum diode 
rectifier 



input ac is applied to the primary of the plate 
transformer and the secondary voltage e supplies 
the rec tifier tube and load resistoi R f . The filament 
transformer supplies alternating current to heat the 
filament of the ret tifier tube. 

The rectifying action of the tube is shown in 
Fig. 2 in which the t urrent h, of the rectifier tube is 
plotted against the voltage eh across the tube. The 
applied sinusoidal voltage from the transformer 
secondary is shown under the voltage axis and the 
resulting current it, flowing through the tube is 
shown to be half sine loops. The average value of 
these half sine loops is the direct current flowing; 
the ripple current is the variation of load current 
about the average value. 

Full-wave rectifier circuit. The full-wave rec tifier 
circuit is shown in Fig. 3. This circuit uses two 
separate tubes Tj and T 2 . However, in most low- 
voltage electronic supplies, both tubes are com- 
bined into one glass envelope. The center tap of the 
transformer is connected through the load resist- 
ance Rl to the cathodes of the tubes. During one- 
half cycle of the ac input the plate of tube Ti is 
positive with respect to the cathode, and Tt con- 
ducts current from the plate to the filament. This 


current passes through the load resistor in the dj 
rection shown by i. During this time tube T 2 is not 
conducting since its plate is negative with resp e <t 
to the cathode. When the ac potential goes through 
zero, the plate of tube Ti becomes negative and 
it stops conducting. The potential on the plate of 
T 2 then becomes positive and T 2 starts to coi 1 ( j U(1 
The resulting current wave shape is shown 1 * 
Fig. 4. 

The effect of the two tubes is to produce a moiv 
continuous flow of direct current because one tube 
conducts for a half cycle and the second tube c 0n 
ducts for the second half cycle as shown in Fig 4 
Comparison of Figs. 2 and 4 indicates that a full 
wave circuit is a better rectifier than the half-wa\p 
circuit. 

Polyphase rectifier circuits. When the d( power 
required bv an electronic circuit is high, a pol\ 
phase rectifier circuit may be used. This is partiui 
larly true of power supplies for the final radio 
frequency and audio- frequency stages of ldi»< 
rudio and television transmitters. The lertifiej t u | )( 
employed in polyphase circuits generalh is d g a * 
tube that has a low voltage drop in the forward 
diiection and thus has a high efficiency. The num 
her of phases used in these circuits is most ofhn 
3, hut 2. 4, 6, and 12 are used ore asioriallv 

The simplest polyphase circuit is the three phdM 
half-wave circuit <>1 Fig. 5. The piimaries of tin 
transformers are connected in delta to the ihrn 
phase ac line, and the secondaries are conneited in 
wye with the common connection going to one end 
of the load resistor. The other end of the load u 
sistopis attached to the cathodes of the three mti 
fier tubes required in the circuit. The plates an 
connected to the separate ends of the three iian^ 
former secondaries. 

The operation of the circuit is such that tube I 
connected to the first secondary, conduits for 120 
of the ac cycle. As soon as the voltage on spumd 
ary 2 equals that of secondary 1, tube Tj stdiN 
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Fig 5 Three phase half-wave rectifier. 



Fl 9 6 Transformer voltages, tube currents, and load 
current in a three-phase half-wave rectifier. 


'ondurt and tube Tj stops conducting. The sec- 
undarv voltages e„i, and c o1 are shown in Fig. 6 
J nd the tube currents are indicated as it, i'o and i\ 

' ^ ,p resulting load current ii , is also shown in 
■> This current is much closer to a true direct 
nirrpnt than is the current for the single-phase 
(lr *u'ts of Figs. 1 and 3. The ripple voltage is 
m ' Ir h lower, and less elaborate filter circuits are. 
Heeded to smooth the output wave. The tubes used 
,n 5 might also be ignitrons or pool-cathode 

lan| t rectifiers. 

Another common polyphase rectifier circuit is 
f three-phase full-wave or six-phase half-wave 
Clr cuit of Fig. 7. In this circuit the tubes conduct 
or k0° instead of 120° for the circuit of Fig. 5. 
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The ripple voltage for the full- wave circuit is much 
smaller. Many other polyphase rectifier circuits are 
possible. 

Bridge rectifier circuits. Bridge rectifier circuits 
are useful in both single-phase and polyphase ap- 
plications where a transformer must he used whose 
secondary has no ccntei lap or where dc voltages 
approximately equal to the total secondary voltage 
of the transforms must be obtained. Another use 
of the bridge circuit is in a< rectifier-type meters. 
The bridge ciicuit is shown in Fig. 8. Four separate 
half-wave rectifiei tubes are used. When the left- 
hand side of the transformer secondary is positive, 
current flows through tube Tj, the load resistor 
ft/, and tube T When the s<s ondary voltage re- 
verses. the current flows through tubes T 2 and T 4 
passing through ft/ in the same direction as during 
the fiisf half t y( le. 

Parallel rectifiers. If greater current is desired, 
two or more rectifiers can he paralleled. This is 
particularly simple if the tubes have the same 
ratings and are vacuum tubes. For paralleling gas 
tubes, small resistors dre put in series with the 
tubes before thev are paralleled. 

Controlled rectifiers. Controlling the curient de- 
livered bv a rectifier can be ac complished by vary- 
ing the primary voltage of the power transformer 
or In i hanging a resistance in scries with the load 
resi^toi The first has the disadvantage of being 
expensive; the second leads to poor efficiency. A 
moie convenient and less expensive method is to 
t ontiol the angle at which the rectifier tube starts 
to conduit. Spci ial gds tubes that accomplish this 
lontrol are thyratrons, ignitrons. and excitrons. 
Thvratrons are hot-i athode gas tubes with a large 
grid structure that prevents the arc from being 
ignited until the correct voltage is applied to the 
grid An ignitron is a cold-cathode pool-type tube 
with an igniter grid actuated bv an electrical pulse. 
The igniter of the ignitron requires a substantial 
amount of power, which is usually supplied by an 



Fig. 7. Three-phase full-wave or six-phase half-wav* 
rectifier. 
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auxiliary thyratron in the control circuit. The 
excitron resembles an ignitron ex< ept that a large 

id structure controls the ignition of the tube. 
See Excitron; Ignitron; Timka iron. 

One circuit for a thy rati on-c ontrolled rectifier 
is shown in Fig. 9. The control transformer (110- 
volt secondary) energizes an RC bridge netwoik, 
which controls the phase of the grid voltage of the 
th>rdtion in relation to its plate voltage. The tube 
will conduct when the plate is positive and when 
the grid voltage is increasing fioin negative values 
and is approximately ecpial to zero. By varying 
either the R or C of the bridge network, the point 
at which the grid voltage is zero can he varied from 
zero degrees, when the thyratron will conduct the 
maximum current, to 180°, when the thyratron con- 
ducts zero current. Hence, a continuous control 
from zero to maximum current is achieved. Other 
control circuits also may be used. 

Inverse voltage. The inverse voltage of a rectifier 
is the voltage that the rectifier must withstand when 
it is not conducting or when it is conducting slightly 
in the reverse direction. As an example, in the full- 
wave rectifier circuit of Fig. 8. when tube To is con- 
ducting, tube Ti has impressed upon it the total 
secondary voltage of the power transformer minus 
the voltage drop in To. For a well-designed power 
supply the maximum value of the inverse voltage 


should not exceed the rated value of the rectifi Pr 
specified by the manufacturer. Pr 

Current ratings. Another important rating f or 
rectifier is the average current through it. ^ 
average rectifier current of a half-wave single-ph aso 
rectifier is the same as the average load current 
For a full-wave single-phase rectifier the average 
rectifier current is one-half the average load nir 
rent. The maximum value of instantaneous cur 
rent through the rectifier should not exceed the peak 
current rating of the rectifier. This is parti< ularly 
true when capacitor-input filters are employed, b P . 
cause these filters generally produce high peak-to- 
average current ratios in the rectifier. For informa- 
tion on electronic circuits in general, sec Circuit 
elec TRONIC. \d. L. WAIDFLICH] 

Ribliography: J. M. Carroll, Transistor Circuits 
and Applications , J957; H. E. Clifford and A. H 
Wing, Electronic Circuits and Tubes , 1947; J. Mill 
man and S. Seely, Electronics, 2d ed., ]%] 
S. Seely, Electronic Engineer ing, 1956. 

Rectum 

The portion of the large intestine between the anal 
canal and the sigmoid colon. Tt is about 5 in m 
length in humans and, although “rectus” mean^ 
straight, the rectum is slightly curved dovsnwaul 
and forward from the sacral hollow to the terminal 
bowel. The upper portion is usuallv empty hut tin 
lower, dilated portion foims a chamber, or am 
pulla, which usuallv contains feces dhd flatus. Tin* 
anterior wall lies below the bladder; the postenm 
wall lies against the lower spine. The rectum is 
lined with mucous membrane that is continual" 
throughout the intestine. Control of deferalion i" 
achieved by two sphincter muscles in the tcimmul 
anal canal, which is about V/j in. long. See T\ri^ 
TINT.. [t.G. SIT Alt « 

Red alder 

A deciduous tree. Alnus rubra , which attains a 
height of 60 ft and grows from Alaska to northern 
California and eastern Idaho. It ma> he retogni/ed 



Red alder, Alnus rubra. iUSDA) 

by its stalked buds, simple leaves, and div- 
like, ellipsoid fruit which is Vjr - 1 in. Ion?- 1 J 
the bigleaf maple it shares the role of princip* 
hardwood tree in the Pacific Northwest where 
of the commercially important trees are conI ^ 
(see Maple). The wood is used in furniture m* 
facture. See Forest and forestry; Tree. j 

[A. H. <* AVISJ 


ped dwarf star 

4 red star of low luminosity, so designated by 
g Hrrtzspriing. Dwarf stars are commonly those 
n^in-srqucnce stars fainter than an absolute magni- 
tude of about +1 (see Star). Red dwarfs are the 
faintest and coldest of the dwarfs. They are present 
,,niong both old and young stars. Red dwaifs are 
the most numerous class of stars in space, although 
jl^ arc so faint that their presence in remote parts 
the (Galaxy must he inferred from their frequency 
near the Sun. See Dwarf si ak. | j. l. grm NSTr in | 

Red shift 

\ hematic displacement toward longer wave- 
lenfslli*- of lines in the spectra of distant galaxies, 
and also of the continuous part of the spectrum, 
lust studied systematically bv E. Hubble, red shift 
,s cent? al to observational cosmology, where it 
nro\ ides the basis for the modern picture of an ex- 
cluding universe (see Cosmoi ogy) . There are two 
lnndimenlal properties of red shifts. 

Pi ist. the fractional red shift A A /A is independ- 
ent of wa\ elength, where AA is the shift in wave- 
length of radiation of wavelength A. This rule has 
hern veiificd from 21 cm (radio radiation from 
neutral hydrogen atoms') to about 6 X 10 r> cm 
»llu visible region of the electromagnetic spec- 
tmm) and leads to the interpretation of red shift 
e n suiting from a mession of distant galaxies. 

I hough this interpretation has been questioned, no 
nl lu i mechanism is known that would explain the 
ilisfi \ fd effec t. 

Vi ond red shift is correlated with apparent 
.nigmtude in such a wa\ that when the former is 
initiated into recession speed and the latter into 
d*st mi f the recession speed is found to he nearly 
pr opoi t ional to the distance* (see MagnitiTji . stfi - 
i MO This i nit* w T as formulated bv Hubble in 
and the constant of proportionality hears his 
nunc Hubble's constant is currently estimated to 
li f between 20 and 60 km '(sec) ( 10* light years). 
Ih* latgcst ied shill thus far measured c oi responds 
1,1,1 n*< c-sion speed equal to one-fifth the speed of 
light 

The recession speed indicated by the red shift in 
trum of a given galaxy is not the current 
'line U)r that galaxy, but the yalue appropriate to 
(i,,0f h yvhen the light now reaching the Earth 
emitted. Consequently, the observed relation 
h» tw een red shift and apparent magnitude contains 

II formation about past values of Hubble's con- 
| tJnl ‘ ,tk nell as about the present value. If this in- 
'•niidtion could be extracted from the record it 
" <,r ild enable astronomers to choose among vari- 

l,s In °Jcl universes that have been proposed by 
p,,s mologisK At present, however, this cannot be 
(<)ne - St * 1 Einstein shift. | r>. lay7kh] 

Redbed 

^formation of maroon to deep-red shales and sand- 
sp(J I ! es ’ c °inmonly comprising thick sequences of 
lr ncntary rocks with predominant red color, 
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derived from sediments deposited on land or in 
shallow water. Redbeds occur in many areas and 
are found throughout the geologic column (see 
table). Some are eroded into spectacular badlands, 
as in the Painted Desert of Arizona, in Bryce Can- 
yon and Zion Canyon National Monuments in Utah, 
and in Roman Nose State Park in Oklahoma. Rock 
salt, gypsum, and potash salts may occur in red- 
beds, and one series contains workable coal beds. 

The color of most redbeds is imparted by finely 
divided hematite (iron oxide) or by a film of hema- 
tite on the silt and sand grains. The weathering of 
rocks under warm moist conditions generally yields 
red iron-rich clav (laterite), and rocks derived from 
the erosion and deposition of sirIi clay are apt to 
he redbeds. Some of the coaiser redbeds are red 
because of the presence of large quantities of the 
reddish mineral, oithoelase feldspar. Such rocks 
aie trimed arkosic. The thick sequence of rich red 
sandstones exposed in the slopes of Siena Diablo 
north of Van Horn, Texas, is arkosic. It i« one of 
the oldest redbeds known ( Precambrian ) . The Gar- 
den of the Cods in Coloiado is an area of erosional 
forms in the arkosic Fountain sandstone^ and the 
famous Old Red sandstone (Devonian) of England 
is this type of sedimentary rock. See Arkosi:. 

Redbeds of great thickness and wide distribution 
have been formed at the mouths of ancient rivers 
in the foim of deltas. The Catskill delta (Devonian) 
of eastern New York is a famous example; similar 
deposits oe< ui in the Oidovieian and Silurian of the 
Appalachian Mountains and in the Permian of Ok- 
lahoma. The Newark series of the Connecticut River 
Valiev, noithetn New Jersey, eastern Pennsylvania, 
eential \ irginia. and Yurth Carolina consists of sev- 
eral thousand feet of red clav shale und red sand- 
stone. Locally theie aie brown shales with abundant 
fresh-water fish remains, and in Noith Carolina the 
series contains workable ioal beds. The sediments 
were deposited bv rivers earning material into fault 
tioughs and their nonvnai ine origin is shown by the 
imprint of tracks, trails, and raindrop impressions, 
and h\ the presence of dinosaur bones. 

Many ledbed sequences contain evaporite^ —rock 
salt, gypsum, and potash salts and clearly were 
deposited in saline basins or restricted arms of the 
sea. Rock salt is mined from Permian redbeds in 
Kansas, gypsum is mined in Oklahoma, and potash 
salts are produced from mines near Carlsbad, New 
Mexico. Redbeds of thi* tjpe normally were depos- 
ited in a cyclical pattern starting with sandstones 
and shales and terminating in potash salts (see il- 
lustration). The formation from which rock salt is 
mined in Kansas (Wellington formation) is pre- 
dominantly red clay shale, but it contains gray and 
greenish-gray shales, tongues of reddish sandstone, 
and conglomerates containing bone fragments. At 
places it includes salt-lake deposits of varicolored 
clay shales as well as dolomite lenses containing 
fossil insects, comhostracans, and xiphosurans. See 
Evapohite (saline); Gypsum; Rock salt. 

A bright red sandstone in Mongolia is composed 
of cemented wind-blown sand derived from an older 
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OMKMphlc anil geologic occurrence of redbeds 


Hedbed formation 
or series 


Geographic 

location 




Cenozoic 

Quaternary 

La ter itc soils 

Tertiary 

Wasatch formation 

Mesozoic 

Cretaceous 

Djadokhta sandstone 

Jurassic* 

Wingate, Navajo 

Ti iassic 

Newark series, 

Chugwatei group 

Paleozoic 

Permian 

llennesspy shale 

Salado formation 

Rlainc* formation 
Wellington formation 

Pennsylvanian 

Mississippian 

Devonian 

Silurian 

Ordovician 

Cambrian 

Precambrian 

Fountain sandstone 

Marie h ('hunk lot rnat ion 
Catskill (or matron 
Rlooinsburg formation 
Queenstoii shale 

Juniata shale 

Flathead sandstone 

Ita/el sandstone 


ffurnid tropics Iron-rich red clay, formed bv . 

weathering y ""**1 

Utah, Wyoming Nonmarine giavel, sand, ela\ „ „ 

lenses of lake defrosits ’ 11 


Mongolia 

Colorado Plateau 

Castorn U S 
Wyoming 


Red eolian sand containing dinosaur 
remains 

Thick, intensely ci oss-bedded ted saml 
stones 

Red shale and sandstone, gypsum 
Newark deposited in fault ti u „ K | K 


Conti a! Oklahoma Red shale of deltaic origin 

SE New Mexico Contains rock salt and potash salts 

Oklahoma, Texas, Kansas Rod shale, gypsum beds, irianne ougm 
Kansas and Oklahoma Red shale, took salt 


( 'olorado 
Pennsylvania 
Eastern New York 
Pennsylv ama 
Niagara Gorge 
Appalachian Mts 
Wyoming 
West Texas 


Arkosic sandstone and tonglorrieiHlr 
Deltaic v arie olored shale 
Thick, coarse-grained, deltau 
lied sandstones of deltau uiigm 
Deltaic led shale 
Deltaic red shale 
Iron-slained quart/itu sandstone 
Aikosic , iron-boat ing sandstone 


red sandstone. The formation contains fine spec i- 
mens of primitive horned dinosauis and dinosaur 
eggs, now on display in the Ament an Museum of 
Natural History in New York. Perhaps, too, of 
eolian ougin are the thick red sandstones that form 



red claystone 
potash salts 

rock salt 

anhydrite 

dolomite 

green or blue mudstone 

red claystone 


red sandstone 


Sequence of redbeds with evaporites, characteristic 
of Permian formations in southwestern United States. 


the spectdculai cliffs in 7 ion Nahoital Monument 
and adjacent areas The pigment in these ledbid 
sandstones is a thin coating of non oxide on 1 1 < h 
grain, a coating that must have been mtiutluud 
aften^deposition. 

Otlier types of led locks have been burned m 
del special conditions but are not classified as nd 
beds under the present definition Thu k sedinvn 
laiy iron ores sue li as the Clinton hematite of tin 
Appalachian region and the Piecambnan henuititi 
ore of the Mesabi district in Minnesota aie l«irg< i\ 
t oin posed of red iron oxide The red c olor of a lirn 
stone in the Grand Canyon is a stain extending on! 
a few feet below the surface The leddish Cambiini 
sandstones of central United States and the ancient 
red rocks of Northern Michigan are iron stained 
Some red clays, one of which occurs in Timor are 
believed to have been deposited m sea deeps 

fC. f HHAN M) V 


Redstart 

Either of two small Ameiican wood warblers both 
of sti iking coloration. The breeding male of the 
American redstart, Setophaga ruticilla , ha* gJ° c<;v 
black upper paits, throat, and breast, with orange 
patches on the shoulder, across the wing and w 
the basal two-thirds of the outer tail feathers t e 
belly is white The female is grayish olive wii 
vellow replacing the orange. , 

The painted redstart, S. picta, is glossy ** 
but has a bright red area marking the uppe r )f 
and lower breast. The lower belly, outer tail c ® 
ers, and wing patch are white. The painted re s a 




T he redstart, Setophaga ruticilla; length to 5 V { in. 
Allan 0 Cruickshank, National Audubon Society) 


, s , warbler of the pine-oak woods of the South- 
wt st whereas S. ruticilla is found in open wood- 
1,, 1( ], thimighout much of the United States and 
( mad a Set Pas^i riformfs. [j. u. rlack] 

Redtop grass 

Oik of the bent grasses, Agrostis alba and its rela 
(,\( s winch occur in cooler, nipre humid regions of 
llu Tinted States on a wide variety of soils. Redtop 
ml < rates both wet and dry lands and ac id and 
in |n tile soils, and it is used wheie other species of 
h t is^s do not thrive Redtop is a peieninal, spieads 
dnvh b\ rootstocks, and makes a coarse Loose 
t irt lop giowth is 2— 3 ft tall, with model atelv 
I ifv wnv stems The inflorescence is a reddish 
pm pann h Redtop is used foi pastille and ha\, 
uni ]" fairl\ nutiilious if harvested prompt l\ when 
Ik ldmg occurs Redtop is effective in pieventing 
tnsjon h\ holding hanks of drainage ditches, 
itii\vd\s, and teirace channels .Sec Urass crops 

f 11. » SPKAM i ] 

Redwood 

\ mcinhei of the June farnilv. Sequoia si mpen irens 
J llit tallest tiee in America, attaining a height 
I >')() ft and a diameter of 27 ft. Its present range 
) s limited to a stiip along the Pacific Coast about 



Mwood, Sequoia sempervirens. ( USDA ) 

^ miles wide and 500 miles long extending ftom 
•mtlnvesi Oregon to about 100 miles south of San 
rdnMq(0 The leaves are evergreen, sharply 
1 ’mil if d, small (Vi-1 in. long), distichous (dis- 
^ p d m two vertical rows) on short branches, and 
! d dlkp ° n the main stem. The cones are egg- 
^ tl Ped, about 1 in. long and Ya in. broad. The bark 
thick rec ^ )r °wn, on old trees sometimes 1 ft 
The ^ ense ^ y fibrous, and highly resistant to fire. 
e tree gets its common name from the color of 
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the bark as well as that of the heartwood. The wood 
is similar in weight to that of eastern white pine 
and is likewise strong and stiff, easy to work, warps 
or swells but little, and lesists attacks of fungi and 
insects (see Pinf). It is used for bridge timbers, 
tanks, flumes, silos, posts, shingles, paneling, 
doors, caskets, furniture, siding, and many other 
building purposes The present stand of saw timber 
is estimated at 40,000,000,000 board ft. The annual 
cut is about 800.000,000 board ft. See Forest and 
FORTS IRy ; FoRFST ( ONSF RVATTON ; TRFL. 

[a. H. CRAVF&] 

Reef 

A mass or ridge of rock or rock-terming organisms 
in a water body, a lock trend on land or in a mine, 
or part of a soil Usually the term reef means a 
rocky menace to navigation within 6 fathoms of the 


4 * - 



Seaward reef and surge channels, Bikini Atoll (Official 
photograph , USGS) 


water suiface Various kinds of calcium-carbonate- 
secreting animals and plants create organic jeefs 
thi ou ghout the warmer seas. Naturally cemented 
sand ifdges make reefs along the coast of Biazil 
and elsewheie. Rocky shores ot seas, lakes, and 
•avigahle rivers commonly exhibit reefs of rock 
types similar to those of the adjacent land, for 
example, the felsenriffc of the Uorelei legend. See 
Atoll; Barrur nm ; Corai rfff; Fringing 
nm; Organic riii. [ p. e. cloud, jr.}, 

Reentry 

The return of a space vehicle into the earth’s at- 
mosphere Earlv reentrv experience was with un- 
manned. ballistic -missile nose cone°. More recently, 
manned reentiies from satellite orbit have been 
successfully made, using maneuverable reentry ve- 
hic les. Deceleration, for manned vehicles, and heat- 
ing are principal problems during entry. The se- 
verity of these phenomena is governed primarily 
by the type of vehicle and the entry velocity. 


3*0 Reentry 


0 period of maximum heating 
0 period of maximum deceleration 



speed, thousands of mph 


Fig. 1. Examples of ballistic and lifting entry tra- 
jectories. 

Types of vehicles. Entry vehicles can be cate- 
gorized as either ballistic or lifting. A ballistic 
vehicle is one acted upon only by gravity and aero- 
dynamic drag forces, whereas a lifting vehicle, as 
the name implies, also makes use of aerodynamic 
forces which permit maneuvering. 

Reentry from elliptic flight paths, such as those 
of ballistic-missile nose cones and the manned Mer- 
cury capsules, occurs at speeds less than escape 
speed (see Fig. 1). Entry from hyperbolic flight 
paths, which would be followed by vehicles return- 
ing from interplanetary missions, is characterized 
by higher entry speeds. The highest practicable 
speed for manned reentry' using ballistic vehicles is 
in the vicinity of satellite speed. Beyond this speed, 
aerodynamic lift is required to keep deceleration 
loads within tolerable limits. 

Deceleration. The maximum deceleration due to 
the action of aerodynamic forces is determined 
primarily by the velocity and angle of entry into 
the atmosphere; and it is essentially independent 
of vehicle size, weight, and shape, although the al- 
titude at which maximum deceleration occurs is 
not. Periods during which maximum deceleration 
occurs in ballistic and lifting reentries are labeled 
in Fig. 1. The maximum deceleration increases 
with increasing entry angle, as shown in Fig. 2. 

High entry angles are required for ballistic ve- 
hicles traveling at greater-than-satellite speed in 
order to reduce the centrifugal force, which tends 
to make the vehicle “skip” out of the atmosphere. 
Such ballistic vehicles experience decelerations as 
high as several hundred g during entry from hyper- 
bolic speeds. For manned vehicles, 10 g is consid- 
ered to be the maximum practical deceleration, 
dictating entry angles so shallow that aerodynamic 
lift is necessary at the higher entry speeds to bal- 
ance the centrifugal force and to assure capture 
within the atmosphere. 

For successful entry, the vehicle must pass 
through a narrow altitude “corridor.” At the top is 
the “overshoot” boundary, where the lift must be 
just strong enough to keep the vehicle from leaving 
the atmosphere; and at the bottom, the “under- 
shoot” boundary is determined by deceleration and/ 
or heating limits. 

Heating. The high kinetic energy of reentry ve- 
hicles is converted, during the course of entry, into 


heat by shock waves and air friction, so that th 
surrounding the vehicle is heated to a tempest ^ 
of many thousands of degrees. Careful vehicle 
sign can result in more than 99% of this eneru 
remaining in the air. y 

Heat is transferred to the vehicle by two niech 
anisms: convection and radiation. Heating durin; 
reentry from elliptic flight paths is predominantly 
convective. At the higher entry speeds charar 
teristic of hyperbolic flight paths, however, the air 
adjacent to the vehicle can become incandesce 
and radiative energy may become the dominant 
source of heating. Vehicles with large, blunt fare*, 
cope most effectively with convective heating. For 
the speeds where radiation becomes a serious 
problem, the use of sharp-nosed, large-angle coni- 
cal vehicles has been proposed; although such ve- 
hicles would undergo greater convective heating 
than blunt-faced ones, the great reduction in radia- 
tive heating that would he obtained could signifi- 
cantly reduce over-all healing. Increasing the 
weight-to-drag ratio of a vehicle shortens the dura- 
tion of entry and decreases the total heating, al- 
though the rate of heating is increased. 

The three means for heat shielding on reentry 
vehicles arc heat sinks, mass injection, and ie- 
radiation. Heat sinks are thick shells of mateiiaU 
such as copper or beryllium, which can absorb 
large amounts of energy without melting. Tlie\ 
were used on early ballistic-missile nose cones, hie 
arc generally inefficient and canmtt be used at 
higher reentry speeds, except on those parts of a 
vehicle where heating rates are low. 

The most widely used method of heat shielding 
is by mass injection through natural ablation. In 
this process, the vehicle is coated with a lay'T ol 
material, frequently a plastic such as Teflon, whidi 
is permitted to vaporize, barge amounts of beat 
are absorbed as the ablator is heated and vaponznl. 
In addition, the ablation vapors fend off the hot air 
and reduce convective heating. A furthei adwin- 
tage can be gained by using subliming heat-shieM 
materials which acquire a carbon char layer. I hr 
carbon layer serves to reradiate a large percentajir 
of the heat into the atmosphere, while being suffi- 
ciently porous to permit transmission of the abla* 



Fig. 2. Variation of entry angle with entry speed, 





rs . On large areas of a vehicle which are 
e v ; t P °to low heating rates, all cooling may he 
iiomplished by reradiation through the use of 
* ' i, of high emissivity. See Nose cone; Space- 

ni^ ld r__ v 
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Reflection (electromagnetic radiation) 

The return of electromagnetic waves from surfaces 
on which they are incident. When radiation crosses 
j bo unda ly between two media and suffers a change 
, n >elocitv, a fraction R of its energy is reflected. 
The magnitude of R depends on the difference in 
eloritv and the angle of incidence. 

Because electromagnetic radiation is capable of 
interacting with the charged particles which make 
up all matter, the velocity of propagation of radia- 
, lon is different for each material, depending on 
the atomic, molecular, and crystal structure. The 
ratio of velocity in vacuum to that in a given mate- 
MJ 1 railed the refractive index (index of refrac- 
i,on) of the material. It is found to vary with the 
hdielength of the radiation, and can he lepresented 
b\ ical (noncomplex) numbers for those wave- 
length regions sufficiently removed from absorp- 
tion hands in the material. See Kehiac mon or 
\uus 

Reflectivity is defined as the ratio of the intensity 
if the total leflcctcd light to that of the total inti- 
ihnt light. The theoiy of leflectivitv of radiation is 
iim‘( 1 on the appliration of Maxwell's equation^ to 
|hf dedti* and magnetic properties of the incident 
inri reflet ting media. The solution ascribes to the 

ntPii.il a complex refractive index, ft — ih . the real 
pirt // determining the velocity of propagation, and 
tit imaginary part ih the absorption. For dielectric 
nntenals. the absorption vanishes because the elec- 
trons aie hound to the atoms and aie not free to 
take up energy from the electromagnetic field. For 
nn tals in which the electrons are fiee to iru lease 
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their energy, radiation of all wavelengths can be 
absorbed. The Tate at which energy is absorbed 
determines the reflectivity, and is determined by 
the number of electrons available in the metal* See 
Absorption (electromagnetic radiation). 

The present article is concerned with specular 
reflection only, that is, reflection from surfaces 
which are optically smooth, and neglects effects of 
diffuse reflection and scattering. 

REFLECTION FROM DIELECTRICS 

Normal incidence reflectivity. When radiation 
is incident along a normal to an interface between 
two nonabsorbing media, the ratio of the reflected 
to the incident eneigy is 



R - 


yvhere R — fraction of energy reflected 

r — fiac tion of wave amplitude reflected 
P = refractive index of incident medium 
P f = refiactiye index of refleeting medium 

This expression, the standard Ftesnel reflection 
law, indicates the phase shift on reflection to be 
zero when the incident medium has the highei in- 
dex, and 180° (since r is negatiye) otherwise. 

Foi many applications, the incident medium is air 
with ft ~ 1, giving 


i 


!_ =l m' 

1 + M' 


( 2 ) 


The curve (1— \k ) / (1 + /</) \s. pf is part of a 
branc h ot a hyperbola for positive values of //. For 
many common optical materials, including most 
glasses, ft' - 1.5 giving r = —0.20 and R = 0.04. 
Therefoie, approximately of the incident light 
is ieflet ted from a single glass surface. See Optical 
mam hi ms. 

Many of the mateiials transparent in the in- 
flated spe< tral legiors have much higher refractive 
indices. Germanium, tiansparent foi wavelengths 
gi eater than 1.8 microns, has // = 4, r = —0.6, 
R = 0 86. This high reflectivity seriously i educes 
its transmission unless the surfaces are coated 
with nomefle' ting films. 

The variation of reflectivity with lefractive index 
for normal incidence in air is given in Fig. 1. 

Plane parallel interfaces. If radiation is incident 
on a stratified medium (one which contains parallel 
interfaces, for example, a pile of plates), a simple 
relation holds for the leflectivity of the medium ih 
terms of the reflectivity of the individual inter- 
faces. If r, and are the fractions of reflected and 
transmitted energy for the p individual interfaces, 
and if R and T are the corresponding values for the 
entire medium, then 


R 

T 



(S) 


Here the r 7 are computed from Eq. (1). This rela- 
tionship includes the multiple reflections that occur 
in the medium, but cannot be used if interference 
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effects redistribute the energy between the reflected 
and transmitted waves. 

Thin films . Many interesting reflection effects can 
be produced by taking advantage of interference 
between the multiply reflected components of a 
beam of light in thin films. The reflectivity from a 
dielectric may be made to take on any value from 
zero to nearly 100% through the use of one or 
more thin, nonabsorbing layers deposited on its 
surface. 

To reduce the reflectivity to zero, a single thin 
film of index fx i may be deposited on a dielectric of 
index fx 2 to a thickness d\ such that 

IXidi ■= (2n - 1) ^ Mi = (M0M2) 1/2 (4) 

where n = an integer 

X = wavelength of the radiation 
fj . 0 = refractive index of incident medium (if 
air, hq ^ 1) 

Under these conditions, the reflectivity is the same 
at each of the two interla* es. The inulti ply-reflet ted 
beams r->, n, ; 4 , . . . , of Fig. 2 are all in phase, 
each one traveling an additional Vi wave through 
twice the film thickness more than the previous 
beam, and in addition, suffering a phase shift 
equivalent to a 14-wave displacement at the set ond 
interface. The resultant amplitude of these beams 
is, therefore, 

r 2 + rj + r 4 4* • • ■ - t 2 r( 1 + r 2 +- r 4 \ • • •) 


since r 2 4 t z = 1; that is, the transmitted and 
reflected beams contain all the energy. The first 
beam r\ has an amplitude — r exac tly 180° out of 
phase with the other beams because of its phase 
shift on reflection. Therefore, the resultant reflected 
amplitude is zero, no energy is reflected, and 100% 
tiansmission occurs. 

The geneial equation for the amplitude of a wave 
reflected from a single quarter-wave film on a 
substrate is 



Fig. 2. Multiply-reflected beams from a thin film 
(shown separated for clarity). 


Reflected amplitude of quarter-wave film (Index \ 
on glass (index 1.5) 


Ml 

t\ Hi - /ii l /M0M2 

r _ Lr «■//]) 

1 + m 

1 0 

0 67 

02 

1 2 

0 95 

0 03 

1 23 

1 0 

0 0 

1 4 

1 3 

-0 13 

1 6 

1 7 

— 0 26 

1 8 

2 2 

-0 38 

2 0 

2 7 

-0 46 

2 r, 

4 2 

-0 62 

3 0 

6 0 

-0 71 

4 0 

10 7 

-0 83 

5 0 

16 7 

-0 89 

6 0 

24 

-0 92 


_ 1 - (f 1 /h) 1 - r _ t] 

1 4* Vi A 2 ) 1 4- r t 2 ^ 

where t ! = /xi /\x { ) and t> ■=■ /12 / Mi The ariompanv 
ing table gives t\ /t> as a function of 1 and r as 1 
fumtion of t\ /t>. Knowing m 2 and m<>, d /t, ami r 
inav he determined as a function of fx\. 

The use of a Vi- wave film whose index is gnanr 
than that of the substrate results in an imieasul 
reflectivity according to Eq (6) By this means 1 
glass sui face reflecting 4% can he made to idler I 
d2% by depositing x \ wave of /nS. index 2 \ 

If wavelengths A, different from that for whnh 
the film has an optical thickness o£ Vi wave die 
incident, the 1 effected amplitude will vary auonl 
ing to the more general relationship 

1 — t t\{ti 1 tan 5i) 

* 1 4- r 1 - it 2 tan 

. 2tt Xo 

0\ - ^ Mi"i - (n - 1 2 )'tc ^ 

Solving this equation for the complex vahu of r 
one ran determine the phase shift on leflection and 
also the reflected energy. 

Foi the special case of a film 1 2 waye dink 
that is. 


. Xo 

Mi = n 

1 (Hi 

c . 1 - r M 2 

d] = mr and - = t\t 2 — ~ 

14 ■ r Mo 

This is identical to the reflectivity obtained without 
the Mf-wave layer present. Therefore, a Vi Wtl ' r 
layer can he disregarded in reflection computation" 
The reflectivity of a dielectric surface can }f 
increased to as close to 100% as one wishes ' 
depositing alternating V\ waves of high- and In* 
index materials. The peak reflectivity can be 
lated by assigning to the mth interface in the P 1 ^ 
(counting down from the air interface as 1 ) a V<1 11 

. _Mm_ 

• m * 

Urn 1 

where /x m is the refractive index of the ,fl ' e 



and l L "' 1 t ^ iat °* l ^ e * ayer a ^ ove - ^ there are n 
|a>ers. there are n + 1 interfaces (Fig. 3). 


- r 
+ r 


t\hh • - • 
hUh • • • 
M1 V3V 5 2 • ' ' M« 
M 2 V 4 W • • ■ 
MiV^VbW • 
M2V4W * ‘ * M* 


for an even number 
of layers 

for an odd number 
of layers 


( 10 ) 


[f the alternate layers are identical, 
IU - ... and /i .2 ~ /i i = /to = . . . , 


1_- r 
1 + r 


Ml” 


- 

n-t 

n even 

Mi n+ ‘ 

n odd 

^ 2 " ■ v« 



Ms 


( 11 ) 


For wavelengths both greater and smaller than 
A, (the wavelength for which the layers are \\ 
\\j\c). the reflectivity falls off only slightly until a 
, nliul wavelength is reached, beyond which the 
diop I*- more rapid. The critical wavelengths A, are 
■Impendent on the ratio of retractive indites ot the 
two matei ials, their values being given by 


„ /7T X||\ 

t - (M2 'Mi>”| 

' ° S * ( 2 X, ) ~ L 

.1 (• (m? Mi)J 


Nie amount by which the reflectivity increases 
i> an additional pair of layers is deposited in- 
km^s attording to the departure of p\ /u> from 
nuts \" the number of layers is increased, the 
nine of reflet tivity vs. wavelength near Ao takes 
"n the t haractei ot a square wave whose width de- 
rn im‘s as ii, jLn — * 1. In the yieinity of the wave- 
Ini^th tor which the layers are Mi-wave^, that is. 
Hound A«, 2. the curve has an undulating form. 
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Arrangement for multilayers. 
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taking on a value equal to the reflectivity of the 
hare substrate at A 0 /2. 

The particular advantages of utilizing multilayer 
films for filters lie in their efficiency (the energy 
not reflected is transmitted), the steepness of the 
slope ( dR/d\ ), and the possibility of depositing 
films to operate at almost any wavelength desired. 
See lNThltmtENCk FILTER, OPTICAL. 

Oblique incidence. In the rase of nonnormal in- 
cidence for dielectric materials, the direction of 
propagation of the energy is no longer the same 
for all materials, but varies according to Snell’s 
law. At each interface between media of different 
reiraetive indices pi and /(•„», the light is deviated, 
the angles 0 } and 0 2 made with the normal to the 
interface being related by 

Mi sin 9 1 = /to sin 0 2 (13) 

If light is transmitted through a set of plane 
parallel interfaces, the direction of propagation in 
any medium is the same as it would be if the layers 
above it were icmoved. It depends only on the 
angle of incidence in the incident medium and the 
ratio of its retractive index to that ot the incident 
medium. 

Polarized components. Electromagnetic radiation 
also displays its characteristics as a transverse 
wave by separating into two polarized components 
when incident at oblique angles. They are con- 
ventionally consideied to separate according to the 
plane in which the electric wave is located. The 
plane ot incidence is that containing the direction 
of propagation ard the normal to the surface at the 
point of contact. That part of the radiation with its 
resultant electric wave in this plane is designated 
as p polaii/ed (parallel) and the part vibrating 
perpendicular to this plane is called .s-polarized. 

Each component has its own reflection character- 
istics. Fresnel’s equations for the two components 
are 


1 ~ r* _ M 2 cos 9 2 
1 f r* p\ cos 0] 
1 — r e __ Ml COS 0 2 
I + r p m? cos 0] 


(s polarization) 

(H) 

( /^-polarization) 


These equations predict the reflectivity, in par- 
ticular, under three interesting conditions. At graz- 
ing incidence, cos 9\ vanishes, and the right side of 
both expressions becomes infinite, indicating 100% 
reflection for each polarization. 

When 0] and 0 2 are complementary, the expres; 
sion for the p polarization becomes unity, making 
r ; , vanish. The angle ot incidence 6b *= 
tarr 1 (m 2 /m i) ^ called the polarizing angle or 
Brewster’s angle. The reflected and refracted waves 
are propagated at right angles to each other, the 
reflected wave containing only 5-polarization. See 
Polarized light. 

The third interesting condition occurs when 
9 2 - 7t/ 2 and m > M2- In this case, both expres- 
sions vanish because cos 9 2 = 0, and both com- 
ponents are completely reflected. Since this occurs 
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only on reflection from a high- to a low-index 
medium, it is railed internal reflection. The angle 
of incidence is designated as the critical angle 
9c and satisfies the relation sin 9 C = //m. For 

angles of incidence greater than this, cos 6 2 be- 
comes an imaginary quantity. Solving for r H and r p 
yields complex expressions whose amplitude is unity 
(indicating 100% reflectivity), but whose argu- 
ments range from 0 to 7 r, indicating the phase 
shifts on reflection experienced by polarization. 

Although no energy is transmitted into the lower- 
index medium, an attenuated wave is progagated 
along the interface, its amplitude falling off ex- 
ponentially with d, the distance from the interface. 
The presence of this wave can be detected when the 
low-index medium is air. Total reflection can be 
destroyed by bringing an object close to, but not 
touching the interface, thereby disturbing the at- 
tenuated wave. 

The reflectivity for the two polarizations is shown 
in Fig. 4 for incidence from a low- to high-index 
and high- to low-index interface. 

Thin films. Reflectivity from thin films for oblique 
incidence can be treated similarly to the case for 
normal incidence, where one uses the t\ for each 
polarization at each interface, as defined in Eqs. 
(14). A further difference occurs in the effective 
optical thickness of a layer at oblique incidence. 
According to the interference produced by a thin 
film, its effective thickness is reduced by cos 9, 
where 9 is the propagation angle m the medium, 
determined from Eq. (Id). Foi example, a 'j-wave 
film at normal incidence would have an effective 
optical thickness of only V\ wave when light 
traversed it at a 60° angle 

Because of this effect, a multilavei filter in which 
the layers are matched at one angle of incident e 


will become mismatched at another. Each layer will 
change effective thickness according to its index 
which, through Snell’s law, determines the angl 
In general, the effect of this mismatching will be 
to reduce the peaks and slopes of the reflectivity 
vs.-wavelength curve. 

Selective reflection from crystals. The discus 
sion to this point has been concerned with reflec 
tivity of nonabsorbing media far removed from 
absorption bands. These bands are located m the 
spectral regions where the frequency of the radia 
tion corresponds to a resonance frequency of the 
atoms, molecules, or crystal lattice of the medium 
Since this ladiation is strongly absorbed, it is a ] s(l 
strongly reflected. The metallic sheen of dye cr\s 
tals, which have very strong absorption bands m 
the visible spectrum, is caused by selective reflec 
tion. Crystalline sojids such as rock salt or quartz 
the lattices of which are built up of atoms bearing 
net electric charges, show strong selective ipfl^ 
tion in the inftared region at wavelengths near 
those of the strong absorption bands associated 
with lattice vibrations in the crystal. By reflecting 
an infrared beam several times from such a nn 
terial, highly monochromatic radiation can be «»1> 
tamed at the specific wavelengths. These munorlm, 
malic beams are referred to as residual rays or 
reststrahlen. Figure 5 indicates the lesidual ravs loi 
some common crystals See Ionic crysmis 

REFLECTION FROM METALS 

In determining the reflective properties of nut.il 
lie substances, the solutions derived for dielectric 
applv. but the refractive indices and the angle- 
determined from the indices through Snell's Uw 
become complex. The reflectivity of some common 
metals is given in Fig. 6 The reflectivity falls oil 



Fig 4. Reflectivity vs. angle of incidence for dielectrics 





Reflection (sound) 395 



wavelength, microns 


Fig- 5- 
tals. 


Wavelengths of residual rays for various crys- 



Fig. 6. Metallic reflection. 


0 

fig 7. Metallic reflectivity vs. angle of incidence. 



the fact that the difference in phase shift on reflec- 
tion for the two components is exactly tt/2 at this 
angle. Thus, the polarizing angle can be accurately 
determined by using a Yi-wave plate to cohvert the 
elliptioully polarized light to linear polarization. 
For any other angle of incidence, linear polariza- 
tion will nol result, making it impossible to produce 
extinc tion for any orientation of an analyzer. 

An interesting property of metallic reflection oc- 
curs when an extremely thin film (less than 100 A 
thick ) is deposited on a transparent substrate. 
Although the reflectivity from the air side may be 
as high as 20 v /< , that on the glass side is effectively 
reduced to zero. Contrary to the dielectric non- 
reflecting film, the low reflectivity extends over a 
large part of the visible spectrum. With a film this 
thin, it i*- not the optical thickness that plays the 
predominant part in the interference effects, but the 
phase shilt on reflection at the air-metal and metal- 
suhstrate interfaces. If the hack surface reflection 
of a beam splitter in a noncollimated beam gives a 
doubling of an image, it can he more completely 
eliminated through the use of a thin metal film 
than a Vi-wave dielectric film. See Albedo^; Mirror 
optics; Optics, geometrical; Reflection 
(socnu) ; Reelec tion and transmission cokffi- 

CIFNTS. [ II.D.PO.] 

Bibliography*. F. A. Jenkins and II. E. White, 
Fundamentals of Optics , 3d ed., 1957; J. A. Strat- 
ton. Electromagnetic Theory , 1941 ; J, Strong, Con- 
cepts of Classical Optics , 1958. 

Reflection (sound) 

The return of sound waves from surfaces on which 
thcv are incident. Suppose a sound wave strikes a 
smooth surface that is large compared to the wave- 
length of the sound and suppose that the path of 
this sound wave is represented by a ray, that is, by 
a line perpendicular to the advaneing wavefront. 
By the law of reflection, the angle of reflection r 
for this ray equals the angle of incidence i, and the 
reflected ra\ lies in the plane of incidence. Fig- 
ure 1 shows reflection from a plane surface. 

The geometrical laws for reflection ot sound 
waves are the same as those for light waves. The 


tov\ a»’fl short wavelengths, a characteristic of most 
metak indicating a reduction in the number of 
‘‘Wtrons capable of absorbing this energy. Of par- 
tieular interest is the “window” for silver at 
>200 A. The transmission through this region be- 
■»mes high enough to allow thin films to he used 
l,ir isolating a spectral region approximately 100 A 
Mdr. 

typical curves of the reflectivity of the polarized 


Proponents versus angle of incidence are given in 
7, showing the similarity with the curves for 
dHectrics (Fig. 4). The values of the optical 


'°nstants p and k can be derived from experimen- 
ta | data determining the angle of incidence for the 
^nimum reflectivity of the p-polarization, that is, 
* e polarizing angle, and the ratio of r p /r* at this 
an gb*. The experimental procedure is facilitated by 



Fig. 1. Reflection from a plane surface. 
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Fig. 2. Reflection from a concave spherical surface. 



Fig. 3. Reflection from a convex surface. 

apparent differences involve only questions of 
scale, because the average wavelength of sound is 
about 100,000 times that of light. For example, a 
mirror or lens used to produce a beam of sound 
waves must be enormously large compared to mir- 
rors and lenses used in optical systems. .See Rf.* 
flection (electromagnetic: radiation). 

A concave surface tends to concentrate the re- 
flected sound waves, as illustrated in Fig. 2. Such 
surfaces are sometimes used to advantage as re- 
flectors. but if used indiscriminately they may lead 
to poor acoustics as a result of undesirable focus- 
ing effects. Convex reflectors ( Fig. 3) tend to 
spread the reflected waves. Therefore, when placed 
at the boundaries of a room, they tend to diffuse 
the sound throughout the room. For this reason, 
some radio-broadcasting studios employ cylindri- 
cal convex panels as part of their wall construction 
to promote diffusion. 

The law of reflection is often used in investigat- 
ing the effects of various shapes of a proposed 
room ori the distribution of sound in that room. 
Such studies can lead to the design of interior sur- 
faces that will give beneficial reflections, or to the 
elimination or modification of surfaces that other- 
wise would give rise to echoes. However, caution 
must be exercised in such applications of the law 


of reflection, because the wave properties of 
are neglected in this simplification of the 1 ^°^ 
of sound. For a discussion of sound reflections ^ 
water, see Underwater sound. See al^n 

r, r. ARf Hi. 

TECTURAL ACOUSTICS; ECHO ; SOUND. \ ( M ]{ 

Reflection and transmission coefficients 

When an electromagnetic wave passes from a i\\i> 
dium of permeability /*, and dielectric constant !' 
to one with values fi 2 and e 2 , part of the wave ‘ 
reflected at the boundary and part transmitted Thr 
ratios of the amplitudes in the reflected wave and 
the transmitted wave to that in the incident waw 
are called the reflection and transmission nieffi. 
cients, respectively. For oblique incidence, the le . 
flection and refraction formulas of optics are most 
convenient, but for normal incidence o! p| ane 
waves on plane boundaries, such as occur with 
transmission lines, wave guides, and some i r(r 
waves, the concept of wave impedance and charac- 
teristic impedance is useful. 

For a ^-directed wave with electric intensitv F, m 
the jr-direrlion and magnetic intensity H in the \ 
direction, the total phasor Helds on the incident ndr 
arc 

E, = /*> ikz f AV* (1) 

= (v) l (Ea?- jk * - <2i 

where primes are used for reflected quantities, and r; 
is the wave impedance. The sign difference in Eq- 
(1) and (2) is due to the fad that Po\n ting's verlm 
1 x 11, is positive for the incident and negative lm 
t fie relle<‘ted wave (sec Flectkom auneik HAiimim 
Poyi^fini/s VECTOR). For the transmitted wave 

E" x - K"#-*' ir v = (rj") ^ idi 

Since the tangential components of E and II arc n n 
tinuous across the boundary at z = 0, E x — E" • ami 
H y - II" v , so that 

Eo + E ' o = E " o V "(Eu - E'u) = yE"u (b 

The ratios for the reflected and transmitted field- 
obtained hy solving these equations are 

= r f‘ - y p) 

Eu rj" -f T) Eq rj" + V 

These are the reflection and transmission 
cients, respectively. 

Coefficients for optics. Equation (5) holds f"' 
normal incidence in optics, if the velocities v am 
v" are written for rj and 77 ". For a plane wave 
whose electric vector is normal to the plane of in 
cidence and whose direction makes an acute ang f 
0 with the normal to the interface, the reflection 
and transmission coefficients are 

E'o sin (0 - 0") E " o _ 2 sin 0" cos J (6) 

Eo ” sin (0 + 0") Eo " sin (0 + *") 

where v" sin (9 = v sin 0". When the *1®^ 
vector lies in the plane of incidence, the coefru i en 
become 


p tan ( A ~ A") P't _ 2 sin A" cos 0 

f * tan (0 + A") Eo sin (0 + 6") sin (6 - 6") 

( 7 ) 

Xhr ratio v/v" is the index of refraction. See Re- 
action of waves. 

Wave guides. In wave guides, as m free space, 
ihe characteristic impedance is defined as the ratio 
0 f the transverse electric field E t to the transverse 
magnetic field H t . For wave guides, this ratio de- 
pends on the frequency and the dimensions of the 
j. guide, as well as on the permeabilities and 
dielectric constants. For a transverse interface, the 
boundary conditions used for Eq. (4) on the tan- 
gential fields still hold. Thus, Eq. (5) for the re- 
rfettion and transmission coefficients is valid if rf 
and 7 f are replaced by the characteristic imped- 
dn(e „ on the incident and emergent sides, respec- 
ting 

Transmission lines and networks. Let £ and £" 

to (he characteristic impedances on the incident 
and emergent sides of a discontinuity in a trans- 
mission line or on the two sides of a junction be- 
twten two networks. Then the relations between 
tin potentials and currents of the incident, re- 
flet ted. and tiansmitted waves are, respectively, 

V - Zl V' = -Zl' V" = Z'7" (6) 

\t the discontinuity, potential and current must 
W ( ontinuous so that 

V + V' = V" /+/' = /" (7) 

s olutic.n for I lie ratios gives 

V' = ZT_- Z F" _ _ 2 Z" 

v v v v v v lO) 

V Z" + Z V Z" + Z 

Hiewp are the reflection and transmission eoeffi- 
unis See Transmission lines. 

Coefficients for acoustics. Equation (8) holds 

m fit otistics, provided acoustic impedance is sub- 
stituted lor electrical impedance. Acoustic imped- 
mif is defined as the product of the density of a 
radium by the speed of sound in it. There are two 
t\pes of waves in solid mediums, longitudinal 
* avPs and shear waves, and thus there are two im- 
I'edames. See Impedance, acoustic. [w.r.sm.] 
Rihhogrnphy\ D. E. Gray (ed.), American In - 
s tltutn of Physics Handbook , 1957; S. Ramo and 
^ R Whinnery, Fields and Waves in Moderh Ra - 
2d ed . 1953; S. A. Schelkunoff. Electromag- 
* tlr It nies, 1943; W. R. Smythe, Static and Dy- 
nnmu Electricity , 2d ed., 1950. 

^Hectometer, microwave 

^ f°rm of directional coupler that is used for meas- , 
l ‘ r,rj g the power flowing in both directions in a 
a ' p guide, A fiair of single-detector couplers ap- 
!!!T ,d < ely posirioned on opposite sides of the 
dnp ^ ( an U8ed f° r purpose, with one 
l)os * l * oned t0 monitor transmitted power 
p [ ™ e ot her detector positioned to measure 
' tr re fi p cted hack from a discontinuity in the 
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line. Each coupler receives a constant small frac- 
tion of the energy flowing in one direction in the 
wave guide, the energy being extracted from the 
wave guide through two small holes drilled Yk 
wavelength apart along the length of the guide. 
See Impedance measurements, high-frequency. 

[ J .MR. | 

Reflex, conditioned 

A response by an animal or man to a stimulus which 
was inadequate to elicit the response until paired 
for one or more times with a different and adequate 
stimulus. The term was first used in 1903 by the 
Russian physiologist 1. P. Pavlov to denote dogs’ 
secretion of saliva at the sight and odor of food 
and in the feeding environment in general, as dis- 
tinct from unconditioned-reflex secretion produced 
by the actual presence of food, or acid, in the 
mouth. While “distant” salivation had bfen stud- 
ied intensively in Pavlov’s laboratory as “psychic 
secretion” since 1897 and the phenomenon was ob- 
served as early as 1852, Pavlov’s conception of the 
conditioned reflex was a revolutionary methodo- 
logical and ontological turn in the study and analy- 
sis of animal and human behavior. 

By 1909 other Russian workers had extended 
the study of the conditioned reflex to other stimu- 
lus-response combinations in dogs and humans, 
and since that time, scientists the world over have 
paired almost the entire repertoire of reflexes with 
almost the entire repertoire of stimuli in represent- 
ative species of almost all phyla and classe c of the 
entire animal kingdom, and in human subjects, to 
yield more or less successful results. Approximately 
3000 experiments have been reported. As a result, 
conditioning is now considered an established gen- 
eral biological, or psychobiological, phenomenon. 
In conditioning, a stimulus originally inadequate 
to elicit some reflex (a to-be-conditioned stimulus 
or a CS ~ ) becomes adequate (a conditioned stimu- 
lus or a CS) by virtue of being applied one or 
more times together with the stimulus adequate 
to elicit the reflex (the unconditioned stimulus or 
the US). The resulting reflex becomes a condi- 
tioned reflex (a CR) as distinct from the uncondi- 
tioned reflex to the originally adequate stimulus 
(\he UR). An argument can be made fer broaden- 
ing the definition of conditioning by replacing the 
term “reflex” with that of “response.” This seems 
logical in view of reported successful conditioning 
of brain waves and tropisms, on the one hand, and 
of mental sets (a state of preparedness for making* 
a response to an impending stimulus) and mean- 
ings, on the other. 

Factors in conditioning. The universality of the 
conditioning phenomenon does not mean that mere 
repeated juxtapositions of a CS with a US and its 
UR will ensure the formation of a CR. The factors 
of intensity and temporal relationship of the stimu> 
lus-response, the attitudinal and attentive-percep- 
tual determinants, the type of reflex used, and the 
phyletic position (that is, fish, cat, monkey, or hu- 
man) of the subject must be considered. 
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The factors of intensity: the US-UR must not be 
too weak and the CS must not be too strong. 
Optimum conditioning seems to require optimum 
US-UR / CS intensity ratios. 

The temporal relationships: conditioning pro- 
ceeds best when the CS is applied shortly before 
the US , and is poorest when the sequence is re- 
versed or the interval between the CS and US is 
prolonged. 

Attitudinal and attentive-perceptual determi- 
nants: these operate particularly, but by no means 
exclusively, in the conditioning of cognitively or 
instructionally controllable reflexes in human sub- 
jects. 

Type of reflex used, and phyletic position of 
subject: the galvanic skin reflex is readily condi- 
tioned. but the iridic reflex is conditioned only with 
great difficulty; it takes, as a rule, scores or even 
hundreds of trials to condition a lower invertebrate 
to an electric shock, but a monkey or young child 
may well effect it in one trial. The relationship is, 
however, not a simple one. Russian experiments 
show, for instance, that while dogs salivate copi- 
ously at the sight of food, cats do not, and Kinsey’s 
reports indicate that the sex reactions of the 
human female are much less conditionahle to visual 
and verbal stimuli than are those of the human 
male. 

Properties of conditioning. Four cardinal and 
general properties of conditioning are (1) extinc- 
tion; (2) generalization and differentiation; (3) 
dynamic stereotypy (Pavlov’s term) or configural 
conditioning (G. Razran’s concept); and (4) 
higher-order conditioning. Extinction is the gradual 
diminution and final disappearance of a CR upon 
repeated applications of the CS without the US. 
Extinguished CR s recover partially after a lapse 
of time (spontaneous recovery) and may also re- 
cover by the application of an extra stimulus 
fdisinhihition ) , hut finally, after an appropriate 
number of extinction sessions, they disappear com- 
pletely and irrecoverably. As a contrast to the 
traditional law of use, extinction is, in a way, 
Pavlov’s most unique single contribution to both the 
empirics and the theory of learning (.see Learn- 
ing theories). Generalization and differentiation 
cover the fact that in the initial stages of training, 
CRs are evoked in some degree also by stimuli 
that are in some way related to their conditioned 
stimuli, but that in later stages the 67?s acquire a 
large degree of specificity. This aspect of condition- 
ing, though still largely in a state of controversy 
with respect to underlying mechanisms and basic 
facts, has been used extensively as an explanatory 
principle of transfer of training and of transfer- 
ence and related psychoanalytic concepts. See 
Psychoanalysis. 

Dynamic stereotypy or configural conditioning 
relates to results of conditioning to compound CSs; 
for example, the ringing of a bell, and the flashing 
of a light, a mechanical stimulation and an olfac- 
tory stimulation, combined simultaneously or in 


close succession. In the course of such condition 
ing, the CR eventually comes to be elicited only ) n 
the compound CS and not by the individual com 
ponents. This property of the CR offers an objectj Ve 
method of tracing developmentally the acquisition 
course of stimulus patternization and stimulus scu 
in man and animals. Finally, higher-order condition 
ing deals with the formation of CR* on the bask 0 f 
old CRs rather than URs: forming a CR of th e 
second order, CR 2 , by combining its to-be-condi- 
tioned stimulus, CS 2 '-', with a conditioned stimuli 
of the first order, a CS; or forming a third-order 
CR, CR\ by combining its CS ^ with a CS'\ and 
so on. According to some schools of thought, s U (h 
conditioning offers a simple and far-reaching a<- 
count of the existence and efficacy of man’s cuJ 
tural needs and values. Unfortunately, higher-order 
conditioning'^ as yet far from a wholly established 
fact in laboratory experiments with animals, and 
also with men, when symbolic and inferential auh 
are excluded. 

A somewhat dramatic behavioral change broughi 
out in conditioning studies is experimental neurit 
sis, a laboratory-induced disturbance paralleling 
symptoms of natural psychopathological states (sh 
Neurosis). The main methods of producing smh 
neuroses have been transforming alimentan f.fts 
into defensive ones and vice versa; close differential 
conditioning, for example, combining one stimuli!- 
repeatedly with a UR and another (Tosoh i elated 
stimulus without the UR; long and unexpected dr- 
lays between the application of the CS and the / V 
and^ general CR overtraining. Changes in (.11 
regimes, laboratory-induced sleep, and sedatiu 1 
and stimulant drugs have been studied extend » J 1\ 
as therapeutic agents in Russian CR laboratonr- 

Neural mechanisms. Pavlov considered tin 
conditioned reflex as the method for studvinji 
higher nervous (cortical ) activity and formulated 
upon the basis of its diverse actions, a complex 
variety of hypothetical cortical mechanisms. These 
are internal inhibition, interplay and collision 
inhibition with excitation, special irradiution ano 
concentration of the two processes, transformation 
of one into the other, induction of one by the other, 
protective inhibition, cortical exhaustion, and tly 
like. These constitute what might be called Pavlo' " 
conceptual cortical system, criticized by some, hut 
defended by others. Recently, however, extend 
series of studies, involving direct observation* n 
what actually goes on in the nervous systems dur- 
ing conditioning, have been launched in a numhu 
of Russian laboratories. These involve the u- se 0 


rather advanced electroencephalographic, histonru 
ral, biochemical, and neuropharmacological tcr^ 
niques. These direct studies provide results whu i 
are claimed to support Pavlov’s main postulate* 
for example, existence of internal inhibition an 
its correlation with the slowing up of brain waV jj 

its interplay with excitation, generalization, 
differentiation of neural events, and, above a ^ 
morphological changes in cortical stellar cell* a ? 



r psult of conditioning. Verification of the striking 
result and claims is, of course, needed, but if it 
forthcoming the results will be highly significant. 

Instrumental and operant conditioning. A CR 

ionc epti°n of reward learning which, unlike typical 
Pavlovian, or classical, conditioning, is character- 
ed first by a strengthening of an existing response 
rather than bv the formation of a new response, and 
second, by an invariant occurrence of the strength- 
ened response, the CR> before the strengthening 
one, the UR- Examples are (1) a rat learning to 
pros a lever more frequently when the pressing is 
followed by the delivery of a pellet of food or by 
ihe removal of some annoying stimulus, as shown 
in B. F Skinner’s most extensive studies; (2) a 
dog lifting his paw more readily when the lifting is 
followed by feeding (experimental work begun by 
I Konorskv and S. Miller and since studied ex- 
tcnsi\el\ in Russian and Polish laboratories) ; (3) a 
ihild pressing a rubber bulb more readily when 
uindv i* thereby obtained (numerous experiments 
bv \ (f Ivanov-Smolensky and his followers in the 
s >\ jet Union): (4) an animal running more 
^peedilv to a box in which he is fed; and (5) an 
uunidl conditioned to withdraw its paw at the 
Mumd of a bell through a hell-shock combination, 
withdrawing the paw more readily when the shock 
is thereby avoided (first demonstrated by S. E. 
Marvtsm in the Soviet Union in 1926 ) . The last case 
lias been studied extensively as avoidance learning 
tnd is not readily included under operant condi- 
tioning because the response conditioned was origi 
ndll> a respondent rather than an operant, that is, 
it was elicited as a response to a specific environ- 
mental stimulus rather than emitted by the animal 
operating on the envuonment. 

Instrumental-operant conditioning is similar to 
« I issit al Pavlovian conditioning in a number of 
film tional characteristics or laws. Yet it also dif 
fers fiom the classical type in such basic character- 
'll! s as much greater resistance to extinction and 
requiring for its maintenance markedly fewer CR- 
1 R combinations. The two also differ with re- 
s l ,P(t to the very nature of the learned modifica- 
tlon and the essential conditions for its occurrence. 
Moreo\er, there is the very important considera- 
tlon that, compared with the classical condition- 
,n & the mstiumental-operant variety is. effective 
f, nl\ with certain classes of CR* and UR* and 
ls inoperative in lower invertebrates. It is more 
rearhly abolished by decortication and is seemingly 
'nerent in its electroencephalographic correlates, 
hatever the case may be for calling instrumental- 
°P p rant, or reward, learning “conditioning,” all the 
ev 'dence and logic seem to suggest that it is a more 
nniplex and phyletirally more recent — thus less 
universal, more efficient, more central, and likely 
^° r e cognitive — form of learned modification than 
c assical Pavlovian conditioning. Hence, it is 
v 'ouslv to the latter rather than the former that 
^ must accord the status of the simplest and most 
'mate learning unit. A view that no analysis of 
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learning is complete and ultimate without a base 
analysis of classical conditioning is surely well 
warranted. f G.R.] 

Bibliography : E. R. Hilgard and D. G. Marquis, 
Conditioning and Learning , 1940. 

Reflex, unconditioned 

A stimulus-evoked, neurally mediated behavior pat- 
tern which is not subject to voluntary control and 
is not established by prior experience, training, or 
conditioning. Unconditioned reflexes constitute the 
basis of many automatic regulatory reactions 
which, with machinelike pre< ision, adapt the ani- 
mal body to environmental changes. Temperature 
regulation, cardiac acceleration during exercise, 
certain postural adjustments, and withdrawal from 
a harmful stimulus are a few examples of many im- 
portant reflex patterns found in mammals (.see 
Cardiovascular sysilm; Thlrmorf.gula iion ) . To 
the physician, the reflex peiformance of the patient 
is diagnostically important. All reflexes depend on 
neural connexions between sense organs and the 
central nervous system (afferent path Ton the one 
hand, and between the central nervous system and 
the effector organs (efferent path) on the other. 
Consequent!), disease involving injury to the affer- 
ent path, the central nervous system, or the efferent 
path is bet raved bv aberrations of leflex perform- 
ani e. \lsn. because different reflexes are mediated 
by diffeicnt neural pathways through the nervous 
system, the distribution of reflex aberration often 
points to the locus of the causative lesion. 

Reflex arc. The reflex are is the anatomical sub- 
strate of the unconditioned reflex. It consists of a 
chain of neurons, at least one of which has its cell 
body located within the ( entral nervous system. 
Each neuron in the chain is an anatomically and 
metabolically discrete cell; functional linkages of 
neurons into chains occur when the processes of one 
neuron make contact with the cell body or pioces&es 
of another; the contact sites are called synapses. 
The simplest reflex chain consists of only two 
neurons and heme only one synapse between sense 
organ and effector. This monosynaptic arc is shown 
diagiarnmatic ally m Fig. 1. The first neuron in the 


afferent dorso1 



Fig. 1 Diagram of monosynaptic arc. 
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chain is called the primary afferent neuron; its 
cell body is situated in the dorsal root ganglion and 
its peripherally directed process ends in a sense 
organ, whereas its centrally directed process en- 
ters the spinal cord to make synaptic connection 
with the second neuron which is called a motoneu- 
ron. The axon of the motoneuron leaves the spinal 
cord by way of the ventral spinal root and runs 
through the peripheral nerve to reach the muscle. 

Many reflex arcs are more complex and have 
one or more centrally located neurons known as 
interneurons or internuncial neurons inserted (in- 
tercalated) between the primary afferent neuron 
and the motoneuron. Such reflex arcs are multi- 
synaptic arcs (Fig. 2). 

The sequence of events in monosynaptic reflex 
action is as follows: (1) an adequate stimulus to 
the sense organ generates an action potential in the 
primary afferent fiber; (2) this action potential, on 
reaching the intraspinal terminals of the primary 
afferent fiber, causes the liberation of a chemical 
agent which diffuses across the synaptic space and 
generates an impulse in the motoneuron; (3) this 
impulse is propagated over the efferent fiber to its 
ending in the muscle where the neuromuscular 
transmittter agent acetylcholine is liberated; 
(4) acetylcholine generates an impulse in the mus- 
cle fiber; and (5) the muscle fiber impulse sweeps 
over the muscle fiber and activates the contractile 
mechanism. Sec Acftylchot.inf ; Musr lf. 

From the foregoing simplified description it 
might be inferred that reflex action is stereotyped 
and invariant. On the contrary, reflex patterns are 
both variable and adaptive. The mechanism of 
adaptive reflex behavior is clarified by a more de- 
tailed consideration of the central connections of 
afferent paths and motoneurons. 

Convergence and divergence. Histological ex- 
amination of motoneurons reveals that each moto- 
neuron is supplied with many synaptic terminals. 
The terminals have the form of small (about l/i 
in diameter) knobs closely applied to the dendrites 
and cell bodies of the motoneuron; so that about 
40-50^ of the somadendritic membrane is en- 
crusted with synaptic knobs. The many knobs on a 
single motoneuron derive from many parent affer- 
ent fibers. The motoneuron thus constitutes a final 

afferent 



muscle 


Fig. 2. Diagram of multisynaptic arc. 
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Fig. 3. Diagram of convergence and divergence of 
afferent fibers and motoneurons, (a) Convergence 
(b) Divergence. 

common path upon which manv ufferent filers 
converge ( Fig. ) . There is reason to suppose that 
many knobs must be a< tivated within a brief pmnd 
of time to initiate an impulse in the motoneuron 
Firing thn-> results from the nearly synchronous 
activity of manv afferent fibers converging on tli< 
motoneuron; it is doubtful that aiti\itv in a singb 
afferent fiber is sufficient to cause motoneuron dr* 
charge. 

Considered from the afferent side, the kev featun 
of oigani/ation i^ divergence. Each dorsal roof 
fib<^ breaks into manv branc lies whit h cstalrlidi 
connection with manv motoneurons (Fig ]L 
Thus although no single afferent fiber alone fm*- a 
motoneuron, each fiber contributes to the eviti 
tion of many motoneurons. 

Excitation and inhibition. Activation of afferent 

channels does not always excite motoneuions Nun* 
pathways are inhibitory; that is. they rendei i lit 
motoneurons less accessible to discharge bv e\i nn 
torv afferent paths. It i^ assumed that the differenii 
between excitatory and inhibitory endings is in tin 
chemical transmitter agents which they secrete 

Each motoneuron is thus the recipient of a u»n 
slant barrage of impulses, some of which t>'ud t<> 
activate the cell and generate an impulse, others 
of which tend to stabilize the cell and render it 
quiescent. At any time the behavior of the fell 
pends on the balance between these two opposing 
influences. 

Reciprocal innervation. The distribution of 

citatory and inhibitory knobs to motoneurons c 
not haphazard but instead is organized in such ? 
way as to provide for unopposed reflex niuscuia 
contraction. Generally speaking, any one affc* renl 
pathway which supplies excitatory knobs to a group 
of motoneurons innervating a muscle also supp 1P " 
inhibitory knobs to the motoneurons innervating 
antagonists of the muscle. Such reciprocal inner' a 
tion provides for sensitive and delicate regulat»° n 
of reflex action because it not only permits «PP^® 
priate muscular contraction but also curtail 8 1 e 



J( tion of muscles which oppose the appropriate 

m „\enu*nt. 

Reflex pathway classification. Reflex arcs are 
„trcn classified according to the anatomic al level of 
rheir afferent an( * efferent connections with the 
antral nervous system. Segmental teflexes have 
jflprent inputs by way of the spinal dorsal roots 
HU 1 efferent outputs over spinal ventral roots of the 
.line or adjacent segments. Intel segmental reflexes 
j|ho have spinal dorsal roots as the afferent path. 
l„jt the efferent path is the ventral root of a distant 
spinal segment The connection between input and 
0 ul put is made by mtersegmental chains of intci 
ntiirons In suprascgmental reflexes, afferent a<ti\- 
jt\ enters the brain stem via cranial nerves whereas 
the efferent outflow is one or more spinal vential 
roots the connection being established hv long path- 
wav s descending from the brain stem to the spinal 

h vels 

Segmental reflexes. Tins section discusses the 
flexion stepping, stretch, and lengthening reflexes 

Fhxwn reflex. This iefle\ is elicited b> noxious 
emulation ( pinching, burning, and cutting) par 
to nlarlv of the skin of the arm 01 leg. although 
^lnnhiT stimulation of deep structures of the flaved 
limli is 1K0 effective The reflex response consists 
nf contraction of the ipsilateral flexor muscles at 
ill joints that the whole limb is withdrawn from 
llu 1 noxious stimulus At the same time the extensoi 
im si les relax so that withdiawal is not imjieded 
The affeicnt paths nf the flexion teflex thus make 
nnprocal connections exciting flexor motoneuions 
md inhilntorv extensor motoneurons Because the 
ulei|uate stimulus for elic iting the teflex is harmful 
In the tissues it is often referred to as a noeuxep 
li'^ n Hex and hec ause the reflex contraction limits 
li^m inpitv. the biological function of the flexion 
reflex is c learlv protective 

Reflex withdrawal of the stimulated limb is often 
,s “"( lated with c onttac tion of extensor muscles and 
relaxation of flexor muscles in the c oi responding 
< "iitidlateral limb The contralateral component 
is known as the crossed extension reflex hut should 
M °l he consideied to he a separate reflex because it 
is di c essory to. or part of, the flexion reflex The 
Cerent fibets subserving the flexion reflex send to 
the opposite side of the spinal cord c ollateral 
branches which make reciprocal connections op- 
posite to tho«-e in the ipsilateral spinal cord This 
arrangement is known as double reciprocal innerva- 
Imn The crossed extension component serves to 
s,,| p[M> r l the weight of the body when the ipsilateral 
hmb flexes. 

The receptor for the norioceptive flexion reflex 
arp the pain receptors which are ubiquitous bqt 
Wt* ulaily prevalent in skin (see Pain, cutane- 
01 s ) This accounts for the broad receptive field of 
1 p reflex and for the fact that cutaneous stimula- 

10n ^ particularly effective. The flexion reflex arc 

s In, dtis\naptic ; that is, one or more interneurons 
ar ^ interposed between the primary afferent neuron 

n motoneurons. Interneurons tend to diffuse 
d<tl 'it\ through several segments of the spinal cord 
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so that the resultant motoneuron discharge causes 
integrated muscle contraction at all joints of the 
limb. 

Stepping. The afferent nerve fibers supplying 
touch-pressure endings and the secondary or flower- 
sprav endings of the muscle spindle make doubly 
reciprocal cential connections identical with those 
of hoc inceptive affeient fibers; that is, the nerve 
fibers are ipsilaterall) (on the same side) excita- 
tory to flexor and inhibitory to extensor motoneu- 
rons but eontralaterallv (on the opposite side) 
excitatory to extensoi and inhibitory to flexor 
motoneurons (see Posturf, kh iu.ation of) There 
is no reason to believe that the reflex pattern thus 
elicited is protective or norioceptive; instead, it 
probably is involved in reflex stepping or walking. 
Both the touch- pressure rereptois of the feet and 
the stretch sensitive secondary spindle endings are 
in a position to he excited alternately bv normal 
stepping, and their afferent fibeis make doubly 
recipioeal connections which provide for rhythmic 
alternate conti ac tion of the limb muscle on the two 
nicies Rhvthmic stepping movements can be in- 
duced artificially bv concurrent electrical stimula- 
tion of nerves containing tone h-pressure and flower- 
spray afferent fillers. 

Stretfh or myotatir reflex When a muscle is 
passivelv stretched, reflex contraction occurs op- 
posing elongation At the same time the antagonists 
of the stretched muscle relax because of inhibition 
of their motoneurons The receptor for this stretch 
or mvotatic reflex is the annulospiral ending of the 
muse le spindle whic b is supplied by the largest and 
most rapidly conducting afferent fibers. The central 
connections of these fibers are much more discrete 
than those mediating the flexion ic flex. The stretch- 
leflex efferent discharges are distributed onlv to 
the niusrle heing stretched Similarly, inhibition is 
confined to the motoneurons supplying the direct 
(that is, acting at the same point) antagonists of 
the stretched muscle. The precise and discrete 
distribution of the stretch-reflex discharge is cor- 
related with the fact that the «ti etch-reflex arc is 
monosv naptn ; the afferent fillers connect directly 
with motoneurons. 

The stretch reflex i« the basis of standing. In 
standing the extensor muscles of the legs are 
stretched hv the gravitational tendency of the limbs 
to flex at the joints. The stretch thus created exc ites 
the spindle endings and indue es reflex contraction 
of the extensor muscles opposing gravity and main- 
taining upright standing Significantly, stretch re- 
flexes of extensor or antigravity muscles are par- 
ticularly well developed. 

Lengthening reflex. The myotatir reflex just de- 
scribed causes a muscle to resist elongation. If, 
however, the muscle is lengthened forcefully, it first 
resists hut then suddenlv relaxes; the tension drops 
precipitously, and the muscle may then be stretched 
without opposition. This phenomenon called the 
lengthening reaction is the result of a reflex medi- 
ated bv stretch-sensitive receptors in the tendons 
(Golgi tendon organs) innervated by large-diame- 
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ipsilateral inputs contralateral Inputs 



Fig. 4. Diagram of a few segmental afferent pathways converging on an extensor motoneuron. 


ter afferent fibers. The central connections of these 
lengthening reflex affeient fibers are the teverse of 
those mediating the myotalic reflex; impulses 
originating in Golgi tendon receptors inhibit the 
motoneurons supplying the stretched muscle and 
excite the motoneurons supplying its antagonist. 
For this reason the reflex is often < ailed the inverse 
inyotatic reflex. Strictly, however, the lengthening 
reflex is not a simple mirror image of the stretch 
reflex because the former traverses a three-neuron 
(disynaptic ) arc and is far less discrete in its 
efferent distribution than the imotdtic reflex. Golgi- 
tendon-organ discharge inhibits the motoneurons 
supplying the stretched muscle as well as those 
supplying other muscles at the same and adjacent 
joints. 

Golgi tendon oigans, although stretch-sensitive, 
have higher thresholds than muscle spindle endings. 
With moderate muscle stretch, such as that im- 
posed by gravity on extensor muscles during stand- 
ing, the low-threshold spindle endings dominate 
the motoneurons and upright posture is maintained. 
With stronger extending forces, in the face of 
which further opposing contraction might damage 
muscle and tendon, a sufficient number of tendon 
organs discharge to overcome the excitatory bar- 
rage from spindle endings; the motoneurons are 
inhibited, and the muscle lengthens without oppos- 
ing the extending force. The inverse myotatic re- 
flex thus serves to protect the muscle against 
injurious overloading. 

Intersegmental reflexes. Intersegmental reflexes 
serve to coordinate the reaction of the fore and hind 
limbs and the position of the head with those of the 
limbs. A flexion reflex and its crossed extension 
component elicited in one foreiimb is often accom- 
panied by reverse changes in the hind limb, that is, 
ipsilateral extension and contralateral flexion. 
Movements of the head which stretch the neck mus- 
cle are accompanied by variations in the discharge 
of motoneurons supplying fore- and hind-limb mus- 
cle. Intersegmental reflexes traverse multineuronal 
chains and are therefore more variable than the 
simpler segmental reflexes. At each synapse in a 


chain, I he behavior of the poslsynaplh Hrrmni 
depends on the sumniated inputs, excitatoiy and 
inhibitory, converging upon it; hence, the longti 
the ehain is, the moie vaiiable will 1 >e the pci bun 
anee. 

Suprasegmental reflexes. These constitute a 
group of complex reflexes which sene to inleguh 
the body and limb musciilatuie with fixed position* 
or movements of the bead. Posilion*nmvenirnt and 
acceleration of the bead registered bv visual lah\ 
rinthine, and vestibulai recepton alter discharge 
patterns of motoneurons controlling limb and both 
musculature. Like the intersegmental reflexr* 
suprasegmental reflexes employ lomplex iiniltinni 
ronal channels and aie therefore flexible and van 
able. 

Summary. Figure 4 shows a highly simplified 
diagram of a few of the segmental afferent path 
ways converging on a typical extensor motonennm 
that is. one element of the many which compile tin 
final common pathway to an extensor muscle fven 
ignoring the nmltisynaptie organization of rno«t <»’ 
the segmental inputs and the many multisvnapti' 
intersegmental and suprasegmental inputs, it (an 
be seen that the motoneuron population is subjet i 
to a host of subtly variable afferent drives sunn 
antagonistic and some reinforcing. Each motorin' 
run in the population integrates the messages whali 
impinge upon it. 

This arrangement makes the reflex an a high v 
flexible mechanism in which shifts in the intensity 
and source of afferent bombardment may a tu 
drastically the participation of different mntoneu 
rons and their subservient muscles in reflex action 
and thus give rise to an almost infinite variety 1 
behavioral patterns. See Muscle (BiopH' SFrs j 
Nervous system; Psychology, physiolooh* 

and experimental; Reflex, conditioned. 

[H.D.P.; T.r-B J 

Reformatsky reaction ] 

A reaction which takes place between a tar ^ n fln 
compound, such as an aldehyde, or ketone, an ^ 
a-halo ester in the presence of metallic «nc. 



drolv**** o{ the reaction mixture with dilute acid 
„ e ld« a /Miydroxy ester. The reaction is thought 
t0 proceed via an organozinc derivative, analogous 
pi the Grignard reagent, formed by the interaction 
„f the rt-halo ester with the zinc. The organozinc 
(l)rn poiind then adds to the carbonyl group of the 
ildehvde or ketone (R = alkyl, aryl, or hvdrogen; 
\ = iodine 01 bromine) : 

Zn + XCR 2 C()OC 2 H* — XZnCR 2 COOC 2 II 6 


(]-,() 4- XZnCR 2 COOC 2 II 6 — ► 

/ 

R OZnX 

\ / 

C 

/ \ 

R CR 2 COOC 2 H 5 

R OZnX 

/ 

(’ + HX -* 


R CRjCOOCsHs 

R Oil 

\ / 

C + ZnX 5 

/ \ 

R CR 2 COOC 2 Tl 6 


flit use of zinc in the Reformat'-ky leaction has 
tin id vantage that the organo/ine intei mediate has 
Ini If lrndern v to attaf k the ester linkage, thus per- 
mitting svnlheses which would not he possible with 
'lit more Te.ictive Crignard reagents Hence. the 
Ktform<itsh\ reaction is a valuable tool in organic 
l^mMiy as a method for preparing /3 - hydroxy 
tMers and roi responding unsaturated and satu- 
MlRfl ester-, and acids. Tt also serves as a useful 
liu.ins of lengthening the carbon chain. .See Gkt 
(MR]) RM( IIOIN ; OKGANOMhTAI.LlC (OMPOUND. 

[M.D.R.l 

fhkliographv: R. Adams fed.), Organic Reac- 
tions vo] 1, 1942. 


Reforming (petroleum refining) 

^ process used for upgrading gasoline by improv- 
JM Ji its antiknock characteristics. Reforming re- 
lions occur by either thermal or catalytic* melh- 
ods Vt the present time, thermal reforming has 
' (en vir tually displaced by catalytic reforming: 
P Th^ n done by a thermal method. 

nermal reforming. The following reactions are 
'pi<al of thermal reforming. Only the carbon skcl- 
Pt ° ns hydrocarbons are shown. 


r C- -C. — c — o — c — c — c — + 

o— C-C-C— C— C— C— C--C + ch 4 

c ' r - C— c -c—c— c—c- c — c -*• 

c—c— c-c-c— c- c=c + c 2 h 8 
' 'C-C- C—C — c — c — c — c — c — > 

c—c- C—C— C—C— C—C 4- C--C 

C C "C— C— c— c— c— c— c— c -» 

C—c -c— c— C— c— c + c — c=c 
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Paraffin- primarily undergo end-of-the-ehain 
cracking to yield methane, ethane, and propane, as 
well as unsaturated gases, high-boiling paraffins, 
and olefins. There is very little skeletal isomeriza- 
tion during thermal icforming. Naphthenic hydro- 
carbons undergo dehydrogenation and some crack- 
ing to form cy< loolefms. There is essentially no 
deh\diogenation of naphthenes to aromatics. 

The thermal reforming operation is usually per- 
formed at tempeiature of about 1025°F] and pres- 
sures of 7S0 1000 psig. Residence time in the reac- 
tor iv about 20 40 s ec. In a typical operation, a 
Pennsylvania straight-run gasoline of 44 octane 
number mav he refoimed to give a product with an 
o( tarn* number of 80 f Research Clear) with a yield 
of 66 f f . Higher o< tane number products ran be ob- 
tained b\ thermal reforming, but the yields of gaso- 
line from straight-run stocks become uneconomi- 
<dlly low Since catalytic reforming can produce 
higher-quality products with higher yields, the ther- 
mal reforming opeiulions have been largely re- 
pla< od by catalytic icforming. In 1962, the c atalytic 
refoiming capacity in the United States was ap- 
pioximatelv 2,020.000 hands per stream da\. 

Catalytic reforming. The reactions shown on the 
next page are typical of catalytic refoiming. 

The reactions are dehydrogenation of both five- 
and six-membered ring cycloparaffins. hydrocrack- 
ing ( hydrogenolysis) of paraffins to form lower- 
hoiling paiaffins along with propane and butanes, 
cycli/ation of paraffins to aromatics, and isomeriza- 
tion oi paraffins to more-branched structures. 

The product from catalytic reforming consists of 
aromatic and paraffin hydrocarbons, along with a 
small quantity of unconverted naphthenes. The ar- 
omatics are concentrated in the highei -boiling frac- 
tion. the paraffins in the lower-boiling fraction. 

Catalytic icforming operations commonly employ 
a supported platinum catalyst. A proper balance be- 
tween the dehydrogenation and acid-acting compo- 
nents is built into the catalyst, so that it removes 
hydrogen, rearranges the carbon skeleton, and splits 
the molecule. 

The catalytic reforming step is performed at tem- 
peratures of 800-1050°F and pressures of 200-1000 
psig. An important feature of catalytic reforming is 
the recycling of a hydrogen-rich gas that acts to 
suppress those side reactions which tend to form 
carbonaceous deposits on the catalyst. The usual 
amount of hydrogen recycle is 3-15 moles of hy- 
drogen per mole of charging stock. This hydrogen 
partial pressure is sufficient to maintain a clean 
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catalyst surface for long periods of time, from 6 
months to 2 years, for example. When the catalyst 
becomes fouled with carbonaceous deposits and 
other impurities such as metals, it is replaced. In 
some installations, the carbonaceous deposits are 
burned off, and the catalyst is returned to service 
until it is finally deactivated for reasons other than 
carbon deposition. 

The use of a platinum-containing catalyst for the 
reforming of straight-run gasolines has undergone 
a rapid acceptance by the petroleum industry since 
the first unit was installed in 1949. The catalytic 
reforming capacity in the United States in 1961 
was in excess of 1,970,000 barrels per day. In 1960 
the gasoline produced by catalytic reforming 
amounted to 38% of the total gasoline production. 

Catalytic reforming units usually have a fraction- 
ation section where the fresh feed is distilled. This 
removes as overhead the lower-boiling components 
of the feed such as hexane and lower-boiling hy- 
drocarbons, and rejects the material boiling above 
the gasoline range (400+°F). The C7-400°F frac- 
tion is mixed with hydrogen, preheated to the reac- 
tion temperature, and the reforming carried out in 
three to four reactors in series. Intermediate reheat- 
ing is necessary since the over-all heat of reaction 
is endothermic. The effluent from the reactors goes 


through heat exchangers to a separator where the 
liquid product is separated and sent to the stabilize 
to produce a finished gasoline as the bottoms prod 
uct and to remove, as overhead, propane and a part 
of the butane produced during the reaction. p art 
of the gas component removed from the separator 
consisting mostly of hydrogen, is withdrawn from 
the system ; the remainder is recycled. 

Many of the installations made since 1954 include 
a pretreatment section in which the sulfur com- 
pounds and other impurities are removed b> mtan^ 
of a hydrotreating step utilizing, usually, a cobalt- 
molybdena-alumina catalyst. In earlier installations 
scrubbers were installed on the recycle gas in < )r . 
der to reduce the sulfur concentration entering the 
reactors. The redaction in sulfur makes it possible 
to use more severe conditions of temperature and 
pressure, thereby producing gasolines of higher 0( . 
tane rating. The pretreating step also remo\e* 
from the feed arsenic compounds which otherwise 
poison the platinum catalyst. .See Aromatizatiov 
Cracking ; Dehydrogenation ; Hydro* arbo> 
Isomerization; Petroleum processing. |\.h.| 

Bibliography : K. A. Kobe and J. J. McKetu 
Jr. (eds. ), Advances in Petroleum Chemistry ami 
Refining. 3 vols.. 1958- 1959. 

Refraction (molar) 

A physical constant which is dependent upon 
molecular structure and defined by the equation 


/ 


Rm 


n r 2 — 1 M 

+ 2 p 


In this expression, n r is the refractive index of the 
material in question. M and p gre the molecular 
weight and density, respectively. 

A light wave may he considered as a rapid!' 
alternating electric and magnetic field. As it pa-^ 
from air or a vacuum into any material substance U 
interacts with the electrons of this medium. Thi" 
induces an oscillatory motion in the electrons. IV 
light wave, in turn, suffers a decrease in vclocit\ 
The refractive index is a measure of this interac- 
tion and depends upon the polarizability of ^ 
molecule. The molar refraction, then, is a function 
of the number, kinds, and arrangement of atone- in 
a molecule. According to the simplest picture, the 
molar refraction of a substance is equal to the 
actual volume occupied by the molecules Jn one 
mole. Some typical values determined at 20^C wit 
the D line of sodium as a light source are listed in 
Talde 1. h 

To a good approximation, each atom and eac 
structural characteristic, such as a double bon or 


Table 1. Molar refractions of tome compounds atJO^ 


Compound 

R m , cni*/n> olc _ 

Carbon tetrachloride, CC1« 

26.51 

Benzene, C 0 H« 

26.18 

Ethanol, CjHfOH 

12.78 

Water, H 2 O 

3.75 _____ 
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,} 1(r linkage make a definite contribution to tin 
nplar refra< tion For this reason molar lefiaction 
, (l f \aliie m < hara< termng substances of smulai 
rnposition Sevcial sue h group or alomn inntii 
| ,||ions ate lifted in Table 2 
If the wavelength of the light used m the me as 
n m e ii t of tlu rt Tractive index is suflicicntlv long 
ml the substance has no peimanent dipolt mo 
m «nt the Maxwell relation n = t is applicable 
is tilt dielcctnc (onstant of the substance Under 
ilit s< (onditmns the molar refraction is equal to 
th inolir polarization See Pot ari/ai ion (nirnr 

Hit s) Km iu< 1 ION Ol WA\ IS I F I f ] 

Refraction of waves 

I In h ing» o{ direction of propagation of anv wave 
I h< none non which occuis when the woe \elocit\ 

I in„ts f tie term is most frequently applied to 
1 1< light hut it also applies to ill nlht r c h c tio 
i-.ru ti wives as well as to sound ind water 

\ i\t 

I he ph\M< il hdsis for refraction mav he readily 
rule Mood witli the aid of Fig 1 Consider a sue 
< Mem of equally spaced wa\efionts approaching 
l>Mindn\ sin face obliquely The direction of 
I' pigition i s in ordinary cases perpendicular to 
t'i v\ iv« honts In the case shown the veIocit> of 
I ' I ir.it on is less m medium 2 than in medium 1 
dnt the wa\es are slowed down as rhe\ enter the 
( >nd me churn Ulus the direction of travel is bent 
' ' v ‘ids tlu perpendicular to the boundary surface 
tint is 0 r- 0,) |f t} M vvaves enter a medium in 
the velocity of propagation is faster than 
lr tli ir original medium the\ are refracted awav 
m the noi mal 

Snells law. The Simple mathematical lelation 
r^priung refraction is known as Snell’s law If 
MUs rr ^ v ehng through a medium at speed i\ are 
n 1(1 nt on a boundary surface at angle 0 j (with 
’! 1 (t to die normal) and aftei refraction enter 
^ l °nd medium at angle 0* (with the normal) 

1 p titivelmjr speed v_ then 

1 1 sin 

1 2 sin 02 

1 m< ^ x °f refraction n of a medium is defined as 

r . ir,() the speed of waves m vacuum ( to their 

, ln medium Thus c ** n iii = r\iv and 
l,u rpfore 

( 3 ) 



P»g 1 Physical basis for Snell s law 


I he refracted lav tlu normal to the surface and 
the me idc nt ia\ ilwa\s he in the same plant 

I lit rclitivt index of refraction of nudrtim 2 
wilh itspcct to th it ol medium 1 mav h« defined as 
n n i n Sue II s I iw then bee omes 

sin 0, ~ n sin 0 (2) 

lor sound md other clastic waves which require 
\ medium in which to piopagate only this last 
form has me unrig F quation (2) is iiequently used 
for light when one medium is air whose index of 
vefi action is very neuly unity 

When the wave travels from a region of low 
veloc ity (high index) to one of high vtlocity (low 
index) refraction occurs only if (n j n 4 .)sm0i 

1 Jf 0i is too I irgc ioi this it lation t> hold 
one has sm 0 > 1 which is mtaiungless In this 

case the wives are totally reflected from the sur 
face back into the fust mtdium Tht laigest 
v due that 0\ can have without total internal re 
flection taking place is known as the critical angle 
0 Thus sin 0 — r M When the angle of inn 
dence 0\ <■ 0 refraction occuis, as m fig 2 a 
When 0\ ~ 0 the emergent ia> just grazes the 
sui face ( FTg 2b) Total internal reflection (Fig 
2c) represents the onlv practical case for which 
]()()< c of the incident energy is reflected and none 
is absoibed When it is desired to change the direc- 
tion of a beam of light without loss of energy 
totally reflecting prisms are often used, as in 
prism bmoc ulars 

If waves travel thioiigh a medium having a con- 
tinuously varying index of refraction the ra\s fol- 
low smooth curves with no abrupt changes of direct 
tion Suppose (Tig 3) that n = n(y). and that the 
incident ray lies in the xy plane If 0 is the angle 
between the direction of the ray and the y axis. 


n\ *un 0 X = m sm 02 
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(a) (b) 

Fig 2 Behavior of ray traveling from medium of high 
refractive index to medium of low index (a) 0, < 0 , 


(c) 

ray is refracted ( b ) 0\ = 0 r / ray grazes surface (c 
0, "•> 0 , ray is refected 



Fig 3 Path of liqht in medium having continuously 
varying index of refraction, n = n( y) 



then Snell's law ran he written in the differential 
form 

d0 = - 1 tan 0 (3) 

an n 

In a partu u Jar rase Eq (3) can he integrated to 
give the path of the ray. 

Visible light. Man) rases of refrartton that are 
of interest orcur for visible light The refraction of 


light h\ a prism in ail affoids a partn nlaily simple 
and useful example 

As a rav passes through the prism of Fig 4 it> 
total deflec tion or deviation D — 0 1 \ 0, — f w h< i< 
4 is the vertex angle of the prism Also b\ Snell 
law 

sin 0] sin 

" * o ^ 

Sill V 2 sill 

It is found that tin deviation is a minimum w In ? 
the ia> passes through the pnsni # s> rnrnetm ill\ 
— — (that is when 0i = 0,) For minimum dt viatinn 

mu > 2 ( / + D) 

n - — ( 1 1 

f sin 1 2 1 

For a givtn pi ism the dispersion or latei il s pu id 
of tin spMtium for im d is maximiun for that w i « 
length of light which passes through tin pi ism it 
minimum deviation See Prism oimkai 

hoi most optnal materials the dispel sinn (In <i\ 
(A is the wavelength) is negative so that red light 
is hint less than him light Typical values of// <i 
optical materials range from 1 5 for ordinary <nmn 
glass 1 7 oi 18 for dense flint glass up to 2 12 
diamond For water, n is 1 11 Some special siil 
stances have even hightr values Many substanu 
show anisotropy in the refraction of light "ith 
different indues of refraction in different hru 
tions Sec Optic ai maihuais 

Tor a lens (Fig S) refraction occurs it l*’* 1 
surfaces If the lens is thin and the rays all male 
small angles with the axis of the system apphe 1 
tion of Snell’s law to the two spherical surface 
yields the well-known lens formula 


where s is the object distance from the s * * 
image distanc e, and / the focal length of the ^ 
Magnifying instruments such as binoculars 
scopes, microscopes, and projectors make 
refraction by lenses or prisms in their opc ra 
Sec Lfns, optical * 

Double refraction . Some anisotropic sing f ^ irP 
tals such as those of calcite and quartz are 
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tnn^n*. or doubly refracting, ff one looks through 
.iuh a cr>stal at a dot on a piece of paper, he secs 
two images. As the crystal is rotated in the plane of 
(fK . paper, one image remains stationary while the 
.»ther appears to rotate about it. 

Two separate rays propagate through the crystal , 
th< v are tailed the ordinary ray and the extraor 
dinary rav These rays are linearly polarized at 
angles to each other. The ordinary ray obeys 
Snell’s Jaw, the extraordinary ray in general does 
not The extraordinary ray does not propagate 
pripcndu ularlv to its wavefronts. The separation 
lu tween the two rays depends upon the direction 
n which the light travels through the ciystal rela 
ti\ e to that of the crystal’s optic axis I ight travel- 
m r parallel to the optic axis is only singly rc- 
fr k ted 

Birefringent crystals are either uniaxial or bi- 
ixial depending upon whether they have one optic 
or two They are said to he positive or nega- 
tive depending upon whether the velocity of prop- 
osition (within the crystal) of the extraordinary 
M\e is gi eater or less than that of the ordinary 
wue Galcite is a uniaxial negative crystal, quartz 
i uniaxial positive crystal The most commnnh 
U"»d biaxial crystal is mica. Doubly refracting 
<rWals are frequently employed as polarizers, 
sl,p h as the Nicol prism. See Crystal optics, 
^0IARI7FD I I(,H I . 

Hefrartometry. The measurement of indices of 
^fraction, called refrac tometrv. can be made in 
^'iral ways. A very accurate technique is to deter- 
lnin>1 ln a prism spectrometer the minimum devia- 
tion D for a prism made from the material -irf ques- 
tion The value of n is then calculated from Eq. (4) . 
N°llow prisms can be used in this manner to deter- 
mine the values of indices of refraction of various 
•'luids Alternatively, the critical angle for total 
Eternal reflection may be measured. Another 
method is to observe visually the apparent thick* 
^ of a slab of material by looking straight 
rtmugh it, and to compare this with the real 
1W as measured with a micrometer. Then 

real thickness 
n 

apparent thickness 

v ^n? ler ^ er0lnetr i c met hods are particularly con- 
lo ni for gases. In the Jamin refractometer, for 


example, a simple count of fringes as the gas is 
slowlv admitted to an initially evacuated tube in the 
optical path yields n. These techniques can also be 
used for solids, particularly when the material is 
available in the foim of thin films. .See Intfrffr- 
OMMHY 

Kefrac tometrv is un important tool in analytical 
chemistry. For example, information .about the 
composition of an unknown solution can frequently 
he obtained by measurement of its index of refrac- 
tion. See Rffhai ioivif iric anai ysis. 

Atmospheric refraction Gases have indices of 
refraction only slightly greater than unity. In, 
general, n — 1 is proportional to the density of the 
gas, or to the ratio of pressure to absolute tem- 
perature The index of refraction of the earth’s 
atmosphere increases continuously from 1.000000 
at the edge of space to 1 00029*1 (yellow light) at 
0°C and 760 mm Hg pressure. Thus celestial bodies 
as seen in the sky are actually nearer to the horizon 
than they appear to he. The effect decreases from a 
maximum of about 35 min of arc for an object on 
the horizon to zero at the zenith, where the light 
enters the atmosphere at perpendicular incidence. 
Thus the sun (and all other bodies) appears to rise 
2 oi more mm earlier (depending upon latitude) 
and to set 2 or more min latei than would be the 
case without refraction. This must be taken into 
account when the altitude of a celestial bod) is ob- 
served for navigational purposes. 

Other manifestations of atmospheric refraction 
arc the mirages and “looming” of distant objects 
which occur over oceans or deserts, where the verti- 
cal density gradient of the air is quite uniform over 
a large area. The twinkling of stars is caused by the 
rapid small fluctuations in density along the light 
path in the atmosphere. Rainbows are produced by 
the multiple reflections, refraction, and dispersion 
of sunlight by spherical raindrops. See Meteoro- 
logical optics; Mirage; Rainbow; Twinkling 

STARS. 

Other electromagnetic waves. Although retrac- 
tion is most frequently encountered for the visible 
portion of the spectrum, it is of importance for other 
electromagnetic radiation. For very-long-wave 
length radiation, the index of refraction of many 
materials is equal to the square root of the dielec- 
tric constant k. In general, dn/d\ is negative 
except in the regions of so-called anomalous dis- 
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persion near absorption hands. On the short-wave- 
length side of an absorption hand, n can be less than 
1.00. Since it is the phase velocity of the wave 
rather than the group velocity which is involved in 
the definition of the index of refraction, this does 
not represent a violation of the principle of rela- 
tivity, that is. that energy cannot he propagated 
at a velocity faster than the velocity of light in 
vacuum (see Relativity; see also Group veloc- 
ity: Phase vfeouty). At very high frequencies, 
the index of refraction of all materials is also 
slightly less than unity. .Sec Absorption (fleitho- 

MACNF.TIC RADIATION ) . 

Refraction play*, a role in the propagation 
beyond the line of sight of radio waves in the 
earth’s atmosphere (.sec Radio-wave propaga- 
tion ) . 

The interaction of electromagnetic radiation with 
more or less opaque substances is often described 
in terms of a complex index of iclraction. The real 
part of this quantity has the usual meaning for the 
small amount of light which penetrates into the 
material before it is absorbed. The imaginary part 
is a measure of the absorption. 

Sound waves. The velocity of sound in a gas is 
proportional to the square root of the absolute 
temperature. Because of the vertical temperature 
gradients in the atmosphere, refraction of sound 
can be quite pronounced. As in mirage foimation. 
to allow large-scale lefraction the tempera tuie at a 
given height must be uniform over a rather large 
horizontal area. If the temperature decreases with 
altitude (the usual situation), sound waves initially 
traveling at a small angle with the horizontal aie 
refracted upward. A sound out of doors is thus not 
normally audible at a great distance. However, if 
there is a temperature inversion (as over a bodv of 
water on a calm sunny day), the waves would lie 
refracted downward. This is the main reason that 
sound carries long distances across watei on a calm 
day. On a windy day the horizontal temperature 
strata are broken up and the sound is dissipated. 

Refraction accompanied by reflection accounts 
for the fact that large explosions are sometimes 
heard in several distinct regions at surprisingly 
large distances, with zones of silence in between. 
A temperature inversion at high levels can refract 
the waves downward into a zone of audibility. The 
sound is then reflected from the ground, and must 
again be refracted downward to give the next zone 
of audibility. See Sound; Wave motion in thuds. 

Seismic waves. The velocity of elastic waves in 
a solid depends upon the modulus of elasticity and 
upon the density of the material. Waves propagat- 
ing through the solid earth are refracted by changes 
of material or changes of density. World-wide 
observations of earthquake waves enable scientists 
to draw conclusions on the distribution of density 
within the earth. These waves may be totally in- 
ternally reflected at the boundary of the core. It was 
through such observations that the existence of the 
much denser core of the earth was first postulated. 


Refraction of compressional waves from expl 0 
sions set off on the ground is (combined with re 
flection) used in prospecting for oil, natural ^ 
and minerals which have large differences in density 
and elastic constants from the surrounding md 
See Seismology. ^ 

Water waves. The speed of water waves in shal 
low water is proportional to the square root of i| le 
depth. As the waves enter shallower water thn 
travel more slowly. As a train of waves approaches 
a coastline obliquely, its direction of travel he 
comes more nearly perpendicular to the shoie hr 
cause of refraction. See Shore processes. See also 
Optic h, ceomeirkal; Wave motion in uyn l)s 

I J.W si i 

Bibliography: M. Born and E. Wolf, PnnnpUs 
of Optics , 1959; F. A. Jenkins and H. E. White, 
Fundamentals of Optics , 3d ed., 1957. 

Refractometric analysis 

A method oi chemical analysis based on the rne«is 
u lenient of the index of refraction of a substan<f 
When light impinges on the surface ol a material 
at an angle i to the normal to the smlaie. its ( ji 
rection is changed on passing into the material h> 
that it then travels at an angle r to the normal 
The index of refraction is defined as follows: 

Index of refraction =■ - - rt™ 

sin r 

ft varies as a function of temperature and wow 
length of light, and also of pi ess u re in gases Kc 
fractive indic es are usually measuied at 20 c C using 
the yellow D line of the sodium spec! turn 'I hr in 
dices of refruction ol a few substances arc w.itei 
1.533; benzene, 15014; chloroform, 1 4461* and 
acetone. 1.3589. 

The most common type of refiactometei is tin 
Abbe refractometer. It is simple to use, i eijun mg 
but a drop or two of sample and allowing a niei- 
lirement of refractive index to be made in a numit< 
or two with a precision of 0.000 1. Moie prt*<i s> 
measurements of refractive indices, within 0.00001 



normal 


Refraction of light. 



flav be made using a dipping or immersion re- 
frattorneler, the prism of which is completely im- 
m<eTs t'i in the sample. This requires about 15 ml of 
ample and is widely used to detect trace impurities 
oi to control the quality of a product. The most 
j„ e measurements of the refractive indices ot 
^ esor solutions containing small traces of impuri- 
oes are made with an inteiferometer, based on the 
interference of light. Its precision is 0.000001. 

The measurement of refractive index is used to 
identify compounds whose other physical constants 
ire quite similar. Because minute amounts of im- 
purities often cause a measurable change in the re- 
active index of a pure material, refractive index 
, soften used as a criterion for puritv. A measure- 
ment of refractive index gi\es information as to the 
pr , )s *, amount of impuritv; it does not serve to iden- 
^ impurity. In order to give qualitative infor- 
mation, measurements would have to be made at 
(iiffeient wavelengths, a rare procedure. In s\ steins 
umtjining only two components, sm h water and 
iKnhol mixtures or aqueous salt solutions, lefrac- 
mr index is a sensitive and rapid method of detei- 
mimna the composition. See Oftk Ai mi ihods oi* 

UUMKAl AXAIYSIS; RthHA( IION Ot WAVtS. 
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Refractory 

0m of a number of ceramic materials for use in 
lindi temperature structures ot equipment The 
h rm hip h temperatures is somewhat indefinite hut 
lhiialb means abo\e about 1000°C. ot tempera- 
tures at whic h. because of melting or oxidation, 
thr ( ormnon metals cannot be used In some spe- 
i il high tern pei ature applications, the so-called re- 
liadory metals such as tungsten, molybdenum and 
Mntalurn are used 

Flic biggest use of refractories is in the steel in- 
riii"tr\ for construction of linings of equipment 
"lull j> blast furnaces, hot stoves, and open-hearth 
Inmates Other important uses of refractories are 
f»r (ement kilns, glass tanks, nonferrous metal 
ImgKal furnaces, ceramic kilns, steam boilers, and 
paper plants. Special types of refractories are used 
m rockets, lets, and nncleai power plants, Man\ re- 
tr u tnr\ materials such as aluminum oxide and 
s, li(»in carbide are also ver> hard and are used as 
akrisivos: some applications, for example, air- 
1 rj ft brake linings, make use of both eharacter- 
ls,l(v ' See ABRASIVE. 

Refidttorv materials are commonly grouped into 
( l^ those containing mainly aluminosilicates, 
those made predominately of silica. (3) those 
^ade of magnesite, dolomite, or chrome ore, termed 
Wmi refractories (because of their chemical be- 
bdMor) and (4) a miscellaneous category usually 
re h*rred to as special refractories. See Metal 
f °'TIN(,S, 

Aluminosilicate refractories. Fireclay is the 

rd * material from which the bulk (about 70^ ) of 
? rdct( >ries is manufactured. Different grades are 
d,sl, nRuished according to the softening tempera- 
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ture or pvrometric cone equivalent (PCE), the 
number of the standard pyrometric cone, which de- 
forms under heat treatment in the same manner as 
the fireclay. Thus, the minimum PCEs for low, in- 
termediate. high, and super-duty fireclays are 19, 

29, 31 / V2 . and 33. respectively. (See Pyrometric 
iont.) Fireclays are also classified by their work- 
ing properties into two other classes: plastic 
(those which form a mnldable mass when mixed 
with water), and flint (a hard, rocklike clay that 
does not become plastic when mixed with water). 

In general, flint clays have higher PCEs than plas- 
tic <la\s and aie mixed with the latter to form the 
higher grades of firebiick. See Clay, commuhial. 

High alumina refractories are made from clays 
which contain, in addition to the alumina (Al^Oi) 
iti the ( ld\ rnineials, hvdiates of aluminum oxide, 
and which are often loosely referred to as bauxite. 
These raise the total AljO> content and make the 
material moie refraitory. Different grades are dis- 
tinguished on the basis of the total Al_»Oi content 
(50, 00. 10 f r alumina refractories). 

Sillimanite and kvanite are anhydious alumino- 
silicate minerals ( \1^0 ■ SiOj ) used to make spe- 
( ial refractot v objects, such us crucibles, tubes, 
and muffles, ot used as an addition to fireclay to 
control its shrinkage during firing. 

Silica refractories. These, the second largest 
group, at count for about 15 c r of total production. 
They are made from c rushed and ground quart/ite 
( ganister ) to whii h about 2‘ ' f lime (CaO) has been 
added to assist m bonding, both before and after 
firing. The qualitv of silica refractories is to a great 
extent determined by the amount of ADOs impu- 
ritv, even small amounts having a deleterious effect 
on refractoriness This is |ust opposite to the case 
of alumina in fireclays, where a higher alumina 
content means greater refractoriness. High-grade 
silica brick contains less than 0.6^ AljOi. and 
even the standard grade contains* less than 1%. 
During firing, the mineral quartz transforms to 
ciistohalite and tridymite, the high-lemperature 
forms of silica. Since these are less dense than 
quartz, the brick expands on firing und the true 
density of the solid is often taken as a test of ade- 
quate firing An example would be the case in 
which the density of acceptably fired material 
must be below 2.35 g/c m\ The outstanding charac- 
teristic of silica is its ability to withstand high 
loads at elevated temperatures, for example, as a 
sprung-arch roof 30 or 40 ft wide over an open 
hearth. The hearth may be operated within 50° C 
of the melting point of silica. .See Silicon. 

Semisilica refractories are made from clay with 
a high silica (sand) content (over 70% total sil- 
ica) : their main advantage is their dimensional 
stability when heated, or fired. Apparently the ex- 
pansion of the silica, as sand, offsets the contrac- 
tion of the clay. 

Basic refractories. Magnesite refractories are so 
named because magnesium carbonate mineral was 
for many years the sole raw material. Since World 
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War II, sea water has become a significant source 
of magnesium oxide refractory and such material 
is often called sea-water magnesite. In any case, the 
raw material is calcined to form a material largely 
magnesium oxide, MgO; about 5% iron oxide is 
usually added before calcining. See Magnesite. 

Chrome refractories are made from chrome ore, 
a complex mineral containing oxides of chromium, 
iron, magnesium, aluminum, and other oxides crys- 
tallized in the spinel structure. These crystals are 
usually embedded in a less refractory matrix called 
gangue. .See Chromite. 

In an attempt to combine the best properties of 
each, magnesite and chrome are often mixed to 
form chrome-magnesite or magnesite-chrome re- 
fractories (the first named is the dominant constit- 
uent ) . 

Dolomite is a mixed calcium-magnesium carbon- 
ate, CaMg(C0:i)2, which, when calcined to a mix- 
ture of MgO and CaO, is used in granular form to 
patch the bottoms of open hearths and also to make 
bricks. 

Miscellaneous materials. Special refractories 
are made of a great many materials, and it is pos- 
sible to mention here only a few of the more impor- 
tant. 

Silicon carbide (SiC) is used for many refractory 
shapes, its outstanding properties being good ther- 
mal and electrical conductivity (it is used to make 
electric heating elements for furnaces), good heat- 
shock resistance, strength at high temperatures, 
and abrasion resistance. The first silicon carbide 
refractories were bonded with clay, so that the re- 
fractory properties of the bond placed the ultimate 
limit on the material. A method of making self- 
bonded silicon carbide has been developed to re- 
move this limitation. Although silic on carbide tends 
to oxidize to form SiO^ and either CO or COa, the 
silica-oxidation product forms a glassy coating on 
the remaining material and to a certain extent 
protects it from further oxidation. 

Insulating firebrick is made from refractory clays 
to which a combustible material (sawdust, cork, 
coal) has been added; when this burns during the 
firing operation, it leaves a brick of high porosity. 
The low thermal conductivity of insulating brick 
reduces heut losses from furnaces, and the low hulk 
density and consequent low heat capacity re- 
duce the amount of heat needed to bring the fur- 
nace itself up to temperature. The main disadvan- 
tage of such bricks is their low strength, but even 
this is useful in that they can be cut or ground to 
shape quite readily. 

Pure oxides, of which alumina (AI 2 O 3 ) is the 
prime example, are used for many special refrac- 
tories. Some, such as beryilia (BeO), thoria 
(TI 1 O 2 ), and uranium oxide (UO 2 ), are of particu- 
lar interest for nuclear applications. 

Carbides, nitrides, borides, silicides, and sulfides 
of various sorts have been considered as refrac- 
tory materials and some study made of them ; aside 
from a few carbides and nitrides, however, none 
have found much use. 


Cermets are an intimate mixture of a metal and 
a nonmetal, for example, AlaO.i and chromium, Al" 
though the nonmetal may be an oxide, it i s morp 
commonly a carbide or nitride (as in cemented 
tungsten carbide) . See Cermet. 

Carbon, generally in the form of graphite j s 
used for such equipment as crucibles and as stop 
per nozzles in ladles for steel casting. A potentially 
very large use of carbon is in blocks for construe, 
tion of blast-furnace hearths. Graphite has very 
good thermal-shock resistance and moderate el^. 
trical conductivity, does not melt but rather sul). 
limes at a significant rate only at temperature 
well above 300Q°C, is quite inert chemically, and k 
wet by very few molten materials. Its main disad- 
vantage, common to all nonoxide materials at high 
temperatures, is thfct it oxidizes; since the products 
are all gaseous, they offer no protection againsi 
further oxidation. See Graphite. 

Manufacture of refractories. Standard ceramic 
techniques are used (sec Ceramic: technology) 
Hand molding, once widely used, is used today on]\ 
for special shapes and small orders. The extrusion 
or stiff mud process is used for plastic fireclays, 
very often the extruded blanks are repressed or 
hydraulically rammed to form special shapes, for 
example, T-sections of refractory pipe. Power press, 
ing of simple shapes is the most widelv used form- 
ing method. Hot pressing and hydrostatic pressing 
are used for some special refractories. Slip casting 
is used for special refractory shapes. Fusion cast 
ing is commonly used for glass tank blocks; thesr 
are ^ither mainly AluO.i or Al-0.< with significant 
amounts of SiOj, ZrO-j, or both. 

Refractories are generally fired in tunnel kilns 
but some periodic kilns are still used, particular 
for special shapes. See Kiln. 

Some types of basic refractories, known as chcrn 
ically bonded, are pressed with a chemical hinder 
such as magnesium oxychloride, and installed with 
out firing. Some of these, the steel-clad refra<- 
tories, are encased in a metal sheath at the time of 
pressing. When the refractory is heated after in 
stallation, the iron oxidizes and reacts with the 
refractory, forming a tight bond between the in- 
dividual bricks. 

In all refractory products and in unfired brnk in 
particular, the maximum possible formed densit' 
is desired. To this end, careful crushing and sizing 
of raw materials are carried out so that, as far a* 
possible, the gaps between large pieces are fillet 
with smaller particles, and the space between these 
with still smaller, and so on. In the case of clay re- 
fractories, it is customary to use prefired ( ca 
cined) clay or crushed, fired rejects (both a rt * 
known as grog) to increase the density and to re 
duce the firing shrinkage. 

Properties of refractories. A high melting P 01 " 
is of course necessary in a refractory, but man> 
other properties must be considered in choosing 
refractory for a specific application. 

A definite melting point is characteristic of 
materials; actual minerals from which refractor* 



rP made, for example clay, are far from pure and 
^nce do not melt at a specific temperature. Rather, 
they form increasing amounts of liquid as the tem- 
jn-rjlure is increased above a certain minimum tem- 
perature at which liquid first appears. This charac- 
teristic of gradual softening is specified by the 
pCE of the material. 

High-temperature strength is important for re- 
fractories, but most materials become plastic and 
flow at elevated temperatures. Therefoie, the late 
of flow (creep rate) at a given temperature under 
{ given load is a more important design criterion. 

\ knowledge of the thermal expansion of high- 
temperature materials is important, first, so that 
allowance can be made in furnace construction 
(long tunnel kilns must be built with expansion 
joints of several inches every 10 ft or so), and sec- 
md, because of its relation to thermal-shock re- 


.htance. 

Thermal conductivity determines the amount of 
In at that will flow through a furnace wall under 
ai\cn conditions, and a knowledge of this property 
ufvscntial to furnace design 
Thermal-shock ipsistance is the ahilit\ of a speci- 
ii, i n to withstand, without cracking, a di (faience in 
iniipciatiiie between one part and another For 
ix.implr, if a led-hot hi ick is dropped into cold 
w ilt*r it is likelv to shatter since the outside cools 
md contracts while the center is still hot. This 
larking is often referred to as thermal spalling, 
the term spalling meaning an\ cracking off of large 
pa < es ot hi ick Other causes of spalling are me- 
‘Iwinnal f hitting the brick and knocking off a 
piece) and structural (a reaction in the brick 
" tnch changes the mineral structure and causes 
inking). Thermal-shoe k resistance is enhanced 
hv hmh strength, low Young's modulus, low theimal 
tspansion, and sometimes, depending on eondi- 
high thermal eonductivitN Whether or not a 
. r i\cn specimen cracks under heat shock defiends 
,l °t nnlv on the material of w T hich it is made, but 
‘l so on its si/e and shape and on the test eondi- 
,lu ns for example, whether it is dropped into water 
,,r mto still ait at the same temperature. 

Uiemical properties of various kind are of im- 
portanc e in refractories. For example, the tend- 
of the magnesium oxide in basic brick to hv- 
diaie. that is to react with water to form Mg{OH)j, 
'hnuld he as low as possible. Turning to high- 
'nnperature chemistry, the rate of corrosion of 
n factories by molten slags and iron oxide fumes 
ls 'iUl to the length of service rendered. Reference 
,0 f »Ppiopriate phase equilibrium diagrams mav 
! ' onir indication of which combinations of slag 
and refractory will react; but in most application*. 
cI( Pm 1 tests are needed to make any precise pre- 
|( linn^. The rate of corrosion depends to a great 
^ xrp nt on such physical factois as the porosity of 
1 factory and whether or not it is wet by the 

Carbon deposition is another chemical reaction 
^ affects the life of refractories. The reaction 
with the refractory, but is catalyzed by sub- 
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stances in it. When carbon monoxide, perhaps in 
the top of a blast furnace, comes in cop tact with 
certain iron compounds which can occur in fire- 
clays, its reduction to carbon is catalyzed. This car- 
bon deposits at the site of the catalyst in the brick, 
and causes the brick to shatter. The effect is most 
pronounced around 500°C; much below this tem- 
perature, the rate of reac tion is too slow, and much 
above it, the equilibrium oxygen pressure neces- 
sary for the reduction is lower than is found in 
practice. Although the reaction is not completely 
undei stood, it lias been found that high-tempera- 
tiue firing of the fireclay refractories converts the 
iron to a form which does not catalyze the carbon 
deposition. 

The bursting of spinel (chrome) refractories in 
contact with iron oxide is another high-tempera- 
ture chemical reaction; it is not thoroughly under- 
stood. hut appears to he related to oxidation and 
reduction reactions in the refractory. [m.c.m.1 

Bibliography'. J. H. Chesters, Stee/plant Refrar- 
Iona, ‘2d ed. rev.. 1 ( JS7; F. H Norton, Refractories , 
deled. 1W) 

Refrigerated truck 

\ t\pe of insulated truck (or trailer) equipped 
witli a means for keeping the interior cool for the 
hauling of fiesh perishables, or below freezing for 
the hauling of fro/en products. High-temperature 
truck bodies have 3-4 in. of light-densitv butt or 
hoard insulation for transporting fresh commodi- 
ties at 35°F to 40°F. Low-temperature truc k bodies 
haw 6 in. of insulation for transporting frozen 
products at 0°F or lower temperature. Mechanical 
refrigeration, water ice. drv ice (solid CCL ) or eu- 
tectic holdover plates mav he used for cooling. The 
holdover plates, filled with brine, are cooled down 
at night at a central refrigeration plant. Heating 
often must he provided for winter operation. See 
Dry ir i * Rmti(,FR vtion. [h.m hi .| 

Refrigeration 

The cooling of a space or substance below the en- 
vironmental temperature. The art was known to the 
ancient Egyptians and people of India, who used 
evaporation to cool liquids in porous earthen jars 
exposed to dry night air; and to earlv Chinese, 
(, reeks, and Romans, who used natural ice or snow 
stored in underground pits for cooling wine and 
other delicacies. In the late eighteenth and early 
nineteenth centuries natural ice cut from lakes and 
ponds in winter w’as stored underground for use in 
summer. The technique of mechanical refrigeration 
began with the invention of machines for making 
artificial ice. Great strides have been made in the 
past 50 years in the application of mechanical re- 
frigeration to fields other than ice making, includ- 
ing the direct cooling and freezing of perishable 
foods and air conditioning for industry and human 
comfort. 

Mechanical refrigeration is primarily an applica- 
tion of thermodynamics wherein the cooling me- 
dium, or refrigerant, goes through a cycle so that 
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it can be recovered for reuse. The commonly used 
basic cycles, in order of importance, are vapor- 
compression, absorption, steam- jet or steam-ejec- 
tor, and air. Each cycle operates between two pres- 
sure levels, and all except the air cycle use a two- 
phase working medium which alternates cyclically 
between the liquid and vapor phases. 

Vapor-compression cycle. The vapor-compres- 
sion cycle (Fig. 1) consists of an evaporator in 
which the liquid refrigerant boils at low tempera- 
ture to produce cooling, a compressor to raise 1 the 
pressure and temperature of the gaseous refriger- 
ant, a condenser in which the refrigerant discharges 
its heat to the environment, usually a receiver for 
storing the liquid condensed in the condenser, and 
an expansion valve through which the liquid ex- 
pands from the high-pressure level in the con- 
denser to the low-pressure level in the evaporator. 
This cycle may also be used for heating if the use- 
ful work is taken off at the condenser level instead 
of at the evaporator level (.see II *. w I’UMP). 

The theoretical vapor-compiession cycle can best 
be analyzed on the pressure-enthalpv or tempera- 
ture-entropy coordinates for a two-phase fluid 
(Fig. 2). Enthalpy is a parameter replacing heat 
content. It equals internal energy plus the product 
of the pressure and the volume divided hy 778 and 
is expressed in units of Btu per lb. Entropy is a 
parameter obtained by dividing the heat flow In 
the average absolute temperature during the 
change. It is expressed in units of Btu per lb per 
degree Hankine (°K — °F -+ 460). Process ] 2 
represents adiabatic (constant enthalpy) expan- 
sion; 2 3', constant temperature (and pressure) 
evaporation; 3' 3, suction superheating at constant 
pressure; 3 4, ideal frictionless adiabatic (constant 
entropy) compression; 4 4', removal of discharge 
superheat at constant pressure; 4'-!', condensa- 
tion at constant pressure (and temperatuie) ; and 
l'-l. liquid subcooling at constant pressure. 

The efficiency of a heat-power cycle is defined as 
the ratio of useful output to energy input. For a 
heat engine, efficiency is less than unity. Efficiency 




entropy, s (Btu lb deg. Rankine) 


Fig. 2. Vapor-compression cycle shown on (a) pres 
sure-enthalpy diagram and (b) temperature entropy 
diagram. 

/ 

is not very meaningful for the refiigeiation ami 
heal- pump cycles, where instead the term coellii iwii 
of performance (CP) is used. Keterring to ilit 
theoretical cycle (Fig. 2), the refrige] ation Cl' 1 
the ratio of cooling effect in evaporator 2 3 to <om 
pressor energy input 3 4 and the heat-pump ( V h 
the ratio of heating effect in condenser k 1 to (< u 
pressor energy input 3-4. The coefficient of pn 
formance may be considerably greater than unit' 
and the theoretical heat-pump CP is 1 plus refi ig 



Fig. 1. Vapor-compression cycle. 










Refrigeration 413 


f rd t ion CP For theoretical cycles operating be 
(vsee n the same temperature levels, the heat pump 
(P m the reciprocal of the heat engine efficiency 
Absorption cycle. The absorption c yc le ac 
(0 nipb^ ies compression by using a setondarv fluid 
1( , absorb the refrigerant gas which leaves the 
f viporator at low temperature and pressure Heat 
is applied by means such as steam or gas flame, to 
distill the refrigerant at high temperature and pres 
The most used refrigerant m the basic cycle 
j-ig I) is ammonia, the secondary fluid is then 
The condenser, receiver, expansion valve 
md evaporator are essentially the same as in any 
\apoi compression cycle The compressor is r< 
plucd bv an absorhei generator pump lie at ex 
lunger and reducing valve 
The operation of the cycle is based on tlu pun 
iple that the vapor pressure of a lefrigerant is 
fueled h\ the addition of an absoibent having a 
| wt r \ apor pressure, and the gieatcr t tie quantitv 
f lhsorhent used the more the depiession of the 
\ ipor pressure of the lefngeianl (sec Damons 
i \v\ ) LU maintaining the solution in the absorhei 
it the pi ope r temperature and c one entiation the 
i pi i pressure ot the solution can he kept lowc r 
ih 11 tint of the refrigerant in the evaporator 
s| iiung the weak solution in the absorber will 
the n ( iuse the lefrigeiant vapoi to flow from the 
\ ipoi itoi to the absorhei The stiong solution 
this formed m ihf absorhei is then pumped llnough 
he it e\e hanger to the generateu wheif lie at is 
tilled to lelcise the lelngeiant vapor I he n fol 
1 w (ondensation expansion and evaporation as 
in the st md lrd vapor e compression cycle Except 
f r sm ill units an indirect system is used wheiein 
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Fig 5 Temperature entropy diagram (steam elector 
cycle) 


brine is tooled and rm ulated to the actual refrig 
eration load 

For air conditioning water is the refrigerant and 
lithium bromide is the absorbent In terms of the 
basic absorption cycle (Fig 3), from 1 to 2 the 
high pressure liquid refrigerant is expanded into 
the evaporatox where hi me is usualh cooled from 
2 to \ the low pressme refrigerant vapor is drawn 
into the absorber from 3 to 4 the low pressure 
refrigerant vapoi is absorbed in the weak solution 
from 4 to S the low pressure strong solution is 
pumped through the heat exchanger to the high 
pressure geneiator and fiom b to 6 heat is applied 
to drive off the lefugerant vapor and force it into 
the condenser The hot weak solution drains back 
to the absorber through the heat exchanger and 
pressure reduc mg valve 

Steam-jet cycle. The steam jet cycle uses water 
as the refrigei ant High velocity steam jets provide 
a high vacuum in the evaporator, causing the water 
to boil at low temperature and at the same time 
compressing the flashed vapor up to the condenser 
pressure level Its tise is limited to air conditioning 
and other applications for temperatures above 32°F 

The basic steam jet or ejector cycle (Fig 4) is 
usually analyzed on temperature entropy coordi- 
nates (Fig 5) High pressure motive steam 
(Fig 4) at 1 is expanded to a low absolute pressure 
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Fig. 6. Open air-cycle bootstrap system for airplanes. 


at 2 through a converging-diverging nozzle. Path 
1-2 (Fig. 5) is the ideal expansion and 1 2 ' the 
actual expansion allowing lor nozzle friction. Watei 
vapor in the evaporator at 3 is entrained J» the 
motive steam at 4. the lattei having lost some ot its 
energy from 2' to 4 because the entrainment elh- 
ciency is rather low. The motive steam at 4 plus l he 
entrained moisture at 3 are forced through the ven- 
turi tube where the velocity of the incoming mix- 
ture is reduced and converted into pressure head 
in the condenser at (). Path 5 6 is the ideal com- 
pression and 5 6' the actual compression taking 
into account compression elliciency. Typical effi- 
ciencies are nozzle 88 r/ , , entrainment 65 ( / ( , and 
compression 80 f i . 

In the evaporator or flash chamber, part of the 
water is evuporatod to cool the rest of the water, 
which is circulated to the cooling load. Make-up 
water must be added from 7 to 8. Typical operating 
conditions are 100°F (2 in. Hg absolute pressure) 
in the condenser and 40°F (0.25 in. Hg abs. press. ) 
chilled water in the evaporator. The condensate 
from ihe condenser is pumped back to the boiler; 
secondary ejectors, or vacuum pumps, ate recpiired 
to remove the air and maintain the high vacuum. 
Considerably more water is required for condensing 
than for a vapor-compression system of the same 
capacity. 

Air cycle. The air cycle, used primarily in air- 
plane air conditioning, differs from the other cy- 
cles in that the working fluid, air, remains as a gas 
throughout the cycle. Air coolers replace the con- 
denser, and the useful cooling effect is obtained by 
a refrigerator instead of by an evaporator. A com- 
pressor is used, but the expansion valve is replaced 
by an expansion engine or turbine which recovers 
the work of expansion. Systems may be open or 
closed. In the closed system, the refrigerant air is 
completely contained within the piping and com- 
ponents, being continuously reused. In the open sys- 
tem, the refrigerator is replaced by the space to be 


cooled, the refrigerant air being expanded direct! 
into the space rather than through a cooling c 0 j| 

One of the typical open air-cycle systems used ,> n 
airplanes is called the ‘"bootstrap” system (Fig ^ 
It may be analyzed theoretically on the tempera 
ture-entropy coordinates (Fig. 7). From 1 to 2 
ambient air is compressed ideally in the engine or 
supercharger of the airplane. Part of this hi^}, 
pressure air is bled through a primary heal ex- 
changer where it is cooled from 2 to 3 by Tarn air 
that is, ambient air compressed by the forward rno 
tion of the airplane. From 3 to 4 this air is tuuhn 
increased in pressure by the compressor of tht 
refrigeration machine; from 4 to 5 the air is cooled 
by ram air in the cooler or secondary heat e\ 
changer; and irofn 5 to 6 the air is further cooled 
in the expansion turbine, ideally without moisture 
However, there is entrained moisture, about 70 r ( 
of which is removed hy the water separator, icsuli 
ing in an approximate path 5-6' as the air is 
warmed hy the heal given up bv the condensation 
and removal of this moisture. The balance of the 
moisture evaporates in the cabin and contributes to 
the cooling effect 6' 7, where 6' is the diy-an rated 
temperature of the air as it entcis the cabin. l)r\ 
air rated temperature is the tempeiature wlndi 
would be attained hy the expansion of the rehign 
ant air in the absence oi any moislme condensation 
Refrigerant air at 7, having absorbed the heal load 
in the cabin, is icleased ovei board through a in- 
sure- relief device. The equipment is proportioned 
so that the work of expansion i «■* recovered and i- 
sufficient to drive the compressor and the cooler I an 
to approximate constant entropy expansion and 
compression. However, compressor and lutlmn 
efficiencies and heat-exchanger pressure dr »j»" 
neglected in this analysis, reduce the* ideal }>m 
formance. 

Refrigerants and equipment. The working fluid 
in a two- phase refrigeration cycle is called a refi ig 
erant. Commonly used refrigerants are listed in tin 
table. Ammonia and Freon-22 are most lrnpoi tani 
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Table of common refrigerants 


Refrigerant 

trade 

name 

ASREt std 
refrigerant 
number 

Chemical 

formula 

Boiling point 
at otni press 
in °F 

\ir 

72Q 


-318 

\„,nionin 

717 

Nila 

—28 

( irbon 
dioxide* 

744 

COi 

-109 (sublimes) 

f i eon 1 1 

11 

CCliF 

74 8 

1 r« on- 12 

12 

CClaFj 

-21 6 

l r* on 2 1 

21 

CHCloF 

48 1 

1 n-on-22 

22 

CflCIFi 

-41 4 

From 1 11 

111 

C 2 CbF 4 

38 4 

Methyl 
< hlonde* 

40 

CHaCL 

-10 8 

M< thy lone 
(blonde* 

30 

C1I,CI 2 

105 2 

Nilliir 

liowir* 

764 

SO, 

11 

\N ilcr 

718 

11.0 

212 


* Seldom used loi now installations in the T r S 

♦ Vmeinar Society of Heating Hefrigeral ing and Air 
( omlilioiinu? Engineers 


to i industrial refrigeiation, Freon-11 and Ficon- 12 
for commercial and air conditioning work where 
nnntoxic refrigerants are necessary A secondary 
noling liquid that does not change fiom the liquid 
phase is railed a brine. Solutions of sodium < blo- 
nde m calcium ehloiide in water are frequently 
used as circulating brines in refrigeration systems 

( ompiessors Refrigeration compressor ma\ be 
posiu\e displac ement of tin* reel prorating, rotar v. or 
ara» t\pe for high- and medium pressuie differ en- 
tnls or of the centrifugal type for low pressure 
diffneritials Early ammonia compressors were 
horizontal. double acting, slow-speed units built 
like steam engines. Modern recipi creating com- 
pressors are vertical, single-acting. multi-cylinder, 
highspeed units built like automobile engines. Am- 
monia and other large compressors require watei 
Mcketing whereas most Freon compressor cylinder*- 
ue air cooled. 

Condenser s. Refrigeration condenseis may be 
nr (f >uled for small and medium capacities; or 
^atei cooled of the shell-and-tube. shell-and-c oil, or 
double-pipe types. Because of the large quanti- 
,u ' s of condensing water required, cooling towers 
or snray ponds are commonly used to recool the 
WalPr for reuse. An evaporative condenser is a de- 
' Jip combining a condensing coil and a forcAbdraft 
•oolmg tower in a single unit. 

huporators. Refrigerant evaporators are the 
'oohng units placed in the room or fluid to he 
(, '°lecl. Plain pipe coils or finned coils, with or 
"rthout forced circulation of the fluid being cooled, 
arp commonly used. Shell-and-tube coolers, or tankas 
wetted or submerged cooling coils, are frq- 
mucmI} nse( j w j lere water or brine is circulated as a 
>e u»ndary cooling medium. 

sponsion valve. The main flow control in a va- 
^r-compression system is the expansion valve. It 
Jttmts the liquid refrigerant to expand from the 
SlJ R 1 P res< ture in the condenser to the lower pres- 
°hV n • t ^ le eva P orator * The expansion causes part 
e liquid to evaporate and thereby to cool the 
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remainder to the evaporator temperature. A float 
valve with a throttling orifice is often used instead 
of an expansion valve to provide flooded control and 
maintain a fixed liquid level in the evaporator. In 
domestic refrigerators, a capillary tube restricts 
flow from condenser to evaporator. For complete 
automatic operation, additional controls are re- 
quired to maintain the desired temperature in the 
evaporator, to regulate the compressor operation 
and the flow of the condensing medium, and to 
provide safety protection. See Cold storage ; 
Cooling iowfr; Dry ic f ; I< k manuf ac turf.; Ma- 
rine RFFRfGFRAIION ; KIM, HOUSE; Rf.FRJGER- 
UKD truck; Refrigerator; Rffkigirator car. 

[h.m.hf.] 

Ribliography : Ameiiean Societv of Heating Re- 
frigerating and Air-Conditioning Engineers, Heat- 
ing, Ventilating , Air Conditioning Guide , 1959; W. 
Stoecker, Refrigeration and Air Conditioning , 1958. 

Refrigeration cycle 

A sequence of thermodynamic processes whereby 
heat is withdrawn from a cold body and expelled 
to a hot body. Theoretical thermodynamic cycles 
consist of nondissipative and frictionless proc- 
esses (iec Thfrmodynamh procfssfn). For this 
reason, a thermodynamic cycle tan he operated in 
the forward dilection to produce mechanical power 
fiom heat energy, or it can he operated in the re- 
veise direction to produce heat energy {see Hfat 
im mi*) from mechanical power. The reversed cycle 
is used primarily for the cooling effect that it 
produces during a portion of the cvcle and so is 
called a refrigeration c\< le 

In the refrigeration cycle a substance, called the 
refugerant, is compressed, cooled, and then ex- 
panded In expanding, the refrigerant absorbs heat 
from its surroundings to provide refrigeration. Af- 
ter the refrigerant absorbs heat from such a source, 
the cvcle is lepeated. Compression laises the tem- 
perature of the refrigerant al>o\e that of its natural 
surroundings so that it can give up its heat in a 
heat exchanger to a heat sink suc h as air or water. 
Expansion lowers the refrigerant temperature be- 
low the temperature that is to be produced inside 
the cold compartment or refiigerator. The se- 
quence of processes performed by the lefrigerant 
constitutes the refrigeration cvcle When the refrig- 
erant is compressed mechanically, the refrigerutive 
action is called mechanical refrigeration. 

There are many methods by which cooling can be 
produced (.see Rki rigeration) . The methods in- 
clude the noncyclic melting of ke, or the evapora- 
tion of volatile liquids, as in local anaesthetics; 
the Joule-Thomson effect, which is used to liquify 
gases; the reverse Peltier effect, which produces 
heat flow from the cold to the hot junction of a 
bimetallic thermocouple when an external emf is 
imposed; and utilization of the paramagnetic effect 
to reach extremely low temperatures ( see Para- 
magnetism). However, large-scale refrigeration or 
cooling, in general, calls for mechanical refrigera- 
tion acting in a closed system. 
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Reverse Carnot cycle. The purpose of a refrig- 
erator is to extract as much heat from the cold 
body as possible with the expenditure of as little 
work as possible. The yardstick in measuring the 
performance of a refrigeration cycle is the co- 
efficient of performance, defined as the ratio of the 
heat removed to the work expended. The coefficient 
of performance of the reverse Carnot cycle is the 
maximum obtainable for stated temperatures of 
source and sink. Figure 1 depicts the reverse Carnot 
cycle on the 7’-.s plane. 

The appearance of the cycle in Fig. 1 is the same 
as that of the power cycle, hut the order of the cy- 
clic processes is reversed. Starting from state 1 of 
the figure, with the fluid at the temperature Th of 
the hot body, the order of cyclic events is as fol- 
lows : 

1. Isentropic expansion, 1 2, of the working 
fluid to the temperature T, of the cold body. 

2. Isothermal expansion, 2 3, at the temperature 
T e of the cold body during which the cold body 
gives up heat to the working fluid in the amount 
Qt , represented by the area 2 3 -b-a. 

3. Isentropic compression, 3-4, of the fluid to 
the temperature Th of the hot body. 

4. Isothermal compression, 4 1, at the tempera- 
ture Th of the hot body. During this process, the 
hot body receives heat from the working fluid in 
the amount Qh represented by the area 1 -4 b a. 
The difference Q H ~ Q» represented by area 1 2- 
3-4 is the net work which must be supplied to the 
cycle by external systems. 

Figure 1 indicates that Q ( and the net work 
rectangles each have areas in proportion to theii 
vertical heights. Thus the coefficient of perform- 
ance, defined as the ratio of Q t to net work, is 
T./iTn-T'). 

The reverse Carnot cycle does not lend itself to 
practical adaptation because it requires both an 
expanding engine and a compressor. Nevertheless, 
its performance is a limiting ideal to which actual 
refrigeration equipment can he compared. 

Modifications to reverse Carnot cycle. One 
change from the Carnot cycle which is always 


Th 
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Fig. 1. Reverse Carnot cycle. 




Fig. 2. Vapor-compression refrigeration cycle substi 
tutes valve for expansion engine. 

made in real vapor-compression plants is the miI» 
stitution of an expansion valve for the expansion 
engine. Even if isentropic expansion were po^siliU 
the work delivered by the expansion engine would 
be very small, and the irreversibilities piesent in 
any real operations would further reduce the woik 
delivered by the expanding engine. The sul^ti 
tution of an expansion valve, or throttling orjfne 
with constant enthalpy expansion, changes th< tin* 0 ’ 
retical performance but little, and greatlv smipli 
fies the apparatus. A typical vapor-compression re 
frigeration eyrie is shown in Fig. 2; it is essential!' 
a reverse Rankine cycle. The irreversible adiabatn 
expansion 1 2 differs only slightly from the vcrtica 
isentropic expansion. 

Another practical change from the ideal Carnot 
cycle substitutes dry compression 3-4 for wet coni 
pression e-d in Fig. 2, placing state 4 in the 
heat region above ambient temperature; the P r ^ 
ess is called dry compression in contrast to the * 
compression of the Carnot cycle. Dry corn 5* 
introduces a second irreversibility by exceeding ^ 
ambient temperature, thus reducing the coe 
of performance. However, dry compression ^ * 
ally preferred because it simplifies the opera ^ 
and control of a real machine. Vapor g* ves 
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Fig. 3. Reverse Brayton cycle, or dense air refrigera- 
tion cycle. 


rrydilv observable signal as it approaches and 
parses point e in the course of its evaporation, but 
it would undergo a temperature rise if it accepted 
beat beyond point 3. This cycle, using dry com- 
pletion. is the one which has won overwhelming 
a*' vrptance for refrigeration work. 

Reverse Brayton cycle. The reverse Biavton cy- 
1 Ic constitutes another possible refrigeration cycle: 
it was one of the first cycles used for mechanical 
refrigeiation. Before Freon and other condensible 
fluids were developed for the vapor-compression cy- 
•If refrigerators operated on the Brayton cycle, 
i^ing air as their working substance. Figure 3 pre- 
srn,s die schematic arrangement of this cycle. Air 
undergoes isentropic compression, followed by re* 
w,,, 'ihle constant-pressure cooling. The high-pres- 


air next expands reversibly in the engine an 
( diaiis|s ] ow temperature. The cooled air pass< 
ihruu^h the cold storage chamber, it picks, ftp he; 
,lt r, *nsiant pressure, and finally returns to the su 
tiun sifl e u f compressor. 

temperature-entropy diagram. Fig. 3, poin 
11 p disadvantage of the dense air cycle. If tl 
f, ‘niperature at r represents the amhient, then tl 
°" ly Wa y that air can reject a significant quantil 
*' 1( ‘ a * along the line b-c is to have b considerabl 
l ^ UT than c Correspondingly, if the cold hod 
temperature is a, the air must he at a muc 
| >v \ Pr temperature in order to accept heat alor 
l ' at ' H a reverse Carnot cycle were used with 
,| ftr fl ,n S Sl *h^tance undergoing changes in stat 
would traverse path a-/-c-e instead of pal 
reverse Carnot cycle would accept moi 
eat along path c-a than the reverse Brayton eye 
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removes from the cold body along path d-a. Also, 
the work area required by the reverse Carnot cycle 
is much smaller than the corresponding area for 
the reverse Brayton cycle, hence the preference for 
the vapor-compression c>cle in refrigeration prac- 
tice. Sec Thermodynamic cycle. fj.B.] 

Refrigerator 

An insulated, cooled compartment. If it is large 
enough for the entry of a man, it is a walk-in box; 
otherwise it is a reach-in refrigerator. Cooling may 
he by mechanical or gas refrigeration, by water or 
dry ice, or by brine circulation. Temperatures 
maintained depend upon the requirements of the 
product stored, generally varying from 55° F down 
to 0 n F, and sometimes lower. 

A household or domestic refrigerator is a fac- 
tory-built, self-contained cabinet having a total 
storage space of less than 16 ft :} (as illustrated ) . 
Modern designs have a main compartment for hold- 
ing food above freezing, a second compartment for 
storage below freezing, and trays for the freezing 
of ice cubes. The cabinets are usually all metal 
with 2-3Vj in. of insulation. The refrigeration unit 
is usually electric-motor driven, hut gas refrigera- 
tors motivated hv the thermal energy of burning 
gas are used extensively in areas where cheap natu- 



Back of domestic refrigerator with portions of case 
and insulation cut away to show construction. (Philco 
Corporation) 
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r&l gas is available. Low-temperature household re- 
frigerators, or home freezers, for the storage of 
frozen foods are manufactured in both the chest 
and the upright, or vertical, types 

A commercial refrigerator is any factory-built 
refrigerated fixture, cabinet, or room that can read- 
ily be assembled and disassembled, in contrast to a 
built-in refrigerator. Commercial or built-in refrig- 
erators are used in restaurants, markets, hospi- 
tals, hotels, and schools for the storage of food and 
other perishables. A meat cooler is a refrigerator 
held at about 33°F for the storage of fresh meats. 
Refrigerators for lower temperatures down to 0°F 
and below are called freezer boxes. Insulation 
thicknesses vary from 3 8 in. depending upon the 
service. In markets and stores, commercial display 
refrigerators may be of the self-service type from 
which the customer helps himself. Both vertical 
types with glass doors, which the customer opens, 
and chest types with open tops are used. Electric 
refrigeration units may be built into each fixture, 
or remotely located. See Cold storage; Refrig- 
eration. [h.m.he.1 

Refrigerator car 

An insulated railway freight car provided with cool- 
ing equipment for transportation of perishables un- 
der controlled temperature to prevent deterioration 
in transit. Temperatures range from 65°F for ba- 
nanas to below 0°F for frozen products; 4 4 Vi in. 
of insulation are recommended. Mechanical refrig- 
eration is fast hecoming popular; but the standard 
method of cooling has been with ice. or ice mixed 
with up to 30 °/c salt (NaCl). Ice bunkers are pro- 
vided at each end of the car, with fan circulation 
often included. Alternatively, the car can he venti- 
lated without being cooled or heated. Tariffs vary 
accordingly. See Refrigerated truck; Refrigera- 
tion. [h.m.he.] 

Regeneration (biology) 

The replacement by an organism of parts of the 
body which have been lost or severely injured. The 
term i9 comprehensive and covers a wide range of 
restorative activities in a variety of organisms. Some 
authors prefer to use the term reconstitution rather 
than regeneration. 

There is a long record of observations and ex- 
periments on regeneration. References to the phe- 
nomenon are found in Aristotle and Pliny. The first 
extensive experiments on record are those of Abra- 
ham Trembley, who studied fresh-water hydras. 
The results of this work, begun in 1740, aroused 
wide interest and soon led to the testing by other 
naturalists of the regenerative capacities of a num- 
ber of organisms. C. Bonnet, 1745, was among the 
first to study regeneration in worms, and of par- 
ticular interest is the work of L. Spallanzani, 
1768, who is credited with the first regeneration 
experiments on the limbs and tails of amphibians. 

REGENERATIVE CAPACITY 

The capacity for regeneration varies greatly 
among different groups of organisms. Among the 


invertebrates, many of the hydroids, flatworms, an 
nelids, echinoderms, and arthropods can replay 
major portions of the body. In certain instances 
particularly in sponges, a few cells or a small 
fragment of the original organism is capable of 
reconstituting a completely new individual. I n th* 
vertebrates, the highest capacity for regeneration 
is found in the Amphibia, of which many species 
can regenerate a complete limb, a tail, portions of 
the eye, the lower jaw, and a number of 0 th er 
highly organized structures. 

As a rule, the structures formed as a result 0 f 
regeneration are duplicates of the original strut-, 
lures and possess all of their functional charac- 
teristics. Under some circumstances, however, the 
regenerate may he of a different type* than the origi- 
nal structure. After removal, the eye of a crustacean 
may be replaced by an antenna. A head mav be 
formed at the posterior end of a flatworni instead 
of a tail. An amphibian limb may regenerate su- 
pernumerary limbs that were not prevh usly pres- 
ent. 

Many organisms, both invertebrate and verte- 
brate, although they may he incapable of regener- 
ating complex organs or major portions of the 
body, have the capacity for reconstituting vaiioie* 
types of tissues. Examples are the continual or 
periodic replacement by various animals of skin 
scales, feathers, teeth, antlers, the ^lining of the 
alimentary canal, and some components of the re- 
productive tract. Such activities, which represent a 
phase in the normal life cycle of an individual, arc 
often referred to as repetitive or physiological re 
generation. Wound healing and the repair of hone 
fractures can likewise he regarded as tvpes of ie 
generation. 

Among the major problems are the sources of 
the cells which enter into regenerative at tivitie" 
and the manner in which they achieve the requisite 
potentialities for forming specialized tissues, new 
organs, or discrete portions of the body. Also of 
primary importance are problems of polarity and 
the relationship of local and organismic factors in 
the establishment of growth patterns. 

REGENERATION IN INVERTEBRATES 

The following are examples of regeneration in 
invertebrates. 

Protozoa. All of the main groups of free-living 
protozoans exhibit some rapacity for regeneration 
This includes replacement of a major portion 0 
the organism, as well as individual organelles. R e ' 
constitution of parts of a single cell is considerab ' 
different from regeneration of structures in a multi- 
cellular organism and it is difficult to make com 
parisons. Experiments have been most extensive on 
the ciliates, 9uch a9 Paramecium and its relatives 
Many observations indicate the importance of W 
macronucleus, whose presence in a fragment o 
protozoan is essential for regenerative activity. 

Porifera. Although regeneration in the usu^ 
sense of the term does not occur to any 
tent in sponges, these organisms possess an ex t ^ 
dinary capacity for reconstitution of the body a 
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extensive dissociation of its component cells. If a 
sponge is forced through fine bolting doth, the re- 
sulting individual cells will reassemble into a num- 
ber of small aggregates. Each of these aggregates 
presses the capacity for developing into a new 
sponge (Fig. 1). Ameboid movements of individual 
Associated cells and the sorting-out and the reunit- 
m g of cell types on the basis of cellular affinities 
pl jy the major roles in the reaggregation and re- 
ronstitution which leads to the establishment of a 
nnv individual. 

Coelenterata. In the invertebrates above the 
sponges, regenerative capacity is greatest in the 
, oelmterates, flatworms, echinoderms, and arthro- 
pods Among the coelenterates, the hydroids have 
been subjected to the most extensive study A fresh- 
water hydra, for example, is a sessile animal whn h 
possesses a base for attachment, a long body, and a 
^roup of tentacles at the upper end When a hvdia 
is ait into two parts, the basal half ordinarily re 
generates a new upper end of the body complete 
with tentacles, an isolated upper part of the body 
will establish a new lower portion with a basal at- 
tddiment When a central portion of the body pos 
messing neither tentacles nor basal attachment is 
isolated it will regenerate new basal structures at 
one end and tentacles at the other A fragment of 
the body as small as Vjou of the original animal c an 
reconstitute a completely new individual Gnmyara 
Me results have been obtained with the more com- 
pic \ marine hydroids ( Figs. 2 and d ) 

\ large amount of research on hydroids has been 
ilt voted to problems of polarity Under certain e\- 
limmental conditions, such as altering the oxvgen 



1 (a) Appearance of Microciona tissue 10 minutes 

^ e,n 9 squeezed through bolting cloth, (b) Reticu- 
Qte Munition mass formed from such tissue, (c) Later 
,Q 9© of the same, practically a young sponge. (After 
8 Wilson, 1911, from L H. Hyman , The Inverte- 
ro,es ' y ol, ?, McGraw-Hill, 1940) 



Fig. 2. Reorganization in the hydroid polyp Tubularia. 
(a) A small part produces the apical part of a polyp. 
( b,c,d ) More basal parts are formed if more material 
is present. ( After C. M Child from C P Raven, An Out- 
line of Developmental Physiology, McGraw-Hill, 1954) 



Fig 3. Organization by transplanted parts of the 
stem in the hydroid polyp Corymorpha. (a) An apical 
part of the stem induced a complete new hydranth in 
48 hours (b) More basal parts of the stem induced 
smaller outgrowths in the same time, (c) More basal 
parts of the stem inducing abnormal outgrowths at 
the same time ( After C. M. Child from C P. Raven, An 
Outline of Developmental Physiology, McGraw-Hill, 
1954) 


concentration at one end of the organism, the type 
of regeneration can he changed. When the cut end 
of the body that normally regenerates tentacles is 
subjec ted to a low concentration of oxygen it for/ns 
basal structures instead; treating the cut basal end 
with a high concentration of oxygen results in 
tentacle regeneration. Other experimental meth- 
ods have produced similar results. 

The sea anemones, representing another type of 
coelenterate, are capable of considerable regenera- 
tion, but have been studied far less than the hy- 
droids, The regenerative capacity is least in the 
jellyfishes. 

Platyhelminthes. Various species of Planaria, a 
type of flatworm, have long been favored organ- 
isms for experimental studies on regeneration. An 
adult Planaria possesses a relatively high degree 
of organization. It has a head with eyes and a aim- 
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pie brain, a flattened body with a protrusile 
pharynx, a digestive system, complex excretory 
and reproductive organs, and a tail end. When a 
worm is cut into a number of pieces each piece or- 
dinarily retains its original polarity and is capable 
of regenerating the complex components of the 
body which are missing in the fragment (Fig. 4). 
If the head is removed and the anterior part of the 
remaining body is split by a vertical incision, two 
complete heads with normal brains and eyes will be 
regenerated on a single body. By similar methods, 
double tails can be formed. Still more bizarre con- 
figurations can be produced, depending on the man- 
ner in which incisions of the original body are made. 
Using various chemical agents, the polarity of an 
isolated portion of the mid-region body can be 
changed so that a head will be regenerated in place 
of a tail. 

Considerable attention has been given to special 
reserve cells in the planarian body known as for- 
mative cells (Figs. 5 and 6). Because they appear 
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Fig. 4. Regeneration in a flatworm, Eup/anaria. Por- 
tions cut from an entire worm (indicated by broken 
lines) gradually regenerated (dark stipple) to form en- 
tire small worms. (After Stempell from T. I. Storer and 
R. L. Usinger, General Zoology, 3d ed., McGraw-Hill , 
1955) 



Fig. 5. Organizing activity of a transplanted head in 
Planaria. (a) A laterally implanted graft has induced 
a lateral outgrowth and a secondary pharynx, (b, c) A 
subterminal graft has induced an outgrowth (directed 
forward), and two pharynges. (d) A terminal graft has 
caused a reversal of polarity in the caudal part of the 
host, and a secondary pharynx. (After Santos from 
C. P. Raven, An Outline of Developmental Physiology, 
McGraw-Hill, 1954) 



Fig. 6. The effect pf discontinuities in the gradient in 
Planaria . (a) The growth caused by grafted heads is 
the more marked when the head is implanted more 
caudally. ( b ) Transplanted hind ends produce strong 
est growth in the rostral parts of the host (After 
Schewtschenko from C. P. Raven, An Out/ire of Devel 
o pmental Physiology, McGraw-Hill, 1954) 

to be concerned directly with regenerative eapac 
ity, they are sometimes referred to as regeneration 
cells. Although there is wide disagreement regard 
ing the origin of these cells and their detailed 
cytological characteristics, they appear to be tin 
primary source of the new tissued and organs 
formed dining regeneration. In different spmes nl 
Planaria the number of formative cells varies per 
unit of body volume. The capacity and rate of n 
generation vary directly with the frequency ol 
these cells. They have a high sensitivity to vni^ 
Exposure of a planarian to radiation in appropriaP 
dosage results in the destruction ot the for mam* 
cells and a complete loss of regenerative <apa<it\ 

Annelida. The earthworm, as ail example of thr 
annelids, possesses a high degree of regenerate 
capacity (Fig. 7). When a worm is cut into twn 
parts a considerable number of posterior segment 4 ' 
can be reconstituted by the anterior half. Likewise 
the posterior half can regenerate anterior 
ments, but to a more limited extent. Species differ 
enoes exist with respect to the number of anterior 
and posterior segments that can be reconstituted 
In some species, anterior and posterior regenera 
tion can take place simultaneously from the two 
ends of an isolated piece of a worm. 

Special reserve cells have been identified in t * 
earthworm and are called neoblasts. As in the m 4 '*' 
of the formative cells of Planaria , considerable an 
certainty prevails regarding their origin and t p 
precise role they play in regeneration. After re 
moval of a portion of the body it has been n ^ 
served that neoblasts migrate to the woun al ^ 
and form an aggregation of cells. Here the) ^ 
liferate and, according to some investigators ^ 
ferentiate into most of the components of t c ^ 
generated segments. They do not form al °^ )in 
new structures; new nerve tissue develop* ^ om 
proliferation of epidermis, and new intestine 
the cut end of the old intestine. Neoblasts are 



|,V exposure to radium or x-rays in appropriate 
and the regenerative capacity of the worm 

The segmental nature of the earthworm body 
dn d it* high capacity for regeneration have pro- 
a favorable field for quantitative studies of 
, T|0V vlh limitation. In one species of earthworm 
Lilit h has been extensively studied the number of 
^merits which can he reconstituted posteriorly is 
a n n ear function of the distance in segments be- 
tw ,. P n the level of the cut and the anterior end of 
animal. Regeneration ceases when the number 
0 f segments characteristic of the species has been 

, (.stored. 

Echinodermata. Among the erhinoderms. regen- 
,. ia iion in the various types of starfishes and brit- 
ile-*tars is a matter of common observation to 
anN „ne who examines these animals at the sea- 
du>re. AH species, so far as known, readilv regen- 
erate new aims. When an animal is cut into a nuin- 
|k>; of pieces a new organism develops from each 
piece. piovided that a portion of the central disk is 
pn-sent. Often severe injury to an arm results in its 
pinching off at the base; a new arm then regener- 
ate from the remaining short stump ( sec Autot- 
n\n). fn ioniP cases a numl)er of arms rna> arise 
Imm a single stump to produce a highly atypical 
organism. Sea urchins have a tar lower regenera- 
nt < aparit v than starfishes, but thev can recon- 
stitute various j)ortions of the skeleton and also the 
tube toct. The sea cucumbers, so far as they have 
in cn studied, have been found to possess rernark- 
iihlc capacities for regeneration. In some species 



'9 7. Four stages ( a,b,c,d ) in the regeneration of the 
^ostral end in Sabel/a. As regeneration proceeds, the 
° remost four segments change from the abdominal 
and ^ ^ orac * c *ype # by the loss of their old hooks 
bristles and the formation of new ones in another 
Position. This change proceeds In a rostro-caudal suc- 
J s jion, (After Berrill and Mees from C. P. Raven , An 
l954)* e ® eve l°P men t a l Physiology , McGraw-Hill , 
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reconstitution of the body takes place after an 
animal has been cut into two or three pieces. Sea 
cucumbers exhibit an unusual phenomenon of evis- 
ceration when roughly handled. Under such cir- 
cumstances they are able to regenerate a com- 
pletely new set of visceral organs. 

Arthropoda. The arthropods include many diver- 
gent forms: the various types of crustaceans; the 
centipedes and millipedes; the insects, scorpions, 
and spiders. The Crustacea, especially the lobster, 
crab, and crayfish, have been extensively studied 
with respect to regenerative capacity. The append- 
ages of th»* Crustacea are the antennae, which are 
sensory in nature, the feeding appendages around 
the mouth, and the various types of legs used for 
locomotion, food procurement, and protection. 
Also, there are highly complex eve« mounted on 
movable stalks. All of these structures are capable 
of regeneration. It is often observed that the two 
large daws of a lobster arc unequal in size. When 
this is the case, the -.mailer daw is a regenerate 
which has replaced an original daw. but has not 
vet grown to full size. 

Considerable attention has been given to atypical 
regeneration in the Crustacea. For example, after 
amputation of an eye an antenna may he regener- 
ated in its place. A nerve ganglion lies at the base 
of each optic stalk. If the ganglion is undisturbed 
at the time an optic stalk is amputated, a new optic 
stalk and eve will he regenerated. If the optic gan- 
glion is severely injured or is removed at the time 
of amputation, an antenna will he regenerated in- 
stead of an eye. Other instances of atypical regen- 
eration include the formation of a walking leg in 
place of one of the mouth parts, or an abdominal 
leg in place of a thoracic leg. 

Compared with the Crustacea, regeneration in 
other forms of arthropods has been little studied. 
Some centipedes, millipedes, and spiders can re- 
generate legs, fn adult insects little regeneration 
occurs, although in some species legs can be re- 
established; in the larval and pupal stages of in- 
sects regenerative capacity is fai higher than in 
the adult. 

REGENERATION IN VERTEBRATES 

Among vertebrates, the amphibians possess the 
highest capacity for regeneration. Various species 
arc able to regenerate limbs, parts of the eye, the 
tail, the lower jaw, and a number of other struc- 
tures. Many types of fish can regenerate fins, some 
portions of the gills, barbules. and scales. In the 
reptiles the principal structure which is capable 
of regeneration is the tail of some lizards. The tail 
possesses a special “breaking point" between two 
vertebrae posterior to the pelvic girdle. If the tail 
is grasped, a break occurs readily; later a new tj&il 
is established. A reconstituted lizard tail is not a 
duplicate of the original; the spinal cord is incom- 
plete, and vertebrae and muscles are unsegmented. 
Regenerative activities in birds and mammals are 
restricted for the most part to repetitive or physio- 
logical regeneration. Complex organs cannot be 
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reconstituted, although feather and hair replace- 
ment, periodic growth of antlers in the deer, the 
restoration of skin, and the repair of bone frac- 
tures can all be regarded as regenerative activities 
in the broad sense of the term. 

Amphibian limb regeneration. The factors gov- 
erning the regeneration of the limbs of urodeles 
have been subjected to extensive experimental 
analysis. After amputation of a salamander limb, 
rapid coverage of the wound takes place by migra- 
tion of epidermal cells from adjacent areas. Within 
a few days an aggregation of cells is established 
beneath the epidermis at the tip of the limb to form 
a regeneration blastema. From the cells of the 
blastema develop all of the new structures of the 
regenerate, except the epidermis which covers it 
and nerves which grow into it from the cut ends of 
the original nerves. The establishment of a blas- 
tcmu is essential for regeneration. Unlike the situa- 
tion in some of the invertebrates, special reserve 
cells are not involved in its formation. The regen- 
eration blastema arises as a result of a complex 
series of histological changes in the tissues (con- 
nective tissues, skeleton, and muscle) at the am- 
putation surface. Injury of these tissues at the time 
of amputation is the primary inciting cause of blas- 
tema establishment. 

The regeneration blastema. A newlv established 
regeneration blastema is an aggregation of undif- 
ferentiated cells. I is transformation into a new 
limb resembles in many respects ihe normal devel- 
opment of a limb in an embryo (Fig. 8). As its 
component cells proliferate, the blastema increases 
in size and changes in configuration from a bulb or 
cone into a paddle-shaped structure. During growth 
of the blastema, its cells undergo differentiation 
into the new skeleton, muscle, and connective tis- 
sues, which are laid down in a pattern duplicating 
the structures that were originally present. 

It has been shown by irradiation studies that the 
cells which make up the regeneration blastema are 
local in origin and do not migrate from a distance 
to the regeneration area. A portion of a limit sub- 
jected to localized x-radiation in appropriate dos- 
age completely loses the capacity to regenerate. 
When a limb is amputated through an irradiated 



Fig. 8. Diagram of forelimb regeneration in Triton, 
(a) Normal skeleton of the forelimb, (b) Extirpation of 
the humerus, followed by the amputation of lower arm 
and hand, (c) The skeleton of the regenerated lower 
arm and hand is normal, but the extirpated humerus 
is not regenerated. (After Przibram from C. P. Raven , 
An Outline of Developmental Physiology, McGraw-Hill, 
1954) 


region, no blastema will be established. Am 
tion either above or below this region leads to h^ 
ferna formation and normal limb regeneration ^ 
Local factors. The establishment, growth, diff 
entiation, and morphogenesis of the blastema are 
governed by both local and organising factors 
Local factors, especially the level of amputation 
determine the primary characteristics of the re 
generate. When a limb is amputated through the 
upper arm, the blastema which is established p 0s . 
sesses the potentialities for forming all structure 
which are normally present below that level; d 
blastema which is established after amputation 
through the wrist possesses the potentialities fo, 
forming wrist and hand structures. Interaction be 
tween the tissues ^f the limb stump at the level „| 
amputation and the cells of the blastema repre- 
sents the mechanism by which local factors op n 
ate. See Animal morphogenesis. 

Organismic factors. These factors are primarily 
neural and endocrine in character. A limb deprived 
of nerves loses the capacity to regenerate. If all ol 
the nerves going to a salamander foreliinh are < ui 
in the shoulder region and the limb is then arnpn 
tated, epithelial wound healing occurs, hut no fil.i*- 
tema is established. Such a situation prevails 
long as the limb remains nerveless. Nerves them 
selves can regenerate, and as thev grow hack in'o i 
limb from the shoulder region and 4*ach the level 
of amputation a blastema will he established, <ind 
regeneration of the limb will ensue. 

Neural influence. Although considerable n* 
search has been concerned with the nature of tin 
neural influence in blastema formation, the pie 
rise mechanism of nerve action is still unknown It 
is unspecific in character; any tvpe of nerve -en 
sory, motor, or sympathetic can support hiadem.i 
formation provided that a sufficient quant it\ ol 
nerve fibers is present at the tip of an amputat'd 
limb. Nerves which ordinarily supply structure- 
other than the limb, if they are experimental di 
reded into a limb, will induce blastema formation 
Higid quantitative requirements prevail. A certain 
minimum number of nerve fibers must he present 
before regenerative activity will begin: if the nuin 
her of fibers is below the minimum level, no » ,a ‘ 
tema will form. The number of requisite fiber" t" 
support regeneration varies at different level" of j 


single limb. 

Although a sufficient quantity of nerve fiber- 1,1 
a limb is essential for blastema formation, it ^ 1101 
necessary for later phases of limb regeneration. 11 
the successive series of changes through which a 
blastema passes as it undergoes growth, differ* n 
tiation, and morphogenesis, it becomes emand 
pated from neural influence. Nerve fibers are coi^ 
oerned particularly with the early mobilization o 
cells and this results in the establishment of a )fl ^ 
tema, and the initiation of differentiation and nu>^ 
phogenetic activities within the blastema; nLil . 
influence is unessential for the later growth o 


regenerate. 



Endocrine factors. The endocrines most thor- 
(|lv studied with respect to their influence on 
I, regeneration are the pituitary, the adrenal, 
and the thyroid glands. A salamander from which 
the pituitary has been removed is incapable of limb 
regeneration. As in the case of nerves, pituitary 
hormones are concerned primarily with the early 
phases of regeneration, particularly the establisli- 
men t of the blastema; they appear to be little con- 
ned with the later phases of growth and mor- 
phogenesis. There is considerable evidence that 
the pituitary acts through the adrenal glands in its 
influence on blastema formation. 

\ hvperthyroid state is readily produced in sala- 
manders, either by feeding thyroid extract or treat- 
, n g them with thyroxine solution. Considerable 
controversy prevails regarding the results of such 
tieatment. Some investigators find that limb re- 
generation is accelerated in such animals, and 
others that it is retarded. Much appears to depend 
on the type of thyroid material used and the time 
it administered. When a hypothyroid condition 
is produced bv surgical removal of the gland, the 
early phases of limb regeneration, particularly thi 
rite of establishment of the blastema, are at celer- 
ited Although it is clear that the thyroid hormone 
must be legarded as one of the organisrnic factors 
governing regeneration, much additional research 
will he icquired before its precise role is deter- 
mined See T KYROID Cl AND. 

In contrast with adult urodeles (salamanders 
md newts), regeneration of limbs in adult anurans 
I frogs and toads) does not take place. It occurs, 
however, in larval stages; the details are essen- 
tially the same as in larval urodeles. The regenera- 
tive (jpacity ceases as an anuran larva approaches 
metamorphosis and its loss is associated primarily 
with mganismic changes, endocrine and neural 
whic h occur at that time. By various experimental 
methods it is possible to restore the regenerative 
upauty to the limb of an adult frog. When the 
nerve supply of a forelimb, for example, is greatly 
augmented by surgically leading into it the great 
viatic nerve of the hind limb, the amputated fore- 
limb will then undergo regeneration. 

Tail regeneration in amphibians. The tail of 

hmli larval and adult urodeles and of larval anurans 
•ms a high regenerative capacity. Although a re- 
generation blastema forms after amputation of a 
>aj l <>nd resembles in general characteristics the 
Sterna of an amputated limb, many features of 
lajl regeneration are not identical with those of 
limb legeneration. The primary differences arise 
^ rorn the fact that the tail is an axial structure and 
,ts ^generation involves the reconstitution of such 
ax,a l organs as the spinal cord, vertebral column, 
dr ‘d segmentally arranged muscles. As a tail regen- 
Prat '° n blastema forms, a new spinal cord rapidly 
Ittows into it. Various experiments demonstrate the 
j^poitance of the spinal cord in inducing the dif- 
Pr entiation of skeletal and muscular components 
,n blastema If a section of the spinal cord in 
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the tail is cut and deflected upward into the tail fin, 
a regeneration blastema will form over its cut end 
and will develop into a supernumerary tail, includ- 
ing skeletal and muscular components. 

Amphibian ocular regeneration. The eye in cer- 
tain amphibians is capable of regenerating the 
lens, the iris, and the retina. If the lens is removed 
from the eye. a new lens will be formed by a bud- 
like growth from the upper free margin of the 
iris. I his does not take place in all species of am- 
phibians and has not been observed in other verte- 
brates. Lens regeneration occurs only when the 
noimal Jens is completely lemoved from the eye. 
Substances given off by a normal lens inhibit the 
regenerative capacity of the iris; removal of a lens 
releases the inhibition. Although only a single lens 
ordinarily regenerates, under certain experimen- 
tal conditions multiple lenses aie lormed. 

In some amphibians, when the entire ; ris is re- 
moved it will be reconstituted from the edge of 
the pigment epithelium of the retina. When the 
lens and iris aie simultaneously removed, the iris, 
as it regenerates, gives rise to a new lens as well. 
In a number of specie^ of amphibians, both uro- 
deles and unmans, the entire neural letina can be 
regenerated fiom the lelinal pigment epithelium. 

It is especially notewoithy that, after regenera- 
tion of the various ocular structures mentioned 
above, the leconstituted eye of the amphibian func- 
tions as well as the normal eye. 

Nerve regeneration. The regeneration of neural 
structures in various types of organisms constitutes 
a special subject which cannot be dealt with here 
in detail In those invertebrates which have well- 
organized nervous systems and which possess the 
ability to regenerate major portions of the body, 
neural structures often unde? go extensive recon- 
stitution. Among the vertebrates, portions of the 
brain and spinal cord can regenerate only to a vety 
limited degree. On the contrary, in manv verte- 
brates, peripheral nerves are capable of extensive 
regeneration. 

Peripheral nerves in \ertebrates extend to all 
parts of the body and end in such structures as 
sense organs, muscles, and glands. The essential 
structural and functional unit of a nerve is the 
nerve fiber Each nerve is composed of large num- 
bers of fibers bound together by connective tissues. 
Around each individual fiber are one or more 
sheaths. The most intimate is a noncellular myelin 
sheath ; outside of this is a thin cellular sheath, the 
sheath of Schwann. 

An individual nerve fiber is a protoplasmic ex- 
tension of a single nerve cell or neuron. Although 
a fiber may extend a considerable distance away 
from the main cell body, where the nucleus of the 
cell is located, tfie fiber still remains an integral 
part of the neuron and participates in its meta- 
bolic activities. The cell bodies of neurons are situ- 
ated in or near the main axis of an organism; most 
of them are in the brain or spinal cord, others in 
various types of nerve ganglia. 
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When a nerve is out, the fibers on the side of the 
cut away from their central connections undergo 
degeneration. For example, if a nerve in the upper 
arm is severed, all of the fibers from the point of 
severance to the tips of the digits degenerate and 
die. However, the fibers above the cut remain alive, 
because they retain their connections with cel] 
bodies in the brain, spinal cord, or ganglia. 

Regeneration of peripheral nerves has been ex- 
tensively studied in amphibians and mammals. 
After a nerve has been severed the cut ends of its 
living fibers, by a type of ameboid activity, send 
out protoplasmic extensions or growth cones. This 
represents the beginning of regeneration of each 
individual fiber. Growth of protoplasmic strands 
from the many fibers which make up a nerve re- 
sults in the regeneration of the nerve as a whole. 
One of the primary problems in nerve regeneration 
concerns the manner in which fibers are directed 
along paths corresponding to the original pattern. 
Many hypotheses have been proposed. Chemotro- 
pism (neurotropism) does not appear to be in- 
volved. The most commonly accepted hvpothesis is 
one of contact guidance, which holds that the tips 
of growing nerve fibers cling to and follow various 
types of interfac es present in the substrate through 
which they grow. These interfaces may he strands 
formed by Schwann sheath cells from preexisting 
fibers. Scar tissue, forming from connective tissue 
where a nerve has been cut. often presents a serious 
interference to nerve regeneration. f F..O.B.] 

Bibliography : A. E. Needham, Regeneration and 
Wound-Healing , 1952; M Singer, The influence of 
the nerve in regeneration of the amphibian extrem- 
ity, Quart Rev Biol , 27(2) :169 200, 1952; C S 
Thornton (ed. ) , Regeneration in Vertebrate s, 1959; 
B. H. Willier, P. A. Weiss, and V. Hamburger 
(eds ). Analysis of Development , 1955. 

Regeneration (engineering) 

The process of feeding back a portion of the out- 
put signal of an amplifier to its input in such a way 
that the input signal is reinforced. The result is 
greatlv increased amplification. The feedback must 
be positive; that is, the two signals must be in 
phase, and it must be limited in magnitude to pre- 
vent the circuit from going into oscillation. See 
Fffdback circuit. 

In storage devices for computers, regeneration 
involves the restoration of deteriorating electro- 
static, magnetic, or other conditions to their origi- 
nal state. Thi*- is particularly essential in charge- 
storage cathode-ray tubes to overcome natural 
decay effects, as well as loss of charge by reading 
out the information stored See Storagf tubi. 

In the nuclear power field, regeneration involves 
the purification of contaminated nuclear fuel for 
reuse. See Nuclear fuels reprocessing, [j.mr.] 

Register, air 

A device attached to an air-distributing duct for 
the purpose of discharging air into the space to be 
heated or cooled. These openings are referred to 



Wall diffusers are usually located at a low-wall p 0 $, 
tion to send air upward, parallel with a wall (Frorr, 
Summer Air Conditioning , by S Konzo, J R Carroll 
H. D. Bareither , The Industrial Press ) 

as registers, diffusers, supply outlets, or grills B\ 
common acceptance, a register is an opening pro 
vided with means for discharging the air in a con 
fined jet, whereas a diffuser is an outlet which dis 
charges the air in a spreading jet Both registers 
and diffusers may be placed at a numbei of lord 
tions in a room, including the floor, baseboard low 
on the sidewall, window sill, high on the sidewall, 
or ceiling. 

For heating, the preferred location is m the flooi 
at the baseboard, or at the low sidewall of the out 
side wall, preferably under a window For (online 
the preferred location i s high on the inside wall oj 
the f ceiling For year-round air conditioning in 
homes, a compromise location is either the flooi 
baseboard, or low sidewall at the exposed wall 
especiallv if adequate air velocity in an upwaid di 
rection is provided at the supply outlet 

A well-designed register effectively conceals the 
hole at the end of the duct, throws or projects the 
air in the direction and at the distance desired 
limits the velocity usually to 500 ft/mm or slowei 
deflects the air away from wall 1 - and obstruction^ 
The register also adjusts the direction of an flow 
to provide on-the-spot manipulation of the aa 
stream, and ad|usts the air-flow rate to lesser 
amounts. It should accomplish these fim* t,on " 
without producing dust streaks on nearbv walls and 
ceilings, disturbing air noise, or large pressure 
losses. Many registers, diffusers, slots, and air pan 
els are commercially available and satisfy a m<U or 
ity of these qualifications. See Comfort controi 
Warm air heating system. l hK() ' 

Regolith 

The mantle rock or blanket of unconsolidated ro* k' 
debris of any thickness that overlies bedrock n 
disturbed regolith may grade from agric ulturHl 
at the surface, through fresher and coarsei pr°^ 
ucts of rock weathering, to solid bedrock ten* 0 
even hundreds of feet beneath. Elsewhere, 1* ' r f °^_ 
may be covered by transported soil and rock oeP ^ 
deposited in such forms as flood plains and * ^ 
sand dunes, beaches and bars, moraines, and f! 
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Residual regolith. 

Ih accumulations at the foot of steep slopes and 
.hjk Such transported regolith may bear no rela- 
tion to the bedrock on which it rests, and the con- 
tact may he abrupt rather than transitional. 

[C.F.S.S.] 


Regularia 

The name given by (». Cuvier in 1817 to an assem- 
blage of erhinoids in which the anus and periproct 
lii within the apical system. The test is globular 
arid preponderantly radially symmetrical and the 
jnbulacral plates are commonly compound. The 
-roup included, in effect, all those eehinoids which 
did not fall in the Irregularia. The Irregularia, 
however, have been shown to he polvphyletic hy 
J Durham and R. Melville (19571, and conse- 
quently neither they nor the Regularia constitute 
valid taxa. See Echinoidea; Irregularia. 

| TT.B.F. ] 


Regulation 

The process of maintaining a quantity or condition 
essentially constant despite variations in such fac- 
tors as line voltage and load. In an industrial pror- 
^-eontrol system, the speed, temperature, voltage, 
ur position of a critical element can he kept con- 
stant bv measuring the condition being regulated 
and feeding back into the system a signal repre- 
^'lUinpr q 1P difference hetween the actual and the 
desired quantities. For example, if the ten\p£rature 
a mixture of chemicals is too low, a sensing ele- 
ni(, nt feeds hack to the controller a signal that re- 
S,,,is in the application of more heat. See Control 
s ^ums. 

^ i ,e term regulation is also used in the opposite 
" ensf; * to indicate the difference hetween the ma^ 
lln| un and minimum voltages at the terminals of a 
Iransfornier, generator, or other device over 
f ange of normal operating conditions. See 
VnLrA GR REGULATION. [j.MR.] 

^gulator 

^ < °ntrol device designed to maintain the value of 
*° t mp Wantity substantially constant. Thus, a tem- 
tra ture regulator is a device designed to maintain 


the temperature of some environment at a constant 
value. The value to be maintained can usually be 
established at any value within the range of the 
regulator by making an appropriate setting. 

A regulated system is a feedback control system 
employing a regulator to maintain some quantity of 
the system at a constant value. Another example is 
the voltage regulator system of an automobile. See 
Control systems. [j.a.h.] 

Reheating 

The addition of heat to steam of reduced pressure 
after the steam has given up some of its energy 
hy expansion through the high-pressure stages of a 
turbine (see Steam turbine). The reheater tube 
hanks are arianged within the setting of the steam 
generating unit in such relation to ihe gas flow that 
the steam is restored to a high temperature. Under 
suitable conditions of initially high steam pressure 
and superheat, one or two stages of reheat can he 
advantageously employed to improve thermody- 
namic efficiency of the cycle. .See SteaM generat- 
ing unit; Superheater; Vapor cycle. [f.g.e. ] 

Reindeer 

A New World caribou, Han gif or caribou , of the 
family Cervidae, Reindeer are still present in 
limited numbers as wild animals, with two sub- 
species in Lapland and Gieenland. and they are 
abundant as domesticated animals in northern 
Europe, Siberia, and Alaska. In the reindeer, as in 
other caribou, both ^exes have antlers. In Alaska 



The North American reindeer, Rangifer caribou ; length 
to 6 ft. ( From E. L Palmer , Fieldbook of Natural His - 
tory, McGraw-Hill 1949) 


the reindeer is used primarily for food; in Lapland 
it provides the basis for an entire society, serving 
food, clothing, and beast of burden. In North 
America the reindeer Rangifer tarandus , an intro- 
duced species, has hybridized rather freely with 
the native caribou. It feeds upon lichens, grasses, 
and other available plants. See Aktiodactyla ; 
Caribou; Lichf.nes. 
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Reinforced concrete 

Portland-cement concrete with steel embedded in 
it to assist in carrying loads. Steel plays a major 
role in reinforced concrete structural members for 
several reasons. It is elastic, yet has considerable 
reserve strength beyond its elastic limit. In com- 
pression, it is about twenty times stronger than 
concrete. Its tensile strength is nearly the same as 
its compressive strength, whereas concrete is very 
weak in tension. 

As reinforcing for concrete, steel in several of 
the following forms may be used: bars or rods, 
wire, pipe, and structural shapes such as wide- 
flange beams. Bars are the most common form; 
they generally range in si/e from V\ in. to 2V* in. 
in diameter. Thev are specified by number. No. 2 
being a nominal Vj-in. diameter; No. 3, %-in.; 
No. 4, K»-in. ; No. 5, %-in. : and so forth. 

Loads arc transferred between concrete and steel 
by the bond along the surface of intersection. The 
bond may be substantially improved mechanically 
by giving reinforcing bars raised surfaces, in which 
case the bars are called deformed bars. Deformed 
bars conforming to American Society for Testing 
Materials Specification A 303 are permitted to 
transmit more stress through bond than are nonde- 
formed, or plain, bars. See Concrete; Concrete 
column. [f.s.m.1 

Relapsing fever 

An acute infectious disease caused by various spe- 
cies of the genus Borrelia , a spirochete. The dis- 
ease is characterized by episodes of fever which 
subside spontaneously and recur over a period of 
weeks. Epidemiologieally, two types are recognized, 
a louse-borne type which often occurs in epidemics, 
and a tick-borne type which usually is endemic. 
The clinical characteristics of the two are similar. 
See Spirochete. 

Type species characteristics. The causative spi- 
rochete, of which B. recur rentis is the type species, 
is highly flexible and actively motile. It varies in 
length from 8 to 30 microns (/0, in thickness 
from 0.3 to 0.5 /jl , and has 5-10 irregular and loosely 



Relapsing fever spirochetes in human blood, stained 
with fuchsin. (General Biological Supply House , Inc., 
Chicago) 


wound spirals. Borrelia cannot be cultured on arti 
ficial media, but will grow well in the chick eni 
bryo. Mice, rats, and guinea pigs are susreptib| e 
At refrigerator temperature and in appropriat 
media motility and infectivity may be maintained 
for months. Virulence is preserved for years at aa 
proximately — 76°C, the temperature of dry i ce \ 
large number of species, differentiated primarily on 
the basis of geographical distribution or the trans- 
mitting vector, have been isolated and found to be 
the causative agents of the relapsing fevers. 

Relapsing fever in man. Following an incuba 
lion period of about 7 days, the initial attack Maru 
abruptly with chills, high fever, headache, and 
often pains in the muscles and joints. It lasts 2 8 
days and ends by Crisis. A remission period of 3- lp 
days is followed in untreated cases by a relapse 
similar to the initial attack but milder. There ma\ 
be 3-10 relapses. Mortality in the endemic inf C( . 
tion varies between 2 and 5%. but in epidemics ii 
may reach 50%. See Epidemiology. 

Serum agglutinins and bactericidal antibodies 
are demonstrable in both the experimental and 
human disease. Definitive diagnosis is made In 
demonstration of the organisms in the blood in 
darkfield microscopy, by examination of stained 
blood films, or by animal or chick embryo inocula- 
tion. The treatment of choice is chlortetracycline: 
penicillin, oxytetracycline, and streptomycin have 
therapeutic value. See Chlortethacycline; Oxy- 
TETRACYCLINE; PENICILLIN; STREPTOMYCIN. 

Transmission and prevention. Transmission b 
solely by insect vectors. In northern and western 
Africa, Europe, and parts of Asia, the disease i- 
spread mainly by the body louse Be dir ulus hu- 
manas. Infection occurs when lice are crushed neai 
a bite or scratch that provides a portal of enliv for 
the organisms. In the endemic areas of Central and 
South Africa, Asia, and the Americas, the disease 
is commonly tick-borne, the most important vector 
being the genus Ornithodoros , many species “t 
which have been shown to be infected in nature. 
Transovarian infection, which is transmission of 
the infective agent from the female to the embryo 
through the egg, occurs in the tick. 

There is no effective vaccine nor are there prac- 
ticable chemoprophylactic measures. In lou^ 
borne epidemics, the isolation and large-scale 
treatment of patients and mass delousing of the 
population with DDT are effective procedures. 
DDT-resistant lice have appeared in some coun- 
tries. In endemic areas reduction of the tick popu- 
lation by periodic spraying of living quarters with 
benzene hexachloride may effect a major reduction 
in the incidence of the disease. For taxonomy ser 
Spirochaetales. [t.B.T.J 

Relative motion 

All motion is relative to some frame of reference 
The simplest laboratory frame of reference k ^ ree 
mutually perpendicular axes at rest with respect to 
an observer. Such a system is commonly used in 
the laboratory when various types of motion are 
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being studied. The general effects of other motions 
to which the system as a whole is subjected are 
then neglected and the system is said to be isolated. 
In terms of the frame of reference of an observer 
M>mc distance from Earth, the laboratory frame of 
reference would be moving with Earth as it rotates 
on its axis and as it revolves about the Sun. What 
wm ,|«l be a simple form of motion in the lahorator\ 
frame of reference would appear to he a much 
more complicated motion in the frame of refer- 
ee nt the distant observer. See Fkamk ov rfii-r- 
i \( t 

Motion means continuous change of position of 
an object with respect to an observer. To another 
observer in a different ftamo of reference the ob- 
i<>(t mav not be moving at all. or it ma\ he moving 
in an entiiely different mannei. The motions of the 
planets vveie found in ancient times to appear 
,put(» complicated in the laboratory frame of ref- 
, rem e of an observer on Earth. Bv translening to 
die fiame of reference of an imaginary observer on 
die Sun, Johannes Kepler showed that the relative 
motion of the planets could be sjmplv described in 
innis of elliptical mbits. The validitv of one de- 
sniption is no greater than the othei. but the latter 
ilesi upturn is fai more convenient. .See 1*1 am i. 

Relative velocity. That motion is lelative to an 
ulismei must have been implicit in the earliest 
ideas ol motion. In the rnec lianics of Galileo and 
baac Newton these ideas became clarified, and 
methods wrie developed for finding the relative 
wloritv of two bodies, each moving with a differ- 
<nl vein* it\ If the veloc ity of one body is v 5 . rep- 
i evented in Fig. 1 bv the* magnitude and direction 
<>f the* vector Vi. and if a second body has a \eloc- 
H\ v_ represented by the vector Vj, then v is the 
\iMoi to be added to v t to make the sum equal to 
' ind consequently, the vector v, is equal to the 
'cc toi difference Vj — V|. Therefore, the relative 
vc'Ick itv oi the second body with respect to the first 
N diat velocity represented in magnitude and di- 
i^'ion by the vector v u all vectors being drawn 
,() a suitable scale. 

In the simplest case the velocities vi and are 
parallel (Fig. 2). The relative velocity of the sec- 
ond body with respect to the first is again v ; and 
,ls magnitude is the difference in the numerical 
v alues of iu and V\. When the two velocities are 
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Fig. 3. Relative velocity of two bodies moving in op- 
posite directions. 


anti-parallel (in opposite directions; Fig. 3), 
one is negative with respect to the other and the 
magnitude of the relative velocity of v 2 with re- 
spect to Vt is again the vector difference v<, which 
is now the numerical sum of >he two. To obtain the 
relative velocity of V\ with respect to v^, the arrow- 
head on Vi should he reversed. For example, when 
two automobiles move with velocities of 40 and 60 
mph respectively in the Jrame of relerence of an 
observer stationed by the roadside, the relative ve- 
locity of the two is 20 mph. If they were moving 
in opposite directions, the relative velocity would 
he 100 mph. 

The flight of an airplane illustrates the princi- 
ples of relative motion. r J he common sfatement that 
the speed of an airplane is, for instance, 300 mph 
is essentially a meaningless statement since the 
speed is not designated with any particular frame 
of teferenc^ in mind and the listener must make an 
assumption that it is perhaps the ground speed in 
still air. For the airplane to sustain itself with nor- 
mal lift, it is the air speed or speed with respect to 
the air that i important. In a head wind of 100 
mph the airplane would have a ground ‘■peed of 
200 mph. In a similar tail wind it would have a 
ground speed of 400 mph. If the wind velocity is at 
an angle to the direction of ffight, the relative ve- 
lo< ilies must be considered. Tie 1 velocity with re- 
spect to the ground would be the vector sum of the 
velocity of the plane with respect to the ail and 
tire velocity of the wind with respect to the ground. 
.Sec FlIUI I < II ARA( lEIUMIf S. 

Relative acceleration. Acceleration, like veloc- 
ity, is relative to the observer's frame of reference. 
An automobile starting from iest is accelerated 
with respect to the Earth, hut the driver of the car 
docs not -cv himself or the car acc elerated forward. 
He sees objects at rest with respect to the roadway 
accelerated backward with respect to himself and 
the car. Persons by the roadside see him and the 
( ar accelerated forward. In the driver’s frame of 
reference, the car is at re«t. 

Acceleration is a vector quantity involving both 
niagnitude and direction, just as velocity is. Just 
as the velocities of two objects may be represented 
bv vectors and their relative velocity obtained by 
subtracting one vector from the other, so also the 
accelerations of two bodies may be represented by 
vectors and the relative acceleration of one. with 
respect to the other obtained by taking the vector 
difference. 

Relativity. Since according to Einstein’s theory 
of relativity the velocity of light is the limiting 
velocity that any physical object can attain, the ad- 
dition or subtraction of very large velocities cannot 
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be accomplished by Galilean-Newtonian methods, 
and the rules to be followed are derived from rela- 
tivist^ theory. See Rklativity. [r.d.ru.1 

Relativistic electrodynamics 

The study of the interaction between charged parti- 
cles and electric and magnetic fields when the ve- 
locities of the particles approach that of light. Rel- 
ativistic electrodynamics, which can be considered 
as an extension of the everyday laws of electricity 
and magnetism, is an important consideration in 
high-energy particle accelerators, in high-current, 
high-voltage vacuum tubes, and in electromag- 
netic radiation. 

The laws which relate the electric and magnetic 
fields to the charges and cunents which produce 
them are known as Maxwell’s equations. Charged 
particles or current elements in such fields experi- 
ence a force which is called a Lorentz force. The 
motion of these charged particles and curient ele- 
ments in such fields is then determined hv Newton's 
laws, appropriately generalized foi relativistic ve- 
locities. See Ei Ft iron motion in vacuum; Max- 

WH.l/s FQUAMONS; RfIAIIMSIH MM HANKS; Rfc U- 
A riVJTY. 

J. C. Maxwell’s contribution to relativistic' elec- 
trodynamics was to formulate his four equations 
and to introduce the concept of displacement cur- 
rent (see Disci. A t i mi n i mkrini) Although each 
equation was originallv deduced for static or other 
restrictive conditions. Maxwell implied the validitv 
of each for fields which varied in arbitrary ways 
with time. 

The Lorentz forc e describing the influence of the 
electric field E and magnetic field B on a moving 
chaige q of velocity v is 


F = q (E -f v x B) 

or V x — q(t>x "4 y ), etc. 

Together with the equation of continuity (.see 
Equation of continuity) 


dp 

div J -f = div (pv) -f 
<9/ 

<V* . <Vu , dJt dp 

or n 4- -t— 4 — z 4- ^ 

dx dy dz dt 

and Newton’s second law 


dp = 
dt 

= 0 


0 


or 



etc. 


one has a self-consistent set of equations to deter- 
mine the fields and motions of charges under vari- 
ous conditions. In the preceding equations, p is the 
elect] ic charge density, J is the current density, p 
is the momentum of the charge, m 0 its rest mass, 
and c the velocity of light. 


One direct consequence of Maxwell’s equations 
comes from the fact that the fields E and B, in th e 
absence of charges and currents, satisfy a wave 
equation with wave velocity 

c = - = 3 X 10 R m/sec 

V €oMo 

The fact that this is the same as the velocitv of 
light led Maxwell to infer that light is an clcc 
tromagnetic wave phenomenon, thus joining the 
fields of electricity, magnetism, and optics. 

Invariance of Maxwell equations. The proper 

of the Maxwell equations that makes them applu a 
hie to problems in relativistic clectrodynami< s is 
theii relativistic invariance. Specificallv, thi- 
means that Maxwell’s equations will seem < oriei t 
to an observer traveling with a constant vc| u(J | N tl , 
well as to an observer at rest. One must reali/t 
however, that a magnetic field in the rest frame will 
appear to be both an electric and a magnetic field 
in the moving frame. See Fhamt ot rihiunm 

As an example, consider a charge niovint 
through an externally applied static electric and 
magnetic field with a velocitv suc h that the 1 ortni/ 
fore e vanishes. In this c ase 

F = q (E + v x B i = 0 E = - v x B 

In a frame of reference moving witlf veloc 1 1 v v tin 
charge will seem to lx 1 at rest and will thcrfon 
experience a force F' ~ r/E\ responding on I v in 
the elec tric field in the new system. Since the »*ln 
tron now remains at rest, the force F'. and (licit 
fore E', must vanish. (A magnetic* field B' wdl Mill 
he present.) It is therefoie apparent that the cln 
trie and magnetic fields must change when a I<» 
rent/ tiansformation is made (.see Lokini/ i h v n 
form a iions ) . The fields mix in such a vvay as t<> 
make Maxwell’s equations appear to he the ^dinc 
to all observers. 

Relativistic beams. One interesting consequent* 
of the way in which the fields transform h the dim 
motion of the repulsive force between chargo 
moving with high veloc ity in parallel paths. In tin 
reference system moving in the z direction Mith 
velocity i\ in which the charges are at res., the 
magnetic field vanishes and the electiic* field of «» n c 
at the location of the other is 



where y' is the separation of the charges. In the* 
rest system, the fields ran be shown to transform t0 



so that the force between the charges is 


2 

Fy = q(Ey + V B X ) = qEy ^1 ~ V 




The for< e is thus reduced by a factor 1 — ( v 2 /c 2 ) 
, om pared with the electric force alone, and by a 
fKtoi |1 — (v/c ) | 1/= compared with the electric 
fonc which exists when the charges are at rest 
\nother way of illustrating this cancellation is 
(0 Kmsider the force on the outei charges in a cy 
lmdrical beam of current /, consisting of charges 
ruovuig with velocity v in the z direction The tan 
jrential magnetic field at the surface (r = a) is, by 
\m|>eres’ law 

Be = — o/ 
a 

wlurc (i o is the magnetic inductive capacity of free 
spau 1 257 X 10 ' henry/m ( ontinuitv of 
huge requires the electric charge density per 
unit length to he 

/ 

T — 

V 

jn v\ hi« h case the radial electric field at the surface 
is hv ( ails'-.’ law 


lr 


21 


€« t a 


win. lc < is the elect! if inductive c apac itv of free 
I i t 8 85 X 10 1 farad 7 m I he force on a 
Inr^cd pir tic le at the surface is therefore 



i n im confirming the almost complete cancellation 
1 the clcctru held hy the magnetic field for veloc l 
lie-' near that of light A further significant effect 
hi *o do with the fact that the transverse motion 
(ii'idt rrd to Ik slow eompaied to the longitudi 
nl or „ motion) of this charge c onfiguration is dt 
tennim cl fiorri 


ir 

It 

' Ik rt 


hr 
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(• - :V 


2 V \n 


m t = Wu I 


1 0u relativistic mass of the charged particle The 
n hd motion is thus reduced even further from 
,,K v Oim it would have if the charges wen? at lest 
Hnpoitant application of this effect is to rel 
,l,v Mic beams of particles which might be ex 
[Kcicd to dispei se as a lesult of spac e charge 
,fs In lineal electron accelerators for example*, 

1 transverse divergenc e c an be neglec ted bee ause 
*1 ? small value of [ 1 - (*>-/< ) ] {/ occurringjm 
1 1 equation Another way of looking at the 
l^nornenon is that in the rest system of the elec 
lr ° ns the a ctelerator appears extremely short be* 
of I oren f Z contraction, and the space- 
i\ur^ *° n eS ^ave * Ut * e time t0 s P rf * a< ^ the beam 
dr ^ ( argument is actually more complicated 

nne must dea\ vexth ai\ accelerated frame ol 


"inc e 


e Wv v\ve c.cvac\wft\ow vs the HAU\e 1 
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The tendency for rel&tivistically charged beams 
not to diverge is of course not restricted to accel- 
erators It is important in consideration of electron 
optics in high current, high voltage vacuum tubes, 
and may even be impoitant in controlled fusion de- 
vi< es Appli< ations have even been considered 
where the transverse motion of ion beams is made 
convergent by mtroduc ing an opposing beam of 
electrons Partial charge neutralization results m a 
det rc ase of the elec tri< defoeusing fore e, hut leaves 
the magnetic focusing force of almost the same 
magnitude unchanged thus providing a consider 
uhle net focusing action In addition it is often 
possible to diminish the spacecharge defoc using 
of positive ion beams hy spare c harge neutraliza- 
tion using electrons 

Other relativistic phenomena. As a result pri- 
marily of relativistic dynamics many of the usual 
formulas for interaction of particles and fields are 
altered Some of these altered expressions aie 
listed in the ac c ompanving table 

The significance of the phenomena included in 
the table lies mainly in the fact that the relativistic 
In dtment gives a correction small hut not ntgligi 
ble to the usual nonrelativistic situations in which 
these phenomena are encountered lhere are many 
other applications m which the relativistic aspects 
arc not small corrections but are indeed the main 
c onsidc rations involved Included in this group are 
most of the paithle accelerators with cnergits m 
the relativistic lange (for example electrons with 
c nc rgv above 1 Me v protons with eneigy above 1 
Be v) 

linear partuh at < eh rators Most electron lm 
car accelerators produce extremely relativistic 
elections (more than 500 Mev m the traveling wave 
accelerator at Stanfoid University, compared with 
the rtst energv of Mev ) The considerations re 
gatding the transverse motion of the electrons have 
already been described the magnetic interaction 
bet we en the moving elec trons redtic es the repulsive 
force hy several orders of magnitude, and no other 
means of controlling the transverse motion is nec- 
essary The longitudinal motion is also inhibited by 
the laige mass of the electrons Indeed, the phase 
oscillations which are responsible for longitudinal 
stability become extremelv slow, since all elec- 
trons die effectively traveling at the same velocity 
c, they neithei fall behind nor overtake one another 
and arc therefore less inclined to get out of phase 
In fact the phase motions are inversely propor- 
tional to the longitudinal mass, so called because 
the acceleration is in this case, m the direction of 
the initial velocity 


m o 



which is extremelv large in the relativistic range 
Similar consideration applies to relativistic lin 
ear ion accelerators (above \ Bev> although the&e 
necessity have a \ar«e «secUaiv \v\ vjYwch xvcycvxeW 
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Relativistic form of common equations 


Kffoct 


Nonrelativistic form 


Relativistic form 


1. Acceleration 
of charge through 
potential difference 
V 


2. Circular motion 
in a uniform 
magnetic field 


3. Langmuir-Child 
law 
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tivi^tir phenomena predominate since conventional 
ion sources yield particles in the Mcv range. 

Circular particle accelerators. The cyclotron is 
basically a nonrelativistic device with a uniform 
field in which a fixed radio frequency accelerates 
particles according to the relation 


(i) = 


i R 

m 


hJ 

Wo 


n / 1 - 


radio frequency fields 'The electrons ,ne <.n<clcr 
ated by an increase <>l magnetic fiu\ linking them 
hit : the relation between the linked flux ami tin 
fie^4 at the orbit may be derived from Faradav - 
law' of induction and from the telativistie iclatnm 
lor eireular motion. Faraday’s law is 


end = — 


(It 


As long as m is nonrelativistic ( i- w,»). the rota- 
tional frequency o>, ot 2 t t of the particles is the same 
as the applied radio frequency, and they are acct I- 
erated. Once the particles become relativistic, how- 
ever. o) ! ( it and <o,[ are no longer the same: to accel- 
erate the particles beyond this region, either the 
frequency must he made to decrease with time 
(synchrocyclotron) or the fields must he made to 
increase with radius (one of the features of the 
fixed field alternating gradient, or FFAG, cyclo- 
tron ) . 

The synchrotron (both electron and proton) is a 
device which has a magnetic field varying in time 
in such a way as to keep the orbit radius constant. 
Specifically, the equations 

„ mr moo* /, a) 2 r 2 \“ 1/2 v 

B = — = — ( 1 - 2 ) W - - 

qr q \ c 2 / r 

give the necessary relation between the magnetic 
field and the frequency for a given radius. In the 
case of relativistic electrons, v ^ r, and only the 
magnetic field need he varied to accelerate the par- 
ticle. 

A betatron is an electron accelerator in which 
orbits of constant radius are maintained without 


indicating that the particle gains a kinetic cneig 


A/i'km = v A-1> 

1 At 2irr 


during each turn. The symbol A refers to tin* 
change per turn, and <l> is the flux linked bv lh r 
orbit. The particle will remain in the same orlnt 
provided the magnetic field and momentum m 
crease in such a way that 


One obtains 


Ap = qr AB 


AE kln = F Ax = ^ P -Ax= ^ Ap - v Ap 

L*t tit 

This condition between the increase of energy 
momentum per turn can therefore he met only i 


M> 


7 rr 


2 


2 AS 


that is, if the change in the average field enc 
by the orbit is twice the change of the field ** ^ 
orbit. This equation is known as the betatron c °^ 
dition. For additional information on the l>eta r 



condition and detailed information on particle mo- 
tion m all the important types of particle accelera- 
tors >ee Particle accelerator. 

Electromagnetic radiation . Another important 
area of application for relativistic phenomena is in 
the field of electromagnetic radiation. In fact the 
phenomenon of radiation itself involves a complete 
relativistic treatment, as one may safely assume 
from the appearance of r, the velocity of light, in 
all relevant formulas. 

When one considers a configuration of current 
„ m , r( es varying sinusoidally in time, the low- fre- 
quency solution corresponds to the coherent super- 
position of the radiation fields from each element 
of exciting current As the frequency is increased, 
,n interesting relativistic aspet t of the problem 
appeals, disturbances from different current ele 
ments take different times to reach the point of oh- 
-m at ion, and the relative phase of these conti ibu- 
tions to the total signal is changed. One can take 
this retardation into account by adding to the phase 
an amount hi, „ where r, t „ is the distance between 
(lit element of cm rent under consideration and the 
oliseivdt'on point The wa\e ntimhe? /r is given, in 
Urms of the frequent y , bv 

k = 2 r/V = 2t r A 

where \ is the wavelength of the radiation Clearly, 
f liis eflei t will he important if the phase difference 
1 1 tw een opposite extremes of the c urrent distribu- 
tion is comparable with or greater than 27r, that is. 
il hi) 2-rr or L) ' * A. Heie L) is a typical linear 
dimension of the current distribution. In general, 
leLirdation effects must he taken into account if 
tin dimensions of the radiating system are com- 
parable with or greatei than the wavelength 
Swu hrntron radiation. As a fuvthei example of 
i piiiel) relativistic phenomenon, consider the re 
diation of a c barged partic le which undergoes ac - 
"lnal'on during circular motion at constant 
spe-fd The classical Larmoi formula for slowly 
moving charges gives for the rate of energy radia- 
tion pei second 


3 47T€o e 3 

vvl,rrp a is the particle acceleration. The ^ppiopri- 
d,t> reldtivistic generalization in the casP of circu- 
it motion is 


2 c/ 2 a 2 / _r 2 x~< 

3 4ire 0 r s \ 1 r 2 / 


w here a = v 2 /r, r being the orbit radius. One can 
directly the radical change for relativistic ve- 
rities. Thi« radiation, called synchrotron radia- 
tl() n, represents a serious limitation on the magni- 
* u e energies attainable in circular electron ac- 
Op, erators. | r.l.g.] 

Holography: W. W. Haiman, Fundamentals of 
/ r ctronir Motion , 1953; M. S. Livingston, High 
' npr By Accelerators , 1954; L. Page and N. I. 
irn *s Jr M Principles of Electricity , 3d ed., 1958; 
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W. K. H. Panofsky and M. Phillips, Classical Elec- 
tricity and Magnetism , 1955; J. C. Slater and N. H. 
Frank, Electromagnetism , 1947; A. Sommerfeld, 
Electrodynamics , Vol. 3, 1952; J. A. Stratton, 
Electromagnetic Theory , 1941. 

Relativistic mechanics 

Any form of mechanical theory compatible with 
either the special or the general theory of rela- 
tivity. The term is usually interpreted in a nar- 
rower sense to refer to the mechanics of a system 
of particles moving in a given external field, or of a 
perfect fluid, subject to the special theory. The 
present disc ussion is limited to these cases. 

The existent e of a c lass of equivalent inertial 
refeience systems is admitted m the special theory 
of relativity, a s in Newtonian mechanics. The space 
and time variables of any two inertial frames are 
related bv a Lorentz tiansforination (see Lortntz 
i it ansi orm ations ) . In the equations given in this 
discussion < gs units aie used for mechanical 
quantities and (rausMun units for the- electromag- 
netic held, with < designating the speed of light in 
free spac e 

First law of motion. According to Albert Ein- 
sh in a particle subjec t to no forces moves in a 
straight line with constant speed, and a particle 
which moves with the speed of light in one inertial 
lefeienc e frame does so m all equivalent systems. 

A free particle of iest mass m <>, moving with 
velocity v, has momentum p and total energy E> 
with 


m ov 



E = m(K * cVfwoc) 2 + p 2 

V\ - t 2 /r 2 


The internal energy of the paiticle is K {) - rn 0 c-*, 
and its kinetic* energy is T — E - to. 

A particle of zeu> rest mass (m< } -- 0 ) , such as a 
photon, can move onlv with the speed of light, its 
energy-momentum relation being E = p< . Con- 
versely, a material particle with nonvanishing rest 
mass cannot attain a speed equal to that of light. 
The * oncept of kinetic energy is not applicable to 
particles of zero rest mass. A photon moves with 
the speed of light and has a frequency v such that 
its energy i^ E = h\ where h is Planck’s constant. 

The preceding relations can he extended to a sys- 
tem of partic les which undergo elastic oi inelastic 
collisions with each othei, provided the particles 
move independently of each other between colli- 
sions. The laws of conservation of momentum and 
energy are 

Xp, - constant if* * constant 

It is not necessary that the total number of par- 
ticles remain constant, so that particles may be 
created or annihilated in a collision. 

If the symbols {m' t } indicate the rest masses of 
the particles entering into a collision and {m" 7 } 
the rest masses of those emerging from the colli- 
sion, the energy release in the collision is 
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Q = (Wi- 

The numerical value of 0 may be positive, nega- 
tive, or zero. 

Second law of motion. The Einstein-Planck law 
states that the equation of motion of a particle of 
charge c in a given external electromagnetic field 
(E, H) is 

d £ = f( E + - x H) 
at c 

The rate at which the field does work on the 
particle is given by 

c(E H — xH) • v = cE • v 

c 

The energy equation of the particle is dT Ult = 

tE • v. 

Longitudinal and transverse mass. Sometimes it 
is found convenient to express the Einstein-Planck 
equation in a form similar to Newton’s equation 
of motion of a particle. The acceleration vector, 
a = dy/dt , is written in the form a - a,, -f- a t , 
v%here a is parallel to the velocity vector, while a L 
is perpendicular to it. The force vector is written 
similarly as F = Fp +- F ± , where Fp and F ± are 
parallel and perpendicular to the velocity vector, 
respectively. Tin* Einstein-Planck equation of motion 
is equivalent to the following pair of equations: 

m o 

[1 - fl _ (,./ f )*]lrt “*■ * ^ 

The coefficients 

_ mo m o 

m ‘ ~ [1 - (v/cYV 12 ’ "" " 11 - 07’r) 1 i l/ * 

are called the "longitudinal mass” and the ' trans- 
verse mass” of the partic le, respectively. 

{Uniformly accelerated motion. As an example 
of motion according to this law. consider a particle 
which starts from rest at t - 0 and is accelerated 
in a homogeneous electrostatic field E. Taking the 
x axis along the direction of the field with the 
origin at the initial position of the particle, the 
equation of motion is 



with v = dx^dt. The solution of this equation can 
be written in the form 



Owing to the mathematical form of this solution 
the motion is frequently referred to as being 
hyperbolic. For small values of the variable 
(c|E|f/wioc) this formula agrees with that obtained 
from Newton’s second law of motion; namely, x = 
(£jE|/2m«))J 2 . With increasing time, the speed of 
the particle approaches the speed of light asymp- 
totically, as the inertia of the particle increases 
without bound. 


Four-dimensional formulation . The relativist* 
second law of motion of a particle, and its equat^ 
of energy, can be written in a unified form by 
of space-time coordinate notation. The coordinate^ 
will be written as x° = ct , x 1 = x , x 2 = y> _ r< ^ 
this notation being abbreviated to {*“} = ( (7r j 
Every 4-vector can be expressed, in a fixed inertial 
frame, as a combination of a time-component an<t 

3 " allU J 

-vector. 

The line-element in space-time 

(ds )- = (rf* 0 ) 2 — (r/jr l ) ” — (</jc =)2 — ( ^ {) , 

is invariant in numerical value and in algebraic 
form under Lorentz transformations. When the 
space variables aje identified with the coordinate* 
of a moving particle, it takes the reduced form 
ds = r\/l — ir/r 2 (It. 

The 4-velocity is defined by the relations u' - 
dx a /ds , so that 

t«~i - C-, — ! — . . ,/r ) 

VvT - v 2 /c l Vi - ,v,v 

The 4-momentum c»f the particle is { p' r } f ", 

The 4-dimensional form ot the law of motion is 

dp ' 'ds = f ( cr =- 0.1.2.3) 

where !/'*} is the 4-vector representing the four 
acting on the particle. 7’he time component (a l)i 
of this set of equations is the encrg\ erpi.ilinn 
while the space components ( a = 1,2.3) an* ilit 
equations of motion. 

On comparison of these expressions with tin 
Einstein-Planck law of motion, it is found that lm 
a charged particle in an external electroniaghHii 
field 

/ c(E 4- * x H) 

ir*i-( f - 

V 2 Y^l — 1 2 /c ? c*s / 1 — rVr ' 

The fact that this expression transforms like a 4 
vec tor under Lorentz transformations follows from 
the properties of the field vectors. This provide* a 
proof of the form-in variance of the Einstein- Plane k 
law under Lorentz transformations. 

The 4-dimensional form of the law of motion run 
he considered to he a generalization of the bin- 
stein- Planck law if the force 4-vector is assigned 
arbitrarily. 

Relativistic hydrodynamics. The basic postulate 

that no mechanical or electromagnetic influence 
can he propagated in space with a speed greater 
than that of light precludes the introduction of thr 
concept of a rigid body into the special theory « 
relativity. Every continuous body must have in 
finitely many degrees of freedom. For this reason 
hydrodynamic theory is the basic model for treating 
continuous media. Important differences from t e 
corresponding Newtonian theory of hydrodynam- 
ics arise from the necessity of taking into accoun 
the kinematical requirements of relativity theory 
The relativistic theory of hydrodynamics has no 
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contributed significantly to the experimental study 
0 i fluid motion but was of great importance in Ein- 
^ te in\ extension of the special to the general theory 
0 f relativity and to the study of cosmological mod- 
els of the universe. 

The behavior of a perfect fluid can be character- 
ed in terms of three physical quantities: (1 ) mass 
density (2) momentum density g. and (3) the 
infernal stress system ip tJ ) (see Fi uid-ilow pkop- 
^rn-s). These variables are connected by four 
sdlar differential equations; namely, the equation 
() f continuity and the equations of motion. The 
equation*' are formulated in such a manner that 
the\ resemble the corresponding equations of 
Newtonian hydrodynamics as closely as possible, 
ind aie form-invariant undei Lorentz transforma- 

nons 

It will sufti< e here to give the 4-dimensional foun 
0 f the equations of relativistic hydrodynamics. The 
energwnoiiientum density of the fluid is repre 
i,t nled h\ a symmetric tensor of second rank 
\f tl ] which is defined in terms of the physical 
\ mahles of the fluid hv the matrix equation 


p 


<Pv 

<Pz 

'fir 

Prr 

[>XV 

Pxz 



Pvu 

pyz 

JK* 

P™ 

P*u 

P 


1 ndci a loient/ transformation the components of 
inis tensor transform affording to the formula 


T'oft _ 


’ < fix’* fix’* 

X-Oc o dx x dv 


Ihese relations define the corresponding transfoi- 
mition properties of the physical \aiiahles. 

I hi equation of continuity and the equations of 
motion of the fluid, in the absence of external forte 
^ Ids, arc expressed by the four differential equ , 

tmns 


i 



dT ati 
dx * 


- 0 


(a = 0,1, 2, 3) 


Ktiatjvisiic m fctrodynamics ; Rflativiiy; 
SmMIMF. | F.L.HI.l 

bibliography: A. Einstein, The Meaning of Held 
1956; G. Joos, Them etical Physics* 3d rd.. 
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SPECIAL (RESTRICTED) THEORY 

The principle of relativity as formulated in 
1899 bv H. Poincare, and extended by him in 1904, 
Mated the impossibility of determining the abso- 
lute motion of a physical body, or of a physical 
reference system, by dynamical, optical, or elec- 
tromagnetic means. This principle was accepted by 
Einstein as the starting point of the special theory 
of relativity, and was associated with a fundamen- 
tal interpretation of the meaning of space and time 
as determined by physical measurement. 

The existence of a class » f uniformly moving 
(inertial) reference systems is admitted in the spe- 
cial theoiv of relativity, as in Newtonian mechan- 
ics, and the theory is stated only for these systems. 
It is convenient. for simplicity of expression, to as- 
sociate with each ineitial frame of relerence an ob- 
server who may he thought ot as makinu observa- 
tions on physical phenomena m terms of the coor- 
dinates of his frame The space and time variables 
of inertial observers are connected bv a group of 
mathematic al transformations known as the Lo- 
ient/ transformations. .See Lohfni/ i kansforma- 
i ions 

The principle of relativity is interpreted in a 
mathematical sense to imply that the equations of 
phvsus must he form-invariant under the transfor- 
mations of the Lorentz group. The basic physical 
assumption is that no mechanical or electromag- 
netic influence can transport energy from point to 
point in space with a speed exceeding that of light, 
approximately 3 X 10 10 cm sec. 

Moving frames of reference. The nature of the 
theory can he examined bv considering the special 
case of two observers using similarly oriented ref- 
erence fiarnes which move relatively along a com- 
mon (r,G) axis (see illustration). System S', 
with spare and time coordinates (\',y',z\t ' ) , 
moves to the right with speed v with respect to 
system S, in which the coordinates are (r,y 
The observer associated with each irame inteiprets 
his time variable in the usual sense as measuring 
time simultaneously at all points in his reference 
system. 

If the coordinates are adjusted so that the ori- 
gins of the two frames are in coincidence at the in- 
stants t - 0. t f = 0, as noted by the observers in 
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^ theory of the physical meaning of space and 
due largely to Albert Einstein. In its present 
torm - the theory consists of two parts: (1) the spe- 
•ial. or restricted, theory (1905), which explains 
'dt\ the laws of nature appear the same to all ob- 
* mers moving with constant velocity relative to 
° n<J another; and (2) the general theory (1916), 
''nich is the relativistic theory of gravitation and 
an extension of the special theory. Einstein’s ideas 
« a ' p l )e en of the greatest significance in the dari- 
2Jtion of the foundations of theoretic al physics, in 
* dition to their direct contribution to experimen- 
tal Physics. 


,s S' 
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S and S', the transformation equations connecting 
the space and time variables of the two systems are 


/ x — vt , 

>/l - (r Vf 2 ) 




£ — vz/c 2 
a/ 1 — (i> 2 /c 2 ) 

*' + , 
*-vrT(^ 

__ t' + r*'/c 2 

~ Vl - (r 2 /c 2 ) 


Z “ Z 


Here c is the speed of light. These equations re- 
duce to the corresponding Galilean transformation 
equations of Newtonian mechanics, x f — x — vt , 
y = y, z' = z % t' — t in the limit v/c 0. It is an 
important epistemological feature of Einstein’s 
theory that relations of this type can be established 
by consideration of physical measurements on mov- 
ing bodies by means of light signals. 

Two relations of particular interest will be con- 
sidered as illustrative of the meaning of space and 
time variables as formulated by Einstein: (1) the 
contraction of a body in the direction of its motion 
(FitzGerald-Lorentz contraction), and (2) the 
slowing of the rate of a moving clock (time-dilata- 
tion ) . 

FitzGerald-Lorentz contraction. Consider a phys- 
ical body which is at rest in system S', and which 
has an exterior surface F' which is described by 
the equation <p(x 'Y,/) = 0. To an observer in S, 
this body appears to be transported to the right 
with speed v. To determine the apparent form of 
the surface F of the body as observed in S, the 
primed variables are eliminated from the equa- 
tion of F'. The equation of F is found to be 


$i(x 9 y,z) 


( x — vt 

Vr^rVc 2 )’ 7 ’ 



For example, a sphere of radius n in S', with equa- 
tion (x ') 2 -f (y ) 2 + (z ') 2 — a 2 = 0, appears to an 
observer in S to be the moving ellipsoid 


( + (*)* + (*)' 

\flVl — (t’ 2 /c 2 ) ' \tt/ \a/ 


with semiaxes (a\J 1 — (i r/c 2 ) ,a,a) . It follows that 
the surface F can be obtained from F' by a uni- 
form contraction in the direction of motion by a 
factor Vl — ( v 2 / c- ) . 

The famous Michelson-Morley experiment can 
be interpreted, in the sense of Einstein’s ideas, as 
showing (among other things) the physical reality 
of the contraction of the interferometer in the di- 
rection of its motion. For a detailed discussion of 
the Michelson-Morley experiment, see Light. 

Rate of a moving clock (time dilatation). Con- 
sider two events which occur at a fixed point in S', 
but at different times, t'\ and t'o, with t ' 2 > tf 1. As 
observed from S, these events take place at differ- 
ent points in space (x\ ,y,z) and (X2,y*z), and at 
different times ti and 1 2, such that x 2 — X\ ■ 


v(t 2 — h). It is found from the transformation 

equations connecting S and S' that 


— / — 

Vl - ( v*/c *) 

Since H — t l and t ' 2 — t\ have the same algebraic 
sign, the order of the two events in time is the 
same in S' and S. However, the time interval be. 
tween the events appears to the observer in S to 
be longer than it does to the observer in S'. This 
result is interpreted by the statement that a moving 
clock appears to run at a slower rate than an iden- 
tical clock at rest, in the ratio VI — (v 2 /r 2 ), where 
v is the speed of the clock. See Clock paradox. 

A modification, of the Michelson-Morley experi- 
ment, known as the Kennedy-Thorndike experi- 
ment, has been developed for the study of the time- 
dilatation effect. The results of the experiment 
were in complete agreement with the theory. An in- 
direct verification of the effect has been provided 
by the observation that the measured lifetime of 
high-energy mesons increases with energy. 

Four-dimensional formulation. The mathemati- 
cal development of the special theory is much faril 
itated by a 4-dimensional formulation which 
initiated by H. Poincare and stated more com 
pletely by H. Minkowski (see Spa< e-time). Let 
the variables x {) = ct , x 1 = x, y, x K - z Ir 

considered as coordinates in a 4-dimensional span* 
time. In the following equations every Greek index 
takes the values 0, 1. 2, 3, while a repeated index 
indicates a summation over these values. 

Under a Lorentz transformation the differential^ 
{ dx "} transform according to equations dx' a - 
Ly dx p , such that the quantity 

(ds) 2 = jj afi dx a dx * 

« (dx 0 ) 2 - (dx 1 ) 2 - (dx 2 ) 2 - (dx 1 ) 2 

is invariant both in numerical value and in alge- 
braic form. Here the quantities (77,^) are defined 
by the relations 


7700 «= +1 *711 ~ 7722 — 7733 — ~1 

7)„ 0 = 0 if a ¥* f$ 

A repeated Greek index indicates a summation over 
all values of the index from 0 to 3. 

If dx — dx H + dx 2 ) + dx :i k is the infinitesimal 
displacement vector connecting neighboring 
on the trajectory of a particle, and if the parNrJe 
velocity is v = dr/dt , then ds/c -= VT- (v/c) l dt- 
In an inertial frame in which the particle ^ 
instantaneously at rest ( v = 0) , ds/c is equal to t * 
time interval dt measured by the observer in tha 
frame. 

The motion of a material particle between spa<* 
points (x 0 , yo, z 0 ) and (xi, y u z \ ), which it occupy 
at times £0 and £1 in a fixed inertial system, can ^ 
described in space-time coordinates by a set 
equations x a =* x a ( 0 ) where the parameter 9 ( 

6 ^ 1) is adjusted so that {s a (0)} * (doW#^. 
and {**(!)} » (c£i,^i,yi,zi). This 4-dimension 



t urve is called the world line of the particle be- 
the given points in space-time. The integral 

(is r i ds d$ 
c ^ dS c 

ls well defined and is referred to as the lapse of 
proper-time of the particle between the given 
points. It is usually assumed to he equal to the 
lime interval which would he measured hy a physi- 
ol ( lock accompanying the particle. 

For a particle moving with the speed of light 
I, ^ r), (is = 0. World lines along which ds = 0 
d re said to he singular. According to relativistic 
mechanics, singular world lines aie associated with 
particles of zero rest mass, such as photons. The 
w orld line of a particle of nonvanishing rest mass 
is not singular at any point. See Rilalivisiic 

MM lUNJfh. 

The 4-v< locitv of a material paitiele is defined 
h\ the relations u n = dx'/ds , and its 4-acceleration 
b\ a 1 •- dti' ds. These quantities obey the condi- 
tions 

rio^'ii** - (//°) 2 (id)" (id) 2 (id) 2 — 1 

r},^n a id = (did - (did - (did - (did =- 0 

Hum 1 definitions provide a means of transforming 
ill kmematical quantities under Eorentz transfor- 
mations 

I he formulation of the equations of mechanics, 

< 1m finely namics. thermodynamics, and hvdrody- 
^ in 4-dimcnsional form reveals internal svm- 
im lues in their structures which are not otherwise 
ipparent. Even when it is desirable, for clarity of 
pliwcal expression, to maintain a sharp distinc- 
tion between space and time variables, the space- 
time formulation provides an efficient mathemati- 
il technique for relating observations made in 
moving leteiem e systems. 

The concept of the line-element in space-time as 
i fundamental physical entity was of great impor- 
tin' in Einstein’s extension of the special to the 
^neial theory of relativity. From this starting 
point he developed his basic idea that the gravita- 
tu, nal field is representable in terms of an intrinsic 
Cornell ical structure of space-time. [e.l.HI.] 

GENERAL THEORY * 

Hiis is the relativistic theory of gravitation, pub- 
lidifd h\ Einstein in 1916. It superseded the classi- 
ld * dipory of gravitation, which had been formu- 
‘ 1,fl( l hy Isaac Newton almost 300 years earlier. 
Eton’s theory had been outstandingly successful 
1,1 p M»laining the motions of all celestial bodies un- 
1 e| ^ le influence of their mutual gravitational at- 
,lar1| on, hut based as it was on the prerelativistic 
* u n< epts of space and time, Newton’s theory was 
‘Consistent with the new concepts of space and 
,lrne associated with the restricted theory of rela- 

Hie general theory of relativity rests on the so- 
^ ll p d principle of equivalence, which asserts the 
l ,,, 'alenee of gravitational forces and inertial 
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forces, that is, the forces experienced by acceler- 
ated observers, such as persons in a rolling ship, 
for example, or in an automobile coming to a sud- 
den stop. Capitalizing on the principle oi equiva- 
lence, the general theory of relativity modifies fur- 
ther the space and time concepts of special relativ- 
ity and arrives at the notion of the curved space- 
time continuum. The flat space-time of special 
relativity remains a special case in which the curva- 
ture is zero, and it represents physically the ab- 
sence of gravitation. 

Once the geometric properties of space-time 
were fused with the physical phenomenon of gravi- 
tation. the general theory of iclativity proceeded to 
the humiliation of a new law for the gravitational 
held. Einstein’s law of gravitation, which was sup- 
plemented hy a new law of motion for bodies sull- 
ied to gravitational forces. 

These new concepts, all of which were proposed 
hy Einstein in 1016, have been the subject of fur- 
ther intensive exploration ever since Because of 
the complexity oi the laws, the search for mathe- 
matical solutions, that is, fields that obey the laws, 
is a continuing challenge. Also, the predictions of 
the new theory, to the extent that they differ from 
those of Newton’s classical theory, have become 
the subject of numerous experimental investiga- 
tions. 

Principle of equivalence. This is based on the 
observation that in free fall, all bodies undergo the 
same acceleration (see Free fall). Newton ex- 
plained this fact in terms of his law of gravita- 
tion. In this law the mass plavs a dual role: on the 
one hand, the' mass is the ratio between the force 
acting on a body and the resulting acceleration; on 
the other, the gravitational force itself is propor- 
tional to the mass of the body that is falling. In 
these two role's, mass is frequently referred to as 
ineitial mass and as gravitational mass, respec- 
tively. Newton assumed that for all material bodies 
these two masses are equal. The first confirming 
experiment of high accuracy was performed in 
1890 by R. Ecitvos ; his findings viere conhimed and 
extended bv several other workers, such as 
I.. Southerns in 1910, and P. Zeeman in 1917. See 
Gravitation. 

If it is true that in a gravitational field all bodies 
are accelerated at the same rate (which is approxi- 
mately 980.6 cm sec- on the surface of the earth), 
then gravitation shares this peculiarity with, so- 
called inertial Fields. According to c lassical (pre- 
relativistic ) physics, inertial fields are not true 
force fields at all; that is to say, they do not repre- 
sent interactions between material bodies. An iner- 
tial field arises whenever the observer is himself in 
accelerated motion. Newton’s first law of motion, to 
the effect that in the absence of external forces 
bodies remain in their states of rest or of uniform 
rectilinear motion, is valid only if their motions are 
described with respect to an unaccelerated ob- 
server, an inertial observer. Otherwise the peculi- 
arities in the motion of the observer are reflected in 
the (apparent) observed accelerations of objects 
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not subject to external forces. Examples of such 
external forces are centrifugal forces. Coriolis 
forces, and the effects observed inside vehicles that 
accelerate or decelerate suddenly. 

Einstein’s elevator. Because both in free fall 
and in inertial fields the observed accelerations of 
materia] objects are independent of their masses or 
other individual properties, it is difficult, if not im- 
possible, to tell them apart by means of experi- 
ments or observations based on local conditions. 
To elucidate this point. Einstein considered a win- 
dowless elevator whose cables had been severed 
and which was falling freely in its shaft. If air re- 
sistance could he neglected, then the elevator itself 
would fall at the same rate as a passenger or other 
objects in its interior. Thus, if the passenger were 
to release a ball from his hand, the hall would not 
approach the floor hut would remain floating in 
mid-air, because the rate of its fall would equal 
that of the elevator. In this respect, then, the in- 
terior of the freelv falling elevator would resemble 
conditions in interstellar space. 

Conversely, if the elevator weie brought into in- 
terstellar space and if an imaginaiy being were to 
pull with constant force at a cable attached to the 
roof, then conditions in the interior would resem- 
ble those experienc ed in a field of gravity at rest. 
In this case an inertial field would masqueiade as 
a gravitational field. 

The principle of equivalenc e asserts that the ob- 
servable local effects of inertial and gravitational 
fields are indistinguishable, that to this extent they 
are equivalent. 

The principle of equivalence does not assert 
equivalence of inertial and gravitational fields in 
all respects. For instance, if one were to make a 
survey of the magnitude and direction of the force 
field in an extended domain, then one < mild deduce 
from the data obtained the presence or absent e of 
a gravitational field. In the absence of a gravita- 
tional field it is possible to prescribe the motion of 
an observer in such a manner that for him the ap- 
parent accelerations of bodies not subjet t to other 
forces (for example, electric or magnetic ) vanish 
throughout the domain surveyed; in the piesence 
of a gravitational field this is impossible. In other 
words, the gravitational field, according to the 
principle of equivalence, is characterized by its in- 
homogeneities. 

Einstein’s law of gravitation. In geometrical 
language, if one cannot construct a frame of refer- 
ence (that is to sav. an observer equipped with 
measuring rods, clocks, and other facilities to per- 
form kinematic experiments) in which gravita- 
tional-inertial fields vanish throughout an extended 
domain, then that space-time continuum is curved. 
Whereas the curvature of a 2-dimensional manifold 
(an ordinary surface) is characterized by a single 
parameter at each point, a 4-dimensional manifold, 
such as the space-tirne continuum, requires 20 pa- 
rameters at each point. Only when all 20 vanish is 
the continuum flat. Einstein conjectured that these 
20 parameters contained the intrinsic characteris- 


tics of the gravitational field, those that would not 
depend on the state of motion of the observer an( j 
hence, that the laws of the gravitational field would 
have to place some restrictions on these 20 param 
eters of curvature. There remained the task ot fi n( j 
ing such restrictions that the resulting |)hvsi< a | 
laws would reduce to those of Newton’s theory ln 
all situations in which Newton’s law was known to 
yield the correct answers. Einstein succeeded i n 
showing that the desired laws consisted of the i<. 
qmrement that 10 of the 20 parameters should van 
ish in the absence of other physical fields or nutter 
and that in their presence these 10 paiarnrtns 
should be proportional to the density of mas-, (,„ 
energy ) , to the density of linear momentum, and to 
the stress in various directions (which im ludes tin 
pressure), respectively . These relationships, yvhn b 
take the same mathematic al form for all observers 
together are known as Einstein’s law of gravitation 
Principle of < ovarinnee. In classical physics 
well ds in the special theory of relativity, the taw* 
of physics are formulated so as to hold with res pm 
to a certain class of observeis, or frames ot iefn 
erne, the so-called inertial observers, or mertnl 
flames of reference. These are the observer with 
respect to whom force-free* bodies arc* unaurier 
ated. According to the principle of equivalence it 
is impossible to identify an inertial ftame of refer 
erne by locally conducted experim^hts, at least m 
the presence, or suspcc led presence, of a giawta 
tional field Alternatively, one would have to admit 
all conceivable observers or frames of lefnenu 
rcjmrdless of their state of motion, foi a desc nj» 
turn of natme and the humiliation of its laws ho 
quently, therefore, the asserted equivalence of all 
frames of reference is called the principle of e(|ui\ 
alenc e, and this humiliation of the principle is |ii"' 
as valid as the one presented previously 

The mathematical equivalent of this plqsmi 
principle is the requirement that the Jaws of nature 
should take the same mathematical form in al! '<»■! 
ceivahle curvilinear coordinate systems, if arta 
trary new coordinates are substituted for an oriju 
nal set of coordinates, the differential equation 
representing all the laws of nature are to repiodm* 
themselves automatically. This formal reqm 1 
is known as the principle of covariance. Einstein" 
law of gravitation satisfies this principle. 
physicists agree that any future development*' 01 
modifications of Einstein’s theory will have to ^t 
isfy the principle of covariance as well. 

Law of geodesic motion. The classical, lNcwi° 
nian theory of gravitation consists of two distinc t 
sets of laws. One law, which is specific for gravit* 
tion, states that the attractive force between w n 
bodies is proportional to their masses and invert ' 
proportional to the square of the distance between 
them; the other law (Newton’s second law of ,T ^ 
tion) states that the resulting acceleration of ea ^ 
body is proportional to the force acting on it- aI ^ 
inversely proportional to its mass. Einstein s 
gravitation corresponds to the first of these 
laws. The second, the law of motion, takes a ° r 



that corresponds to the (local) equivalence of 
crravitat ioiial and inertial forces in the general 
thcorv of relativity: in the absence of nongravita- 
tional forces the trajectories of all bodies in the 
^dimensional space-time continuum are to be the 
mnS t nearly straight lines possible in a curved man- 
j( 0 |d (so-called geodesic lines) ; in the presence of 
other fields, such as electromagnetic fields, these 
ire to determine the curvature of a trajectory. For 
relatively slow motions this requirement results in 
a motion that is very close to the motion corre- 
sponding to Newton’s second law. The law of g eo- 
( | e dc motion also obeys the principle of covariance. 

Lntrr developments in the theory of motion. The 
original principle of geodesic motion leaves some- 
thing to be desired in that any body of finite mu*s 
h\ it* very presence contributes to the curvature of 
,|,a< e-time, and in a manner dependent on its mo- 
I ,,, n . Hence it would appear as if trajectories and 
|, Mai geomcliv depend on each other in a manner 
that prevents the determination of either. In 1937 
Tm-fein. L Infeld. and B. Hoffmann succeeded in 
showing that the geodesic principle is unnecessarv 
for llir determination of a particle’s trajectory in 
iriMieral iclativily. It is sufficient to lequire that 
milsule the particle itself, in empty space, Kin- 
sirin's luv> of the* gravitational field he satisfied. 
The particle is then constrained to move in the 
im i,i I fashion, without the separate formulation of 
;i geodesic or similar law. That the law of motion 
i- a eonsequence of the laws of the gravitational 
field represents a situation not encountered in other 
uirrent physical theories. However, it has been 
diown in more rec ent work that the same situation 
would hold in a wide class of conceivable theories 
^itidving the requirements of the principle of eo- 


Solutions of the field equations. Einstein’s law 
"f gravitation represents a set of partial nonlinear 
'hlTcienlial equations of considerable complexity. 
il,1( l solutions are difficult to find. But to explore 
physical meaning of the theory, to compare 1 it 
f" known tacts, and to subject it to further experi- 
m, ‘ n i«l tests recpiires some knowledge of the solu- 
Efforts have gone in two directions. One ap- 
has been to search for special hut exact 
s,> li)tioTis ; tl| f > either, to construct approximate but 
'"\ geneial solutions. The exact solutions are con- 
"idiTfd first. 

^'hmirzschild's solution , K. Schwarzscbild in 
'dh found a solution of Einstein’s equations that 
,f a responds to the gravitational field caused by a 
fl,asv P°*nt or a ponderable sphere. At considerable 
' from the center of the mass point or 

1/^ ^ ( ‘Ewarzschild’s solution is indistinguisfi- 
n from the Newtonian gravitational potential, 


which 


inversely proportional to the distance 


N r, ! m ^ 1P center. At close distances (the so-called 
' !warzsf, hild radius, or gravitational radius) the 
[I*™! 1 " 1 becomes infinite. This is approximately 
f * sta nce at which the escape velocity, that is, 
( 'Hoeity which the mass point must have to es- 
a P p the gravitational field, approaches the speed 
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of light. Because actual ponderable bodies in na- 
ture are not mass points but are extended in space, 
conditions at the Schwarzscbild radius are not ob- 
servable. If the entire mass of the earth were con- 
centrated in one point, then its Schwarzschild ra- 
dius would be 1 cm. 

Neither Newton’s nor Einstein’s theory of gravi- 
tation forbids the occurrence of negative masses. 
Such masses would repel, rather than attract, other 
bodies of positive mass. Negative masses have not 
as yet been observed in nature. Unless they are dis- 
covered at some future date, the failure of all 
known theories of gravitation 6 exclude them must 
be considered a defect. 

Other static solutions. H. Weyl and T. Eevi- 
Civita during the years 1917 1921 discovered solu- 
tions corresponding to fields that might be pro- 
duced by masses arranged along an axis of sym- 
metry in arbitrary fashion. Their solutions are sig- 
nificant chiefly because outside of Schwarzschild’* 
solution they are the only static solutions as yet 
discovered (except for approximate solutions). 
They include a so-called dipole field* one that 
would be produced by a positive and a negative 
mass of equal magnitudes in close proximity to 
each other. No physical field of this type has ever 
been observed, though electric and magnetic di- 
poles are well known. 

Gravitational waves. In 19.37, Einstein and 
N. Rosen discovered solutions that could be inter- 
preted as waves produced bv oscillating ponder- 
able mutter along an infinitely long cylindrical 
axis. Such waves would spread from their source 
with the speed of light; they could he observed, in 
principle, because systems of musses placed in 
their path would begin to oscillate. Though the dis- 
tribution of the sources appears to he of a sort that 
could never occur in nature, the Einstcin-Kosen 
waves arc; of considerable theoretical interest, as no 
one had. as of early 1960, succeeded in obtaining 
rigorous gravitational waves spreading from a cen- 
tral region of small extension in all directions. Be- 
tween 1958 and 1960. H. Bondi. F. Pirani, and 
I. Robinson, and independently N. Rosen and A. 
Peres, published rigorous solutions that represent 
plane and plane-fronted waves. These investigations 
are continuing. Several investigators, foremost 
among them J. Weber, are locking into the possibil- 
ity of discovering gravitational waves experimen- 
tally. Their discovery, and perhaps their production 
in the laboratory, would not only he a welcome 
confirmation of one of the predictions of the theory, 
but would be of great significance for the whole of 
physics. 

Approximate solutions. Because rigorous solu- 
tions are available only in very special cases, ap- 
proximate solutions have been discussed widely, 
this despite the fact that in many cases the exist- 
ence, and the properties, of an approximate solu- 
tion do not guarantee the existence of a similar 
rigorous solution. With the help of approximate 
solutions most of the work on the theory of motion 
has been done; waves of more general types than 
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those of Einstein and Rosen have been constructed 
and examined; and the properties of possible 
sources have been classified (P. Bergmann and 
R. Sachs, 1958). 

Observational tests of the theory. By and large, 
the general theory of relativity makes but a few 
predictions that deviate from those of Newton’s 
theory of gravitation. Its principal advance is that 
it places the theory of gravitation on foundations 
that are compatible with the remainder of modern 
physics (.see Quantum held iheory; Unified 
field theories). The principal predictions of gen- 
eral relativity that permit experimental verification 
are (1) a modification in the orbit of Mercury, 
(2) the deflection of light rays passing close to the 
sun, and (3) a slight decrease in the frequency of 
spectral lines of radiating physical systems located 
in places of large gravitational potential. 

Orbit of Mercury. Because of the slight pertur- 
bations of one planet on another, all planetary or- 
bits rotate very slightly, so that the locations of 
their apsides change in the course of time. In the 
case of Mercury, general relativity predicts an ad- 
ditional rotation of the apsides of about 43 sec of 
arc per century, which, in spite of its smallness, 
has been verified with satisfactory accuracy. 

Deflection of light. According to general relativ- 
ity. light rays passing close to the limb of the sun 
suffer a slight deflection, which at best amounts to 
less than 2 sec of arc. Such a deflection, resulting 
in the apparent displacement of stars from theii 
normal locations in the skv, can he observed only 
during total eclipses of the sun. Since 1919, everv 
total eclipse has been exploited for this purpose, 
with the result that in spite of the difficulties of ob- 
servation, the predicted effect has been verified 
with an accuracy approaching 5 v / ( . 

Gravitational red shift. A shift of spectral lines 
toward the red has been observed both on the sun, 
where the effect is masked by many othei disturb- 
ances. and also in the case of a few very massive 
and dense stars, the so-called white dwaris. In 
1956, F. Singer suggested an experiment involving 
the installation of an atomic clock ahoaid an arti- 
ficial satellite. J. Zacharias suggested somewhat 
earlier a purely terrestrial experiment involving 
the compaiison of two atomic clocks at different 
altitudes. Finally, early in 1960, J. Schiffer, T. 
Cranshaw. and A. Whitehead in England reported 
the successful observation of the gravitational red 
shift in an experiment in whic h gamma rays emitted 
by the artificially radioactive iron isotope Fe’ 7 are 
absorbed by a crystal containing the same isotope 
(Mossbauer effect). Bv separating emitter and 
absorber a few meters vertically, they demonstrated 
loss of absorptivity (because of slight loss of reso- 
nance), which could be restored by a very small 
relative velocity of just the right magnitude. This 
method, which had also been suggested by R. V. 
Pound, may turn out to be the most accurate ex- 
perimental determination of the gravitational red 
shift possible. By comparison, the astronomical 
observations, though qualitatively in the right direc- 


tion, are probably quantitatively unsatisfactory 
See Atomic clock; Einstein shift, [i*.c, b' 
Bibliography : P. C. Bergmann, Introduction tl 
the Theory of Relativity , 1942; A. Einstein, On the 
Special and the General Theory of Relativity - f 0r 
the General Reader (1917), English tr„ Relativity 
the Special and the General Theory , 1920; A. Em. 
stein, The Meaning of Relativity , 5th ed., ]%f). 
A. Einstein and L. Infeld, The Evolution of PhvM ( & 
1938; II. A. Lorentz, A. Einstein, et al.. The Pnn 
ciple of Relativity , reprint, 1952; C. M0llcr. Tin 
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Relaxation oscillator 

An electronic circuit which has two stable states 
resulting in two distinct output levels, and which 
switches hetween the two states at a rate deter 
mined by the rate of rise or decay of voltage across 
the storage element in an RC or RL circuit. Tin 
output waveform is usually nonsinusoidal. and ma\ 
he approximately a square wave, a saw tooth wave* 
or a series of short repeating pulses. See Wvu 

SH API NL ( IRC HITS. 

One of the most widely used forms of relaxation 
oscillator K the astahle multivibrator (see Mini 
mijrator) which generates a rectangular m scpi.m 
wave. In this circuit two devices are connected hi 
that thev are alternately on and off. Connected to 
gether by a positive feedbac k path.^lhev arc drum 
rapidlv fiom one state to the othei. 

There is also a class of circuits in which a single 
devic e has two stable conditions, either nn-ofl oi on 
wit4i two distinct slates or levels. Switching lie 
tween the two states usually involves an R(, tim< 
constant. The blocking oscillator (sec Hmhmm 
oscillator) is representative of such a cite nil 
which also includes a positive feedback path 

Gas-tube relaxation oscillator. A gas-filled diode 
or triode can function as a simple relaxation ohiI 
latoi. For example, the circuit using the glow dp 
charge tube shown in Fig. 1 will generate a fwd 
amplitude, periodic saw-tooth waveform. When tlu 
rising exponential of voltage reaches the bicak 
down potential F, n . lv of the tube, the capacitance ( 
discharges through the tube and the voltage is 
ered until the extinction potential is reached ^ 


V B (+) 



Fig. 1. Glow-tube relaxation oscillator. 
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w hich time the cycle is repeated. The gas thyra- 
tron (Fig. 2) functions in the same manner except 
that the breakdown voltage is controllable by the 
grid voltage, as shown by the breakdown charac- 
teristic, and therefore affords an opportunity for 
control of repetition rate and waveform amplitude, 
(sec Saw-tooth wavk). 

Vacuum tube relaxation oscillator. There are a 
variety of single-tube relaxation oscillators which 
d re bistable in nature; that is, there can be two dis- 
tinct voltages for a given current, or possibly two 
distinct currents for a given voltage, dependent 
upon the voltage of other control elements. An 
external circuit containing storage elements, such 

capacitance, can be made to cause the device to 
switch between the two conditions. 

One such circuit is the historic, but little-used, 
\an dor Pol oscillator shown in Fig. 3. If the sup- 
pressor grid of the pentode is highly negative, no 
plate current can flow, all the space current flows 
to the screen grid, and the screen voltage is low 
betaine of the series resistance in the screen rir- 
, nit. This is one stable, or equilibrium, condition. 
On the other hand, if the suppressor voltage is zero 




^9 2 Thyratron relaxation oscillator, (a) Typical cir 
cult, (b) Breakdown rhnrnrterktir. 





Fig. 5 Unijunction transistor as relaxation oscillator. 

or slightly positive, most of the space current will 
go to the plate, and the screen voltage will he 
highei. Bei ausp of the RC lime constant in the sup- 
pi essor-scrern circuit, neither of these conditions 
is maintained, and switching action takes place be- 
tween the two at a rate depending upon the rise 
and fall of voltage across C % which is a function of 
the RC time constant. 

Use Of solid-state devices. Multivibrators em- 
ploying transistors find widespread use. There are 
other relaxation oscillators using single transistors 
or transistorlike devices with a current gain 
greater than unity, such as the point-contact tran- 
sistor, which can be arranged as a relaxation os- 
cillator as sh iwn in Fig. 4. During the on period a 
large collector current flows through Rr and Rc . 
making the base slightly negative, and the capaci- 
tance C charges toward a negative potential 
through the emitter circuit. It finally reaches a 
point at which the current gain drops to less than 
unitv. The voltage drop across Rr suddenly de- 
creases. and the emitter circuit becomes reverse 
biased. The emitter will remain reverse biased Until 
C can again charge to the conduction level through 
Rr. The circuit is suitable for the generation of 
short pulses, such as those needed for trigger cir- 
ruits. 



440 


Relaxation time (electrons) 

As shown in Fig. 5, a unijunction transistor, 
sometimes called a double-base diode, may be used 
as a simple relaxation-oscillator trigger generator. 

[C.M.G.1 

Bibliography : S. Seely, Electronic Engineering , 
1956; R. F. Shea, Transistor Circuit Engineering , 
1957. 

Relaxation time (electrons) 

The characteristic time interval required for an 
assembly of electrons in a metal or semiconductor 
to approach the equilibrium distribution after the 
sudden removal of a perturbation. 

The equilibiium distribution for such an assem- 
bly of electrons, called an electron gas, is the 
Ferrni-Dirac distribution, /o(e), where c is the 
electron eneigy. Undei the influence of certain 
perturbations, such as an electric field applied to a 
metal, the electron distribution reaches a steadv- 
state value which differs from /»(*). If this per- 
turbation is suddenly removed, the elec tron gas 
will gradually approach a distribution given by 
/ 0 (c ). The processes which tend to restore equilib- 
rium are various collision mechanisms, such as 
election-electron collisions, collisions of electrons 
with stationary imperfections, and interactions be- 
tween electrons and lattice yihrations. A relaxation 
time t can he defined, provided the approach to 
equilihfium is exponential, that is, provided 



Here /(k.r) is the nonequilibrium distribution 
which is generally a function of the wave vector k 
of the electron and of the position r. The wave 
vector k rather than the momentum p is used here 
because in crystalline solids the quantum-mechani- 
cal state of an electron can be specified bv means 
of k. Frequently the relation /ik = p holds, where 
h is Planck’s constant h divided by 2i r, but this is 
not generally true. See Band ihforv oi solid*. 

The conductivity of a perfect crystalline solid 
in which there are conduction electrons should be 
infinite because in such a lattice there would be no 
relaxation mechanisms and a current, once estab- 
lished. would never decay. The observed conduc- 
tivities of metals show that the electron relaxation 
times at room temperuture are quite short, of the 
order of 10 M sec. Even at low temperatures, the 
relaxation times in nonsuperconducting metals are 
still about 10 n sec even in very pure samples. 
These short relaxation times must he a consequence 
of imperfections in the crystal, and the temperature 
dependence of the conductivity of metals indicates 
that at least one of the relaxation mechanisms is 
associated with the thermal excitation of the lat- 
tice. Thermal, or lattice, scattering, arises because 
the thermal vibrations of the crystal’s ions about 
their equilibrium positions destroy the perfect pe- 
riodicity of the ideal lattice. The perturbation 
which is introduced into the crystalline potential 
gives rise to scattering from one state k to another 


state k 7 , and the probability for such an event i n . 
c reases with increasing thermal agitation. See Lat- 
tice vibrations ; Resistivity, electrical. | y B j 
Bibliography : S. Fluegge (ed.), Handbuch drr 
Physih % vol. 19, 1956; F. Seitz and D. Turnbull 
(eds. ) , Solid State Physics , vol. 4, 1957. 

Relay 

A device, usually electromagnetic, that uses a van 
ation of the current in one circuit to control condi- 
tions in another circuit. Relays are commonly used 
for remote switching and control, protection of 
electrical devices and systems, and in digital coin 
puters. All relays are essentially composed of thor 
elements: an actuating element, a movable clemeni 
and a set of contacts. Relays may be classified a< 
cording to time aMion, mechanical details or prin 
ciple of operation, and application. 

Classification by time action. Time action refers 
to the length of time from the instant that the udu 
ating element is energized to the instant that \ht 
relay contacts are closed. If the time action is spe< i 
fied as instantaneous, the contacts are closed im 
mediately after the current in the actuating coil <*\ 
ceeds its minimum calibrated value. If the relay h,e 
a definite time limit, there is a definite time claps* d 
between the instant that the current in the adudl 
ing coil exceeds its minimum calibrated value and 
the instant that the relay contact* are operatic! 
This time setting should be independent ul thf 
amount of current fhtough the actuating coil, b* 
ing the same for all values of current in excess *»f 
thq^minimum calibrated value of the relay Tin 
time action may also he specified as inverse-turn 
The time delay is inversely proportional to tbr 
amount of excitation; that is. the greater the e\u 
tation. the less is the time delay of relay action 
Practically all inverse-time relavs are provid'd 
with a definite minimum time feature, so that tin 
relay never becomes instantaneous in its a< tion 

Classification by mechanical design. The mo i 

important relay designs are fl) armature or < Ian 
per type, (2) plunger, (3) induction disk. (4) in 
Auction cylinder, (5) beam tvpe, (6) balance 



Fig. 1 . Armature or clapper relay construction, if 
K. Henney and C. Walsh , Electronic Compo 
Handbook , McGraw-Hill, 1957 ) 
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beam, (7) inductor loop. (8) multiple pole induc- 
tion (UP- W P° ,ar element, (10) thermal and 
ill) various electronic tvpes The more common 
hpes of design are discussed m the following para- 
graph** 

irmature or clapper type Figure 1 shows this 
(onimon type of relay The electromagnetic coil at 
traits the pivoted armature to the pole fate The 
armature lever, which is fastened to the armature, 
also moves and operates the movable contact aim 
If current is removed from the coil, the armature is 
returned to its original position by a spring The re 
In is shown in its unenergized position The inova 
lie contact is making contact with the back ion 
tut hut not the front contact The hack contact is 
tlurefore called the normally dosed (NO contact 
md the front contact the normally open (NO) con 
tat t The number, arrangement, and sequence of 
iperution can he varied according to the design of 
this or other types of relays Figure 2 shows the 
ontac t arrangements and nomenc latuie 
Piling* r type This tvpe shown in 1 lg \ is prob 
tbl\ the simplest in design featmes The magnetic 
Id created bv the solenoid or coil causes the 
I lunger to use ind operate the relav contacts Tht 
r» 1 1 \ rrn\ he designed for a vanetv of contact 
nnngcimnts shown m Fig 2 This tvpe of relav 
i ( '*> pM 1 1 1 1 v adaptable to instantaneous ac lion 
hulu(tum disk relay The indue tion disk irluv 
I r 1 operates on the same principle is the coin 
mn v\ itt hour meter It operates on alternating 
iriuit onlv The disk corresponds to a shoit 
ir iiitcd secondary like the squirrel cage rotor of 
in induction motor The iron core is generally dc 
i r ncd with three pedes one located below the disk 
inf i wn smaller pedes located above the disk Van 
i s uringements of exciting coils are possible de 
nchng upon the function to be performed lr» 
\ the upper poles are excited bv senes cur 
r nt (oils while the lower pole is excited by a po 
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Rational Association of Relay Manufacturers (From 
Cockrell, Industrial Electronics Handbook, 
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Fig 4 Induction disk power relay 


tentidl thus making the relav a power device 
1 ddv t urrents are induced in the disk, and a result 
ant torque is proportional to the magnetic flux and 
the c ddy c ui rents The disk di ives a moving c ontact 
toward a stationary contact which forms the switch 
lor lelaving purposes 

An induction disk relay has an inverse lime char- 
ac tensile the disk rotates slowly for small values 
of exc itation more rapidly for larger exc itations 
A permanent horseshoe magnet provides damping 
which me leases with an increase m the speed of 
the disk I he damping theiefore places an upper 
limit to the speed of the disk 

Induction t vhnder rtlay \ typical induction cyl- 
inder relay is illustrated in Fig S The iron core is 
composed of four poles with a cylinder or cup of 
conductive metal suspended in the air gap Torque 
is developed in the rotor (the < ylinder in this easel 
if two magnetic fields are produced at different 
points and H these magnetic fields are out of time 
phase with each other Cylinder rotation is used to 
position a movable ( ontac t m relation to fixed eon- 
tacts Two diametrical poles are often considered 
as a single pair and excited by the same current, 
as shown by the two veitual poles These may be 
current or voltage excited The two other poles in 
the horizontal axis are shown with independent 
windings, the excitation of which is dependant 
upon the partic ular function to be performed. 
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Balanced-beam relays . A beam type of relay is 
illustrated in Fig. 6. The armature is a beam piv- 
oted at its center. Two magnetic poles, one at each 
end of the balanced beam, act on the armature. 
One pole is wound with a current winding and the 
other pole has two potential coils. If the magnetic 
forces of the current and potential coils are equal, 
the beam will rest in its reference position. If one 
of the poles delivers a greater magnetic pull than 
the other, the beam will deflect and a contactor 
operation will take place. This relay is particularly 
adaptable to transmission-line protection, in which 
the relay essentially acts to measure the line im- 
pedance from the relay position to the point of 
fault. 

Thermal relays. These relays have a resistance 
heating element which heats a bimetallic stiip. One 
of the metals in this strip has a higher coefficient of 
expansion than the other. Therefoie. as the strip 
heats, it bends and makes contact with a stationarv 
contact, as in Fig. 7. The thermal relav is often 
used as a time-delay relay. It has the disadvantage 
of requiring a cooling period before being usable 
again. Theimal relays are usually glass-enclosed to 
reduce ambient temperature effects. 

Classification by function. Relays perform many 
specific functions. Circuit protection relavs may 



Fig. 7. Thermal time-delay relay. ( From D M Con 
sidine , Process Instruments and Controls Handbook 
McGraw-Hill , 1957) 



Fig. 8 Differential overcurrent relay protection 



beam 



protect against undervalues oi overvalues of < ur 
rent, voltage, power, oi frequent v Protection mu\ 
also be provided b\ the diffeiential principle Kc 
lays are also used as interlock safetv device* *tep 
pinj; switches, sequenc e < outlets, and time del iv 
devices. See Evfciric pkotm tivf di-vhfs 

Relav torque is genera11> dependent upon die ic 
actions produced by one or mote magnetic field* 
To make a relay respond to any of the above uu mt 
conditions, such as cut rent overload, the tonpn 
producing magnetic* fields must he piopoitiond to 
the particular quantity being monitored. 

Differential principle. One of the most common 
methods of protection of machines, equipment ami 


transmission lines is based upon the proposition 
that the input and output currents of a device 
should be the same so long as there is no interna, 
trouble. This is illustrated in Fig. 8 for a thiee 
phase generator. For simplicity, the method of pH* 
tection is shown applied to only one phase Two cur 
rent transformers are used in each phase winding 
the secondaries being connected in a closed loop 
with the relay operating coil as shown. As long a" 
the generator windings are in perfect condition 
there will he zero current through the rela> operat 
ing coil. An internal machine fault will unbalance 
the machine currents at the two ends of ed(fl 


phase winding, resulting in unbalanced current® m 
the current transformer secondaries. The un 
anced current will flow through the operating 
of the relav, causing it to operate. Operation o 
contacts will trip out the machine circuit brea ers, 
and set in motion corrective measures. M* • 


Bibliography: K. Henney and C. Wa x'rboux 
tronie Components Handbook , 1957 ; J* G. * ar 
Electric Power Equipment , 3d ed«, 1946. 


Fig. 6. Beam high-speed impedance relay. 




Reliability of equipment 

The probability that a component part, equipment 
system will satisfactorily perform its intended 
function under given circumstances, such as en- 
vironniental conditions, limitations as to operating 
tmie, and frequency and thoroughness of mainte- 

nan(e 

Reliability is influenced by all aspects of an 
e ng in eering effort; the ultimate reliability of a 
proponent or a system depends upon the quality of 
rtseanh involved in its conception, its design, the 
manner m which it is manufactured, the external 
influences on its operation, maintenance considera- 
te and other factors. See Systfms fnlinehunl. 

fhe prodigious increase in the complexity of 
engineering systems in the last two decades em- 
phasizes the difficult problem of achieving high 
reliability For example, comparing dollar costs, a 
pie World War IT civil airplane had about $4000 
worth of elec tronic control, navigation and com- 
m, nutation apparatus. The postwar commercial 
f> requited in excess of $50,000 worth of elec- 
tronic apparatus, a more than tenfold increase A 
onlemporan let bomber has over $1,000,000 worth 
of elec ironn gear, a twentvfold increase over the 
[)( () and over 200 times that of the pie-World 
\\ cr II airplane 

Mathematical basis of reliability. A quantita- 
li\‘ definition of reliability should be simple enough 
tor mathematic al calculations, long enough to in- 
i Hide signify ant effects, should permit the utiliza- 
tion nf available experimental leliahihty data, and 
miM lead to tesults which are meaningful in terms 
•t decisions influencing research, design, specifica- 
tions manufac turc, opeiation, maintenance, and 
logistu a I support and replacement. 

With an equipment of any complexity operating 
inder a v anet v of circumstances, the definition of 
ntisfac tor> peiformance is difficult to specify. In 
•rder to handle reliability piedictions adequately, 
•»ne must cither consider satisfactory performance 
to he total operation or unsatisfactory performance 
l() be total inoperation, or must mathematically 
define the meaning of satisfactory performance for 
'1 aspec ts of the operation of the equipment. 

^ bus in specific circumstances reliability can 
^an a number of different things. Reliabilfty can 
considered as a function of time, the time that 
* l )1Ptp of equipment operates satisfactorily com- 
Parp d with the total time over which it was ex- 
^ (, °d to operate. For example, an early-warning 
requires periodic maintenance and repair, 
ut to be adequately reliable, it must be operabla 
a ‘arge pan of the total time of attempted opera- 
” on ^ special case of this definition is where the 
x Pected time of operation coincides with the total 
^quired time of operation, that is, the completion 
0 r e mission without a failure. 
av SPC °nd specific definition of reliability is the 
ho era 8* number of hours of maintenance for each 
1? ° U [ 0 ^ sat i8factory performance. A third definition 
he fraction of the total number of identical 
'Npments which operate satisfactorily over a 
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given period of time. A fourth measure of reliability 
compares the actual performance of a device with 
its ideal performance. Actual and ideal perform- 
ance may he defined, for example, as the perform- 
ance of a device under the guidance of an average 
operator compared to the performance of a device 
under the operation of a trained and skilled opera- 
tor, or the field operation of a device compared with 
its laboratory performance. This fourth definition 
of reliability permits a direct comparison between 
the performance of devices under idealized condi- 
tions and under actual conditions, thus introducing 
the influent e of environment on performance, and 
it also considers the realization of a performance 
ratio rather than a good-bad or operate-nonoperate 
evaluation. 

Mathematical theory of probability. The math- 
ematical theory of reliability is based on the statis- 
tical study of probability. Probability can be de- 
fined as likelihood. Considering a series of equally 
likely occuriemes, which will he either A or B % the 
probability of A is given by the ratio of the num- 
ber of times A occurs over the number of times 
A {- B occurs See Probability. 

On the basis of this mathematical definition of 
piohahility and the results of a number of experi- 
ments the statistical reliability data for a given 
component, equipment, or system, can he presented 
in several wa>s If IV is the number of units at the 
start of the test, F the number of failures at any 
given time Z, the number of survivors S at any 
given time is equal to N minus F, and the reliabil- 
ity R at any given tune in the f est is given by 
h divided bv N The failure rate Y is the change of 
reliability with tunc (the slope of the reliability- 
time curve*) Mathematically. 

dR _ [df 
” ~dt ~ N dt 

The hazard rate Z is the ratio of the number of 
failures per hour to the number of survivors at that 
time, given mathematically by 

Sdt ~ R dt 

Thus bv integration the relationship between the 
reliability and the hazard is 

R - exp (- Z dt) 

The relation between reliability, failure rate, and 
hazard is Y - RZ, Fig. 1 shows this relation 
graphically. 

Joint probability. Thus far the theory of proba- 
bility has been applied to a single unit. In a sys- 
tem, the aggregate of a number of units, joint prob- 
ability relates independent failures of components 
to the over-all reliability of the system. The ability 
to predict joint piobability based on component 
probability is essential, because it is difficult, if 
not impossible, to get experimental failure-rate in- 
formation on large equipments under widely differ- 
ent conditions, whereas it is somewhat easier to get 
reliability information 'on components which may 
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Fig. 1. Relationship between corresponding curves of 
(a) failure rate, (b) reliability, and (c) hazard rate. 
( From K. Henney, ed., Reliability Factors for Ground 
Electronic Equipment , McGraw-Hill , 1956) 

be common to many different equipments and may 
be in fact duplicated many times over in a single 
equipment. This is especially true of electronic 
components, such as resistors, tubes, and capaci- 
tors. which are used many times over in the same 
equipment and are used in many types of equip- 
ment. 

Joint probability is the product of the individual 
probabilities. This definition assumes an independ- 
ent relationship of the individual probabilities. 
Such independence is often not achieved in real 
situations for two reasons. First, because compo- 
nents of the same type often come from a common 
source, manufacturing or other considerations com- 
mon to all the similar components may influence 


the reliability thereof. Secondly, in any equipn^ 
the functional interdependence of components ran 
not be overlooked. The failure of one device may i n 
fluence the failure of an adjacent device due to load 
tran.sferral. the influencing of the immediate Pmi 
ronment, and many other factors. 

Series reliability. A common case of joint proh 
ability is the series reliability case, where the fail 
ure of any individual component will cause t} u . 
equipment to fail. Here the equipment relidbihtv 
is the product of the reliability of the individual 
components. For the special case where all compo 
nents have equal reliability, the reliability is 
given by the reliability of the component raided t„ 
a power which corresponds to the number of <- ( , m 
ponents (see Fig:*2). 

Parallel reliability. Redundancy can be into, 
duced into a svstem so that in the event of iJ )f 
failure of a single component, a duplicate or pt r 
alleled component takes over the function ot tlu 
failed part. Thus the probability that one of t\\n 
paralleled components will survive is the sum of tin 
probabilities of three possible favorable outcome^ 
failure of neither component A nor B. failure of \ 
but not B, and failure of B but not A (seo Ftp \\ 

Reliability predictions. Reliabihtv predating 
arc based entirelv on exper oriental data Tlu* o 
suits of the analysis of the experimental data pr» 
diet a statistical conclusion which cannot be relit d 
upon to apply to anv particular element F in th( i 
more the complexity of the equipment greatl\ «um 
pljcates the collection of data and analysis of prob 
a hi lit v prediction 

The scale of the experiments upon whirli flu 
probability is based is important A small nimilni 
of experiments leads to coarse < ritcria in f.ui 
there is some limit on the number of experiment^ 
which can produce useful results, thus the statist i 
cal sample must he adequate (see SiAnsms) 'I In 
concept of satisfactory performance is also r e It 
vant. since the scale of the experiment is related 
to the ability to predict the probability of a range 
of satisfactory performances between all good and 
all bad. In order to predict reliably the probalnln 



Fig. 2. Reliability of n series components 0 e ^ fJ 
reliability. (From K . Henney, ed.. Reliability a 
for Ground Electronic Equipment, McGraw-H , 





Fig 3 Reliability of n parallel components of equal 
reliability (From K. Henney, ed.. Reliability Factors for 
Ground Electronic Equipment , McGraw-Hill , 19 56) 


( ,f (ontinuou* variability, as contrasted with dis- 
« retc- off-on. ves-no, black-white decisions, much 
(1 ita is needed. 


Engineering application. Although the mathe- 
m it i< al basis of reliability prediction is a science, 
some inflection will demonstrate the difficulty of 
n dining performance c haracteristic s in a complex 
s\stem to precise mathematical formulation. In ad- 
dition complications arise because ot the fiequent 
involvement of a human operator, whose operating 
( harai teiistics are only poorly known and whose 
-kill and lesponse is subject to a great number of 
influences beyond those that can affect material de- 
uces Furthermore, the evaluation of the reliability 
••I even such apparently simple components as va<- 
nuni tubes m limited by inherent but inevitable 
lovver older effects which theory cannot piesentlv 
< iiconipass. Thus the experience and judgment of 
die engineer designing for, or evaluating, reliabil- 


■tv is vital. 

^ the theory dramatically demonstrates, the re- 
hability of components influences the reliability of 
die system. Since the reliability of a given eom- 
pcinent < an be evaluated with confidence onlv after 
HX l 10 i iniental studies over a period of time, the en- 
hancement of reliability tends to impede technical 
progress 01d**r, well-known devices are more likely 
lo ^ ^liable than newly innovated techniques. 

Reliability cannot be adequately evaluated until 
a ^r large-scale production of a component. But, 
,Jslla llv. once large-scale production is achieved, 
^nip difficult-to-alter decisions have been made 
w lna y in turn influence reliability. Similarly 
* n me case of redesign to effect improvements, the 
s of increased unreliability must be balanced 
Q d . lnq * improvements which may be achieved. 
n v time and an experimental reliability program 
‘ ‘odit ate with finality the results. 

^Reliability program. A sound reliability pro- 
arn for systems engineering includes the fol- 


low] 


infer 


1 Complete awareness of the purpose of the 
equipment and the conditions of storage, transpor- 
tation. and use in the field. 

2. Consideration of the system* aspects of the 
problem, the interplay between components, and 
their influence on reliability. 

3. Visualization of the operator’s problem to 
make certain that the known limitations and capa- 
bilities of the human being are reflected in the de- 
sign of the apparatus. 

4. Maintenance, whenever possible, of conserva- 
tive design and conservative* use of components; 
knowledge of component performance under all 
conditions to avoid the misapplication of what 
would otherwise he perfectly good components. 

5. Emphasis on simplicity, because the reduction 
of the number of elements inherently increases the 
reliability. 

6. Inclusion of redundant and fail-safe features 
in the design so that the failure of certain elements 
of the -v-tem does not affec t its over-all perform- 
ance. 

7. Avoidance, as much as possible, of special 
parts and the preselection of part-: use of inter- 
changeable high-\olume production parts whose 
reliability can he more definitively evaluated. 

8. Recognition that maintenance often will be 
performed under difficult conditions and with lim- 
ited facilities; anticipation of the test equipment 
necessary to piovide some guaranty of satisfactory 
performance. 

0. Selection of proper manufacturing methods 
with adequate quality control. 

If). Maintenance of a complete failure record 
with an explanation of the cause of the failures. 

11. Establishment of clear channels of informa- 
tion feedback from the operator in the* field to the 
designer and manufacturer so that the* cause of 
failure may he remedied, the performance evalu- 
ated, and maintenance tec hnique- developed. 

See Environ mini m rtsi; Human i nunf.er- 
inc: Maintainability or equipment; Miniaturi- 

7AIION OI EQUIPMENT: see (tho Pi LOT PRODUCTION; 

Qu\m* ( oni hoc. [r.w.m.] 

Bibliography : K Hennev (ed.), Rt liability Fac- 
tors for Ground Ffertronic Equipment, 1956. 

Reluctance 

A property of a magnetic* circuit analogous to re- 
sistance in an electric circuit. 

Every line of magnetic flux is a closed path (see 
Macni ric circuits; Magnetic flux). Whenever 
the flux is largely confined to a well-defined closed 
path, there is a magnetic circuit. That part of the 
flux that departs from the path is called flux leak- 
age. 

For any closed path of length / in a magnetic 
field H , the line integral of H cos ot dl around the 
path is the magnetomotive force (mmf) of the path. 

mmf « j fH cob a dl 

where a is the angle between H and the path {see 
Magnetomotive force). If the path encloses JV 
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conductors, each with current /, 

mmf = cos a dl * A7 

Consider the closely wound toroid shown in the 
figure. For this arrangement of currents, the mag- 
netic field is almost entirely within the toroidal 
coil, and there the flux density or magnetic indue- 
tion B is 


B = 



where / is the mean circumference of the toroid and 
fx is the permeability. The flux d> within the toroid 
of cross-sectional area A is 


- 


R A = ~ XI 


\l mmf 

17/1.4 = \77lA 


mmf 


This equation is similar in form to the equation for 
the electric circuit, although nothing actually flows 
in the magnetic circuit. The factor l//iA is called the 
reluctance (U of the magnetic circuit. The reluctance 
is not constant because the permeability /i varies with 
changing flux density (sec Induction, magnetic ; 
Pehmevmlity, magnetic). From the defining equation 
for reluctance, it is seen that when the mmf is in 
ampere-turns and the flux is in webers, the unit of 
reluctance is the ampere-turn / weber. 

Reluctances in series. For the simple toroid, all 
parts of the magnetic circuit have the same /j and 
the same 4. More complicated circuits may include 
parts that differ in permeability, in cross section, 
or in both. Suppose a small gap were cut in the 
core of the toroid. The flux would fringe out at the 
gap. but as a rough approximation, the area of the 
gap may be considered the same as that of the t ore. 
The magnetic path then has two parts, the core of 
length l\ and reluctance l\ / \ i]A , and the air gap of 
length /> and reluctance L> //l-jA. Since the same 
flux is in both core and gap, this is considered as a 
series circuit and 


(R * (\U 4- = 


A 

/i\A 



Since the relative permeability of the ferromagnetic 
core is several hundred or even several thousand 
times that of air, the reluctance of the short gap may 
be much greater than that of the much longer core. 



A toroidal coil. 


For any combination of paths in series, Ot 2// ^ 
Then 


^ mmf mmf 

" W = zT/7a 

Reluctances in parallel. If the flux divides i n 
part of the circuit, there is a parallel magnetic cir- 
cuit and the reluctance of the circuit has the same 
relation to the reluctances of the parts as has the 
analogous electric resistance. For the parallel cir- 
cuit 


1 = JL 1 

<n “ (R, + m 2 + 

See Reluctance ^iotor. [k.v.m.] 

Reluctance motor 

A synchronous motor which starts as an induction 
motor and upon nearing full speed, locks into step 
with the rotating field and runs at synchronous 
speed. The stator and stator windings are similar 
to those of an induction motor. The rotor is of 
squirrel-cage construction, to allow induction-motor 
starting, and has salient-pole projections which pin- 
vide synchronous operation at full speed. The rclur 
tance motor is built only in small sizes where low 
cost and simplicity are mandatory and where eft] 
ciency is of little concern. It ran* be polv plow 
but is usually a single-phase motor with a split 
phase or capacitor winding for starting. See 
chronous mo 1 or; see at so Induction moior. 

/ | L.\.lt 

Remote-control system 

A system in which there is an appreciable* distance 
separating the controlled quantity and the <un 
trolling quantity (see Open-loop control s'. s 
tkm). A familiar example of a remote-control s\^ 
tern is (he telephone system. A voice at one end of 
the telephone cable controls the motion of a sound- 
producing diaphragm at the other end of the cable 
The voice is the controlling quantity and the sound 
produced by the diaphragm is the controlled quan- 
tity. 

There are three essential components in a remote- 
control system: a controlling quantity, a trans- 
mission medium, and a controlled quantity. Three 
examples of remote-control systems are as follow*-: 

1. Master-slave manipulator. This electrome- 
chanical device is used for handling radioisotope 1 * 
from a safe distance. The controlling quantit' 
is the hand motion of the operator, the transmis- 
sion medium is a mechanical linkage system. an 
the controlled quantity is the position of the 
tope container. 

2. Telemetering system. A system for transm^ 
ting a measured quantity to a remote point is ca 

a telemetering system. Telemetering systems ma) 
employ mechanical linkages, electric circuit*- 0 
radio waves as the transmission medium. See K 
METERING. . . 

3. Television. Television is used for transmit 1111 ^ 
a transient scene or picture from one location 


another, using radio waves or coaxial cables as the 
transmission medium. The controlling quantity is 
the light from the scene or picture, and the con- 
trolled quantity is the amount and position of light 
emitted from the face of a cathode-rav tube. See 
Con trol systems. | j .g.tr. ] 


Rennm 

\ n en/vmatic protein used for coagulating milk 
(a^ein in cheese making, ft is also related to the 
diee^e ripening process through its proteolytic ac- 
ChEesf; Enzyme. 

Preparation. Rennin is secured from rennet. In 
preparing rennet extract, onlv milk-fed c alvcs are 
ust-d After butchering, the fourth stomach, or abo- 
masum. is removed and freed of its fond content. 
The stomachs are drv salted, frozen, and shipped 
m wooden barrels. At the rennet factory, the storm 
nhs are wished, freed of salt, and scraped to re 
mme sui face fat. Thev are then stretched on racks 
wliuh are wheeled into drying tunnels where a 
major portion of the moisture is removed. The dried 
qomaths aie placed in cold storage prior to being 
uroimd and mixed with ground excelsior in large 
wps \ brine solution is continuously circulated 
through the skins until extraction of the rennin is 
complete 

Turhiditv is an indication of decomposition. The 
lomluncd effects of low 4 4°C storage tenipei atuie 
di*fl the presence of salt (approximately I.VJ ). 
sifhimi propionate (2 r ? ). and propylene glveol 
V; ) make it possible to preserve the en/vme ac- 
tivity of rennet extract for several weeks. Rennet 
i" also made in the form of a powder or paste. 

Action in milk. The main protein in milk is 
<«mn and it exists as calcium caseinate (sec Ca- 
s F i \ , Miik). It is a complex mixture of at least 
ihrcf- distinct proteins, namely, alpha, beta, and 
tunimd casein. Rennin acts on this protein structure 
to form a clot or coagulum. One apparently rea- 
dable explanation of the action of rennin in milk 
lN that the enzyme promotes an unfolding of the 
P°l\ peptide chains of the protein molecules, expos- 
lr m reactive groups. These, in turn, are attracted to 
tJ( h other and become cross-linked, forming a net- 
work structure. This action proceeds in much the 
Mme manner as in the formation of a polymer. A 
or < oaguluni, is produced when the pol^meriza- 
f,on has been carried far enough to produce a gel. 
Food engineering ; Protein. [p.h.t.] 


Repeater, synchro 

^ tf Tin applied to a class of electromechanical 
Pv,fes called self-synchronous repeaters or syp- 
( nrcK; q j s also a pp]i e d t () a class of remote in- 
«iting systems in which synchros are employed to 
p^mit information from one point to another. 
(,r a discussion of remote indicating systems, see 
[ Motf.-control system; Telfmetering. 

‘Miehros are electromechanical transducers 
* u 'h convert a mechanical position into an equiva- 
set °f electrical voltages or transform from a 
et °f voltages to an equivalent mechanical posi- 
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tion. When the stator windings of two synchro.* are 
connected together and the rotors are energized by 
the same alternating-current source, a movement 
of one rotor will cause the other rotor to move an 
equal amount. This operating feature makes syn- 
chros useful as remote indicators of position, that 
is. the driven synchro “repeats” the position of the 
driving svnehro. The rotor of the driving synchro 
(or generator) is mechanically coupled to the de- 
vice whose position is to he indicated remotely. 
The driven svnehro (or motor) rotor usually posi- 
tions the indicator needle oi a dial. For synchro 
operation and types of synchros, see Sync hho. 

\ synchro repeater system, which ha* been used 
extensively to give a remote indication of the posi- 
tion of naval guns, is shown schematically in Fig. 1. 
In this system, the generator rotor is mechanically 
fastened to the gun mount, and the motor rotor is 
mechanic-ally fastened to a dial indicat >r in the 
control room. If there is any difference between the 
angles of the two rotors [9 and 0'). currents flow 
between the two stator windings and cause the 
motoi rotor to move in such a direction that, ulti- 
mately, 9' ~ 0. Using a system of this type, the 
mechanical position of any shaft mav be transmitted 
over a muc h gi eater distance than may he achieved 
bv mechanical linkage*. 

The synchro system shown in Fig. 2 mav be used 
to give u i emote indication of the sum or differ- 
ence of the angular positions of two mechanical 
shafts. The* addition of the differential generator 
between the generator and motor causes the volt- 
age 1 * from the gemiator stator (S t . Sj, SO to he 
modified ac cording to the angle 0- 2 of the differen- 
tial generator rotor before ihese voltages are ap- 
plied to the motoi stator terminals (S"i, S"j, 
S" ). Depending upon the wav in which the dif- 
ferential generatoi rotor terminals (R'i, R'j, R'<) 
are connected to the motor stator terminals (S"i, 
S"o, S"U. the angle 9> of the motor rotor i* the 
sum or the difference of the angles 0 t and 9,. 

There are many other possible combinations of 
synchro* which may he used to control a mechani- 
cal indicator from one remote location, or from a 
number of remote location*. It i* also possihle to 
control a number of mechanical outputs from a 



Fig. 1. Remote indicating system with single input. 
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Fig. 2. Remote indicating system with two inputs. 


single remote location. In addition to their applica- 
tions in remote indicating systems, synchros are 
widely used as electromechanical transducers in 
feedback control systems. See Servomecii ANTSM ; 
Control symmvi. [j.g.tr.] 

Bibliography : W. K. Ahrendt, Servomechanism 
Practice , 1954; H. Lauer. R. Lesnick. and I.. E. 
Matson. Servomechanism Fundamentals , 1947: 

J. G. Truxal (ed.). Control Engineers' Handbook , 
1958. 

Reproduction, animal 

The formation of new individuals, which may occur 
by asexual or sexual methods. In the asexual meth- 
ods, which occur mainly among the lower animals, 
the offspring are derived from a single individual. 
Sexual methods are general throughout the animal 
kingdom, with offspring ordinarily derived from 
the paired union of special cells, the gametes, of 
two individuals. Basic to all processes of reproduc- 
tion is the origin of the new individual from one or 
more living cells of the parent or parents. There 
has been no acceptable demonstration of the origin 
of a new living organism from other material than 
preexisting living cells (see Liff., origin of). 

Asexual reproduction. Asexual processes of re* 
pioduction include binary fission, multiple fission, 
fragmentation, budding, and polyembrvony. Among 
the protozoa and lower metazoa, these are common 
methods of reproduction. However, the last-men- 
tioned process can occur in mammals, including 
man. 

Binary fission involves an equal, or nearly equal, 
longitudinal or transverse splitting of the body 
of the parent into two parts, each of which grows to 
parental size and form. This method of reproduc- 
tion occurs regularly among protozoans, in which it 
is essentia 11 v the process of cell division, with com- 
plete separation of the daughter cells. To a limited 
extent, binary fission may be observed among meta- 
zoans such as sea anemones as longitudinal fission 
and among planarians as transverse fission. 


Multiple fission, schizogony, or sporulation, pro 
duces several new individuals from a single parent 
It is common among the Sporozoa. such as the m<\ 
larial parasite, which form cystlike structures (on 
taining many cells, each of which gives use to f i 
new individual. The cells of the cv*t arise trorn a 
series of divisions of the nucleus which is follow* d 
later bv cvtoplasmic divisions ot the original m*II 
( see Sporozoa ) 

Fragmental ion is a form of fission occurring in 
some metazoans, especial Iv the Platvhelminthes, <n 
flajAvorms, the Nemertinea. or ribbon wot ms, and 
the Annelida, or segmented worms; the parent 
worm breaks up into a number of parts, <a<h m 
which regenerates missing stiuctures to foim a 
whole organism. It occurs also in certain stariiHi 
as Linchia , in which single arms may pine h off awl 
regenerate a complete animal. 

Budding is a form of asexual reproduction in 
which the new individual arises from a relative!' 
small mass of cells that initially forms a growth or 
bud on the parental body. The bud may assume pa 
rental form either before separation from the Inxh 
of the parent as in external budding, or afterwaid 
as in internal budding. External budding i*- ‘ ,(,nl 
mon among sponges, coelenterates (Fig. 1*. ^ rv< ‘ 


zoans. flatworms, and tunicates. Among certain 


of 


the coelenterates, such as the colonial hvdroic 
Obelia , buds give rise to medusae, or jelly 
rather than to the parental-type polyp. The medu- 
sae represent the sexual generation. They are free 
swimming and of separate sexes, producing eg£ s 
and sperm respectively. Upon fertilization of t ie 
eggs the asexual, polyp-type individual deve opj 
(see Metagenesis). Another example of asexitf 
individuals budding sexual individuals is foun 1,1 
the cestodes, or tapeworms. Here, the head or ^ 
lex, by which the animal is attached to the ^ 
tissue, produces a series of segments, termed P* 
glottids, each of which is a sexual individuo ■ ^ 

phenomenon is also known as strobiliza t,on ‘ ^ 
some species of sponges, coelenterates, bryozo 





Pig 1 Budding in Hydra. 

d ntl tun j< ates. budding may occur without separa- 
te of the buds and thus lead to the formation of 
m organic colony, accompanied in some cases by 
s ,eddli/ation of parts for particular functions, 
^i<h in the Portuguese man-of-war, Phrsaha. 

Internal budding occuis among fiesh-water 
sponges and br\o/oans In the sponges, the inter 
nal huds termed gemmules. consist of groups of 
primitive cells sui rounded by a dense capsule 
formed h\ the body wall. If the parent animal dies 
as a result of desiccation or low temperature, the 
.ells of the gemmules can later he released and 
form new sponges. In the bryo/oans the similarly 
him honing buds are known as statoblusts. 

Polvemhryonv is a form of asexual reproduction, 
mnirnng at an early developmental stage of a se\ 
uallv produced embryo, in which two or more off- 
spring are derived from a single egg. Examples are 
found scattered throughout the animal kingdom, in- 
cluding humans; in humans, it is represented by 
identical twins, triplets, or quadruplets. In some flat- 
vvoims, polvemhryony is illustrated bv the rediae, 
pac h of which in turn produces many young tad- 
P«ielike cercariae. A striking example of polvem- 
b ? v<>n> is found among the insects in the hvmenop- 
t^ran Ijtomastix , which is a parasite on <^e egg of 
a moth. Pluda. The embryo of this wasp subdivides 
extensively that about 1500 individuals arc 
burned. 

In mammals, polyemhryony is a regular fea- 
ti're of the development of armadillos. The four 
spring produced at a single birth in the nipe- 
banded armadillo, Dasypus novemcinctus , are 
identical quadruplets. The quadrupling process oc- 
^ during the late blastocyst stage of develop- 
mei *t. In humans twins occur in about 1.1% of 
bi rths, triplets in 0.012%, and quadruplets in 
0.00014%. About one third of the twins are identi- 
Ca l and have thus arisen by polyembryony, prob- 
a My occurring in a late blastocyst stage. 
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Sexual reproduction. Sexual reproduction in an- 
imals assumes various forms which may be classi- 
fied under conjugation, autogamy, fertilization 
(syngamy), and parthenogenesis. Basically, the 
various processes all involve the occurrence of cer- 
tain special nuclear changes, termed meiotic divi- 
sions, preliminary to the production of the new in- 
dividual (.sec Gametogfnesis; Meiosis). 

Conjugation occurs principally among the ciliate 
protozoans, such as Paramecium , and involves a 
temporary union of two individuals during which 
each is “fertilized” by a micron ucleus from the 
other. In this process the macronucleus of each 
conjugant breaks down and the micronucleus un- 
dergoes two meiotic divisions to form four nuclei, 
of whi(h three degenerate. The fourth nucleus di- 
vides again and each conjugant transfers one of 
these micionuelei to its partner, where it fuses 
with the stationary micronucleus. The roniugants 
then separate and the fusion-mWonucleus in each 
divides three times. Of the eight nuclei, four form 
macronuclei and three degenerate. The exconju- 
gants then divide twice, along with mitotic division 
of the micronuclei, so that each of the four cells 
obtains one macro- and one micronucleus. The pa- 
rental state is thus restored and further reproduc- 
tion occurs by simple fission. The ability to conju- 
gate again i«- not attained until after a large num- 
ber of divisions Conjugation does not ordinarily 
occur within clones, which are organisms derived 
by mitotic division from a single individual. Strains 
that are capable of conjugating with one another 
are designated mating types, rather than males or 



Fig. 2. (o-d) Diagram of fertilization in animal*. In 

different species the sperm enters at one or another 
of the stages between a and b, during which the two 
meiotic divisions of the egg occur. 
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females, because there are no correlated morpho- 
logical distinctions between them, and moreover, a 
particular species may have several mating types 
that are interfertile and thus represent more than 
two sexes. 

In autogamy, the nuclear changes described for 
conjugation take place, but since there is no mat- 
ing there is no transfer of micronuclei. Instead, the 
prospective migratory micronucleus reunites with 
the stationary one. The process may be considered 
related to parthenogenesis. 

Fertilization, or svngamv. comprises a series 
of events in which two cells, the gametes, fuse and 
their nuclei, which had previously undergone mei- 
otic divisions, fuse. In metazoans, the gametes are 
of two morphologically distinct types, spermatozoa, 
or microgametes, and eggs, also called ova or mac- 
rogametes. These types are produced by male and 
female animals respectively, hut in some cases both 
mav be produced by a single, hermaphroditic, indi- 
vidual. The nucleus of the spermatozoon has half 
the number of chromosomes characteristic of the 
ordinary (somatic) cells of the animal. The nu- 
cleus of the ripe egg in some animals, for instance, 
coelenterates and echinoderms. also has attained 
this haploid condition, but in most species of ani- 
mals it is at an early stage of the meiotic divisions 
when readv for feitili/ation. In the latter situation, 
the meiotic divisions of the egg, characterized by 
formation of small, nonfunctional tells termed po- 
lar bodies, are completed after sperm entry, where- 
upon the haploid egg nucleus fuses with the 
haploid sperm nucleus. Fertilization thus produces 
a zygote with the diploid chromosome number Epi- 
cal of the somatic cells of the species (23 pairs in 
humans) and this is maintained dining the ensuing 
eell divisions (Fig. 2). 

In many protozoans, such as the flagellate Poly- 
toma . the fusing gametes arc not visibly different 
from one another, nor from the ordinary organism 
Thev are termed isogametes. In others, they may 
differ ( anisogametes ) . usually in size as in Chla- 
mydomonas brounii ; in some cases (C. r ot rifera ) , 
one gamete is motile and the other not. 

Some metazoans are able to produce functional 
gametes while still in a larval condition. Reproduc- 
tion of this type, termed neoteny, is exhibited in 
amphibians, bv the axolotl, and also in various in- 
serts. The Larvaceae among the tunicates are con- 
sidered to represent persistent larvae reproducing 
neotenically. 

Hermaphroditism is rare among the vertebrates, 
but is found among most groups of invertebrates. 
Despite the production of eggs and sperm by the 
same individual, most hermaphroditic animals re- 
produce by cross-fertilization. In some cases, this 
is due to differences in time of ripening of the eggs 
and sperm. In others, with internal fertilization, 
crossing is assured by differences in location of 
sperm and egg ducts. In ascidians, there is a physi- 
ological block to the union of the spermatozoon 
with an egg from the same individual. The latter 
situation illustrates that the interaction of egg and 


sperm in fertilization is not only generally species- 
specific but may also be individual-specific. 

Parthenogenesis is the development of the egg 
without fertilization by a spermatozoon. It is listed 
as a form of sexual reproduction because it m. 
volves development from a gamete. Rotifers, criK- 
taceans, and insects are the principal groups m 
which it occurs naturally. It has also been induced 
to occur (artificial parthenogenesis) in species 
from all the major phyla by various kinds of chem- 
ical or physical treatment of the unfertilized egg 
Even in mammals, several adult rabbits have i v 
portedly been thus produced. See Embryology 

F XPFRIMEN I AL. 

The honey-bee provides a classic example of nat 
ural parthenogenesis. The males, or drones, all de- 
velop from unfertilized eggs and are haploid. Thr 
females, or workers and queen, arise from ferti 
li/ed eggs and are diploid. Since the queen m m 
seminated onlv once, during the nuptial flight, sfu 
stores the sperm during her egg-laying life, which 
is 5 years or more, and ean evidently permit or pic 
vent them from fertilizing the eggs that are laid 

In certain animals periods of parthenogenesis 
may alternate with fertilization. Thus aphids pio 
dure parthenogenetie females during part of the 
year, but as winter approaches jwales appeal 
whereupon fertili/alion ensues. The fertili/ed egg^ 
hatch out into females the iollowing spring. 

Among certain of the Lepidopfera, like tin 
gvpay moth Lymantrm , pai thenogenesis occurs a! 
times when there appears to be a scarcity ol inah - 
and the unfertilized eggs can form males or te 
males. There is also sporadic orcurieme of paitlie 
nogenesis, recently reported, m c hickens and tur 
keys. Mostly the embryos are abnormal and die al 
an early stage, but in ihe turkevs manv develop 
quite far, and a few have been reared to adults. 

Parthenogenetie development may also occur in 
eggs that are produced during a larval stage, as u. 
the gallfly Minster. This condition is termed paedo 
genesis and is the parallel of neoteny. See Estri 
Oogfnesis; Ovum; Sperm cell: Sperm atogfiyf 

SIS. h TY 1 

Reproduction, plant 

Plants produce new individuals either asexually or 
by sexual reproduction. 

Asexual reproduction. In simple one-relled 
plants, asexual reproduction is accomplished bv di- 
vision of the vegetative cell and the subsequent 
growth of the two nearly equal daughter celb 
which form new individuals (Fig. 1). This is known 
as simple (binary) fission. Another method known 
as budding or gemmation occurs in the unieelhd ar 
yeast plant. In this plant a small protuberance 
which later becomes detached by constriction, 
emerges from the cell. The new cell thus formed 
may develop directly into a new plant, or it may *m- 
dergo division and give rise to more new individ- 
uals. In some liverworts and mosses, the plants pro- 
duce small multicellular structures called 
which, when detached, may grow, forming nCVf 
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f, 9 1. Types of asexual reproduction, (a) Reproduc- 1950); gemma of liverwort greatly enlarged * (from 

♦•on in bacteria: fission in a bacillus and in a coccus G. M. Smith , Cryptogamic Botany , vol. 2, 2d ed., 

(from H. J. Fuller and O. Tippo, College Botany , McGraw-Hill , 1955); (f) types of underground stems: 

Holt, 1949); ( b ) yeast cells in the living condition show- 1, rhizome of Solomon's seal; 2, tuber of potato; 3, 

m 9 reproduction by budding, or gemmation {from A. W. corm of jack-in-the-pulpit; 4, bulb of onion (from E. L. 

Haupf, Plant Morphology, McGraw-Hill, 1953); (c)*spe- Core, Plant Taxonomy, Prentice-Hafl, 1955); (g) leaf 

cies of Oscillatoria showing cellular structure of the of Bryophyllum showing new shoots (plantlets) devel- 
opment highly magnified. The lens-shaped object near oped from adventitious buds in the notches , in the 

Pe center is a gelatinous separation disk. The filament leaf margin (from J. B. Hill, L O. Overholts, H. W. 

breaks (fragments) readily at this point (from F. W. Popp , Botany: A Textbook for Colleges, 2d ed., Mc- 

^erson, Basic Botany, 2d ed., McGraw-Hill, 1954); Graw-Hill, 1950); (h) tip-layering of black raspberry 

^) fungus developing sporangia, two with spores (from E. N. Transeau, H. C. Sampson , L H* Tiffany, 

(from F. W. Emerson, Basic Botany, 2d ed., McGrow- Textbook of Botany, rev. ed., Harper, 1953); (i) runner 

HUI, 1954); (e) liverwort showing cupuies with gem- of strawberry with a young plant at the tip (E. L. Core, 

ma ® (from H. B. Hill, L. O. Overholts, H. W. Popp, Plant Taxonomy, Prentice-Hall, 1955). 

botany: A Textbook for Colleges, 2d ed., McGraw-Hill, 
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plants. Still another method occurring in many 
kinds of plants is effected by means of spores, 
which are usually formed by multiple division of an 
ordinary vegetative cell or in a specialized organ 
(sporangium). A sporangium may produce numer- 
ous spores and each one may produce a new plant. 
Asexual reproduction also takes place by fragmen- 
tation in which a part of the vegetative plant be- 
comes detached and develops into a new plant. 
Many of the higher plants have underground stems, 
such as rhizomes, tubers, bulbs, or corms, which 
are efficient agents in vegetative or asexual propa- 
gation. Offsets or sprouts developing at the base of 
stems, plantlets arising asexually in the margins 
of leaves as in Bryophyllum , runners as those of 
strawberry, arching stems which take root at the 
tips as in blackberries and raspberries, detached 
buds of certain aquatic plants, and other vegeta- 
tive parts are of great importance in plant propa- 
gation. In some instances these produce large pop- 
ulations. All the plants derived from one original 
individual by repeated vegetative multiplication 
constitute a clone. 

In propagating plants for his own uses, man 
makes large use of vegetative reproduction. Some 
plants such as horseradish and pineapple produce 
few or no seeds, and the seeds of others do not 
“come true”; that is. the new plants are, in some 
respects, unlike the parents. In all such cases suc- 
cessful propagation can be accomplished only by 
means of vegetative multiplication. The grower 
often uses cuttings (parts of stems, roots, or even 
entire leaves) which are planted in soil where an 
adventitious root system develops and the cutting 
becomes an independent plant (see St km cut- 
tings). Compared with propagation by seed, this 
method is more dependable and produces plants in 
less time. To propagate varieties of peaches, or- 
anges, and other fruits, a bud of the desired variety 
is carefully cut from the twig and inserted in a slit 
in the stem of a developing seedling or in the 
branch of a mature plant (Fig. 2). The bud may 


then grow into a tree or branch which will bear 
fruit precisely like that of the plant from which the 
bud was taken. The trees of the Temple variety of 
orange have developed from Temple buds grown on 
inferior sour orange seedlings (see Budding) 
Crafting is essentially the same as budding except 
that twigs are used instead of buds; these are in- 
serted in the cut end of a stem or branch. The twig 
(scion) is carefully placed with its vascular cam- 
bium in contact with that of the stem (stock) so 
that a growth union may be formed. Grafting and 
budding ensure the preservation of a given variety 
of fruit, and by employing either one of these 
methods a single tree can be made to bear a dozen 
or more different varieties of fruit depending on the 
number of scions or buds used. Grafting is also 
practiced to acclimate certain species of plants to 
strange environment^; for example, grafting of 
plums onto the stocks of peach trees because plum 
trees grow poorly in sandy soils in which roots of 
peach flourish. In Europe, grafting is done to check 
or eliminate certain parasites. European grapes arc 
seriously injured by a species of root louse which 
does not feed on the roots of American grapes. To 
grow these plants without damage by root lice, the 
European grapes are grafted onto American grape 
stocks (see Grafting ok plants). 

Sexual reproduction. Sexual reproduction ap- 
peared early in the evolution of the plant kingdom. 
In this kind of reproduction, specialize^ sex celb 
called gametes fuse forming a zygote which has the 
potential to produce a new individual. In some 
lower plants such as the alga, Spirogyra , two proto- 
plasts offord inary vegetative cells may serve as gam- 
etes and unite, but in others the protoplast under- 
goes multiple fission, producing many motile cells. 
If these are-! relatively large and few in numhei. 
they will function as spores, germinating and pro 
dueing new plants asexually. However, if these 
motile cells are quite small and numerous, the\ will 
function as gametes, fusing in pairs to form /\ 
gotes. When these gametes are similar in size, ap 



Fig. 2. Types of asexual reproduction, (a) Cutting 
from a geranium plant that has been placed in damp 
sand, showing development of adventitious roots from 
the cut end (from E . W. Sinnott and K. S. Wilson, 


Botany: Principles and Problems, 5th ed., McGraw-Hi , 
1955); ( b ) budding and (c) grafting (from H. J • 
and O..Tippo, College Botany, Holt, 1949). 



peatance, and structure they are called isogam- 
etes when morphologically different, they are 
heterogametes. Therefore, fusion of isogametes is 
known as isogamy, and that of heterogametes as 
heterogamy. In heterogamy, the larger, nonmotile 
gamete (female) is the egg and the smaller, motile 
gamete (male) is the sperm. In thalloid plants, if 
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the plant (thallus) produces both kinds of gam* 
etes, it is homothallic; if only one kind, it is het- 
erothallic (see Thallophyta). 

Early in the course of evolution, certain cells of 
plants became spec lalized as sex organs to produce 
differentiated gametes. The male organ producing 
numerous motile gametes (sperms) is called the 



Fi 9 3 The life cycle of an angiosperm. (E. W. Sin- 
n ott and K S Wilson , Botany Principles and Problems , 
^ ed , McGraw-Hill , 1955) 
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antheridium, and the female organ usually pro- 
ducing but one egg is the oogonium. In more highly 
organized plants, the one-celled oogonium is re- 
placed by a more complicated, multicellular arche- 
gonium containing one egg. The plant bearing an- 
theridia alone is the male gametophyte, and the 
one with archegonia is the female gametophyte. 
Eventually, the seed plants appeared at the top of 
the evolutionary scale bearing flowers with sta- 
mens and pistils. The stamens bear anthers (micro- 
sporangia) which produce the pollen grains (mi- 
crospores) comparable to the asexual spores found 
in lower plants. In the same flower, or in another, 
there is a pistil composed usually of an ovary, a 
style, and a stigma. The ovary contains one or more 
ovules (megasporangia), in which the megaspores 
are formed. One of these will develop into the em- 
bryo sac (female gametophyte). The pollen grain 
will germinate only on the stigma of a flower. The 
transfer of pollen to the stigma (pollination) is ac- 
complished by various agencies such as gravitation, 
wind, insects, birds, and other animals. See Fm- 
bryophyta; Flower (botany). 

Pollination. Transfer of pollen from an anther 
to the stigma of the same flower or of another 
flower on the same plant is called self-pollination. 
When this transfer is from the anthers of one plant 
to the stigmas of another plant, it is called cross- 
pollination. In sexual reproduction, pollination is 
of significance only when it is followed bv fertiliza- 
tion (union of sex cells). When many kinds of 
plants are blooming simultaneously, promiscuous 
cross-pollination occurs, but cross- fertilization oc- 
curs only between closely related plants; others are 
cross-sterile. If fertilization follows self-pollination, 
the plant is self-fertile. If fertilization occurs only 
after cross-pollination, the plant is self-sterile. In 
some plants, such as grapes and pears, cross-polli- 
nation usually occurs, but if this fails, some fruit 
and seed of inferior quality often develop as a re- 
sult of self-pollination. 

The pollen grain (microspore) resting on a re- 
ceptive stigma germinates giving rise to the pollen 
tube (male gametophyte) which elongates and ex- 
tends through the style into the ovary where it 
reaches the ovule. The nucleus of the microspore 
has already divided producing the tube nucleus and 
the generative nucleus. The generative nucleus like- 
wise divides forming the two male cells or sperms. 
Within the ovule, the germinating megaspore has 
developed into the embryo sac which varies con- 
siderably in different species of plants. However, 
the embryo sac often contains eight nuclei of which 
two unite to form the fusion nucleus while another 
becomes the egg; these are the nuclei of greatest 
importance in reproduction. 

Fertilization. The pollen tube penetrates the 
ovule and enters the embryo sac where it swells and 
bursts releasing the two sperms. The tube nucleus 
degenerates. One of the sperms unites with the fu- 
sion nucleus forming the so-called triple fusion 
(endosperm) nucleus which divides and grows into 
the endosperm, a food-accumulating tissue. The 


other sperm unites with the egg forming a zygotp 
which may soon begin to grow at the expense of the 
endosperm, giving rise to the embryo (Fig. 3). 

Pollination and fertilization may affect structure* 
outside the embryo and endosperm resulting in ab- 
scission of the pistil, or affecting chemical compo- 
sition, color, and time of ripening of the fruit. Such 
influence is called ectogony. In triple fusion 
genetic factors may be introduced by the male 
gamete which are responsible for certain charar- 
teristics of the endosperm such as color, form, 
shape, and chemical composition. Appearance of 
these characteristics is known as xenia. 

Seed development. As the embryo and endo- 
sperm are developing, the ovule enlarges, its integ 
uments become modified into protective coverings 
(seed coats), and tire seed is fully formed. As the 
embryo grows, it develops definite, specialized 
parts: the hypocotyl, the first part to emerge when 
the seed germinates, gives rise to the primary root; 
the plumule, a little bud from which the aerial 
shoot develops; and the cotvlcdons (seed leawM 
concerned with food utilization and food munufa<- 
ture if exposed to light {see Photosynthesis). 
The endosperm may occupy space outside the em- 
bryo, or it may be digested, absorbed, and ai 
cumulated in the cells of the embryo. In some 
plants, the embryo develops immediately following 
fertilization, but in others development is delayed 
for a time. Under favorable conditions, s*)mc mature 
seeds will germinate immediately, whereas other-* 
will germinate only after a period of dormancy. 

Seed development is accompanied by changes in 
the ov|ff-y, which enlarges and becomes the fruit 
The fruits of plants display a wide range in form, 
size, texture, design, and chemical composition, hut 
in all cases fruits aid in dissemination of seed*-. See 
Frut (botany); Seed (botany). 

Deviations. In the reproductive behavior of seed 
plants, there are many deviations from the prore 
dure as described. Among these are parthenocarp\ 
or the formation of fruit without development of the 
ovules into seeds, as in the banana; polvembrvom. 
or the production of two or more embryos within an 
ovule; parthenogenesis, or the development of an 
embryo from an unfertilized egg; and the forma- 
tion of perisperm, a food-accumulating tissue re- 
sembling endosperm, formed by enlargement and 
development of another structure, the nucellus. ire 
Plant. [ r.o.s.] 

Reproductive behavior 

The different systems of behavior pattern by mean* 
of which, in different types of animals, the sperm 
is brought to the egg, and by means of which the 
parental care of the resulting young is ensured. 
The mere existence of eggs and sperm and of re- 
productive organs is not enough to guarantee that 
the eggs will reach the sperm. There must also be. 
for each species, a set of behavior patterns throug 
which the male and female approach each other, 
and, by their mutual reactions to each other. fa 0 " 1 ' 
tate the movement of the sperm toward the egg* 
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Similarly* there must exist patterns of parental be- 
havior, appropriate for each type of animal by 
which the parent approaches the young and pro- 
vides the necessary care. The existence of milk- 
producing glands in mother mammals, or of heat- 
producing arrangements in the abdominal skin of 
parent birds, does not automatically ensure that the 
young mammal will get milk, or that the birds’ 
e gg<* will be provided with the heat they require 
for incubation. The vaiious patterns of reproduc- 
tive behavior thus constitute one of the ways in 
which animals are adapted to their environment 
and have evolved under the influence of natural se- 
lection just as have other aspects of structure, func- 
tion, and behavior. The evolutionary influence of 
natural selection is to be seen in the fact that, in 
each species, the repertoire of reproductive be- 
havior forms a coherent and integrated system, 
adapted to the characteristics of the environment, 
the mate, and the young Animals that are closely 
rr hired to ea< h other in terms of evolutionary origin 
tend to have similar behavior patterns, whereas 
animals more distantly related to each other will 
oidinarilv be more dissimilar in iepiodurtive and 
other behavior Indeed, it is often possible to de- 
sdibe and (haracteiize a species, genus, or family 
of animals just as specifically and accurately by de- 
m ] dung its characteristic behavior pattern as by 
describing its harai teristic structure See Spmia- 

i ION 

Mthough the reproductive behavior of inverte- 
hi ate animals has inteie^ted manv investigators, 
and many aspects of the reproductive behavior of 
lower animals are relevant to the studv of human 
behavior, this discussion is limited to the reproduc- 
livc behavior of nonhuman vertebrates and covers 
vf \iial behavior and paiental behavior. 

SEXUAL BEHAVIOR 

Sexual behavior means not only the behavior im- 
mediately prec edmg copulation, bill the whole 
complex of behavior patterns involved in the estab- 
lishment of breeding pairs of animals 
Reproductive territory. Ill most higher animals, 
courtship and mating behavior do not occur indis- 
criminately wherever a male and female meet, but 
are usually restricted to definite locations. In many*** 
animals, the place in which courtship and mating 
take place is an area defended by the male^gainst 
the intrusion of other males of the same species. 
; uih a defended area, the occurrence of which is 
associated with the reproductive phase of the ani- 
mals life, is called a territory. The classic exam- 
ples of such breeding territories are to he found in 
connection with the songbirds. When, for example, 
Male snow buntings first arrive at their breeding 
latitudes in spring (usually some days or weeks 
before the females), they at first stay together in 
flocks. After some days the males begin to sing and 
Simultaneously to settle down in territories, aban- 
doning the flock, which thus gradually disinte- 
grates. Settled on its territory, the male bunting 
elects one or more prominent perches, and spends 


a great deal of his time singing from them. The 
boundaries between territories are settled by fight- 
ing, in which actual physical encounters play a 
role, but in which threatening postures and vocali- 
zations may be much more prominent. By the time 
the females arrive, most of the territories are well 
established, and the singing of the male birds serves 
to attract the females into them. In the case of 
the snow bunting, the territory is the area in which 
almost all of the birds’ activities are carried out 
during the breeding season, and in which they find 
their food and later gather food for the young. It 
is thought that the biological function of this type 
of territory lies partly in its character as an exclu- 
sive source of food for the territory-holding pair, 
and that this, from the point of view of the evolu- 
tion of territorial behavior, is what determines the 
size of the territory. There are other types of 
territories which do not have this fun< tion. For ex- 
ample, manv species of sea birds breed on shore in 
dense colonies, from which the birds leave daily in 
large flocks to fish in neighboring waters. In such 
colonies, the defended territory may consist of a 
very small area around the nest, perhaps no more 
than 3 4 ft in diameter Such a territorv is defended 
just as vigorously, and with just as highly devel- 
oped rituali7ations of behavior, as the large terri- 
torv of a songbird all of whose activities are con- 
fined to it 

Birds are not the only animals in which the de- 
fense of a territory plays a role in reproduction. 
Many male mammals fight during the breeding sea- 
son in defense of a specific area. This mav be a 
fixed area, as in the case of the wild relatives of 
dogs and cats In other mammals such as deer 
and many antelope, which move in herds over large 
areas, the territorv defended by a male mav be not 
a specific location, hut rather the space in the 
neighborhood of his particulai female (s). Many 
mammals such as dogs, hyenas, bears, and others 
mark the boundaries of their territories by urinat- 
ing on the ground or against rocks or trees at the 
borders, or by depositing there the secretions of 
special glands. These scent flags may serve the 
same function in these animals, which are highly 
sensitive to olfactory stimuli, as do the singing and 
posturing of birds. 

Reproductive territory is also found in many spe- 
cies of fish. Some species defend specific areas, 
whereas others defend the space around a particu- 
lar object. For example, the female bitterling lavs 
her eggs in a fresh-water mussel, and male bitter- 
lings usually select a mussel and defend an area 
around it against other bitterlings. 

The characteristics of defended territories vary 
widely, but all such reproductive territories seem 
to have in common the fact that they secure for 
the defending animal something essential for re- 
production such as a mate, food supply, and nesting 
location. 

Courtship and pair formation. Sexual relation- 
ships among vertebrate animals range in different 
species from, at one extreme, temporary and pro- 
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miscuous copulations involving no individual rec- 
ognition between particular males and females, to 
the other extreme of lifelong monogamous mat- 
ings. These differences are not strictly characteris- 
tic of the major classifications of animals; rather a 
variety of types of mating system can be found 
in different species of the same class, and sometimes 
even of the same family, of animals. In some herd- 
living mammals such as the European red deer, a 
single male may have a harem consisting of sev- 
eral females, from which he drives away other 
males. Even more spectacular harems are to be 
found in some of the seals, among whom a single 
male may have 40-50 females. Other mammals such 
as wolves may have a more monogamous system of 
mating. In still other cases, as in many rodents, 
mating is casual and promiscuous. Similar varia- 
tions are found among birds. In some species of 
birds, such as the European rufl and some species 
of grouse, the males gather together in an area 
called a lek, within which each male has a small 
area where other males do not trespass, and at the 
boundary of which he may fight or threaten neigh- 
boring males. This is, of course, a form of territory, 
discussed previously. The females visit the lek and 
the males displav to them as they pass through the 
area. Copulation takes place quite promiscuously, 
after which there is no further relationship between 
the male and the female; the female goes off to 
build her nest, lay her eggs, and rear her young 
alone. 

At the other extreme, some species of geese 
may mate for many years, perhaps for life, form- 
ing very strong bonds between individual males and 
females, even migrating together and remaining to- 
gether in the wintering area. A more common tvpe 
of mating relationship among birds is an individual 
relationship lasting during a whole breeding sea- 
son with, however, little or no evidence that the 
birds remain together in their winter habitat. 
Among fishes, too, different types of mating rela- 
tionships may he found. Many species of cichlid 
fish form pairs which remain together throughout 
a breeding cycle, and which appear to recogni/e 
each other individually. In other forms, such as 
guppies and swordtails, mating is promiscuous, and 
the animals do not stay together in pairs. 

Egg fertilization. Fertilization of the eggs may 
occur, in different groups of vertebrates, either in- 
side the body of the female or outside. In mammals, 
fertilization is always internal, and copulation in- 
volves mutual reactions to each other of male 
and female, which facilitate the insertion of the 
penis of the male into the vagina of the female 
and the release of sperm there. In birds, fertiliza- 
tion is also internal, but most species of birds lack a 
penis. Instead, both male and female have an open- 
ing called the cloaca on the underside of the body 
near the base of the tail. In copulation, the male 
typically stands on the back of the female, bal- 
ancing himself by fluttering his wings, and male 
and female tilt and adjust their tails so that the ex- 
ternal openings are brought together for a brief 


contact, during which sperm is transferred from 
the male to the female. In some birds, such as 
many kinds of ducks, there is an erectile male organ 
slightly resembling the mammalian penis, which is 
everted from the cloaca during copulation. Inter- 
nal fertilization is the mode in reptiles, in most 
groups of which the male possesses an erectile or- 
gan of copulation, the hemipenis, which is similar 
in function to the mammalian penis. In amphibians, 
fertilization of the eggs takes place without inser- 
tion of a copulatory organ by the male into the fe- 
male. In frogs and toads, the male mounts the back 
of the female and clasps his forelegs tightlv 
around her body. While engaged in this clasp, or 
amplexus, the female periodically releases groups 
of eggs, and the male simultaneously releases 
sperm which fertilize l^he eggs in the water. Mating 
patterns in most of the tailed amphibians, or sala- 
manders, involve a curious form of internal feitili- 
zation. Following a more or less elaborate precopu- 
latory courtship display, the male deposits a 
sperm atophore, a small gelatinous stalk surmounted 
by a cap of sperm. The female, walking behind the 
male during this ceremony, enfolds the rap of the 
spermatophore between the lips of her cloaca, thus 
taking it into her body where feitilization is auom- 
plished. This type of fertilization may take plme 
either on land or in the water, in different spe< ies 

Among fishes, fertilization mav be either in 
ternal or external. In live-hearing fishe*^ the a mi I 
fin is modified into a gonopodium. which insetted 
into the genital opening of rite female and selves 
as a guide for the sperm. In other groups <>l fish, 
such as /he various species of salmon and I tout, 
fertilization is entirely external; the male and le 
male, swimming or lying side by side, simultanc 
ouslv eject eggs and sperm, the fertilization taking 
place in the water. Although in this type of matin': 
there is no physical contact between the male and 
the female, in many species there can be seen vig 
orous, highly synchronized movements, involving 
apparently synchronized increases in and relief 
from tension, highly reminiscent of sexual orgasm 
in mammals. See Coculatory or<,\n. 

Physiological regulation. Stimuli involved in 
courtship and sexual behavior may involve anv sen- 
sory modality, and different species of animal differ 
widely with respect to the varieties of stimuli used 
in courtship. Observations of the sexual behavioi 
of mammals in zoos and in nature clearly indicate 
that visual, auditory, olfactory, and tactual stimuli 
may all be effective in arousing sexual excitement 
and in the recognition of the mate. On the other 
hand, experiments on the common laboratory ani- 
mals (rat, guinea pig, and cat), confined under ad- 
mittedly rather unnatural conditions, show that ef- 
fective copulation may occur in animals deprived 
of any of the sensory modalities, although not of 
all. Observations and experiments on birds show 
that both auditory and visual stimulation are ef- 
fective in courtship. In some species of bird, the 
male reacts differently and appropriately to stuffed 
and mounted specimens of males or of females o 



own species. Female birds of many species are 
attracted by the courtship songs of the males. 

Visual, auditory, tactual, and chemical stimuli 
have all been shown to be effective in various of 
thr lower vertebrates (fish, amphibians, reptile*), 
,pseral of them sometimes being effective at differ- 
ent stages in the sexual behavior of the same spe- 
( ips. For example, the males of certain species of 
frog approach and clasp other frogs on the basis 
of their visual characteristics, and then either 
maintain the clasp through the emission of the 
and sperm, or discontinue it immediately, de- 
pending upon whether the clasped animal emits the 
Miund and has the bodv shape characteristic of an- 
other male or of an egg-laden female. Female sala- 
manders are sometimes stimulated to follow the 
male duiing the prefertili/ation courtship behav- 
ior 1>\ stimulation coming from the secretion of 
qir< idl glands in the male. Many aspects of the 
(ourtship of fishes are influenced by visual stimula- 
tion provided by the mate. Experiments with arti- 
ficial models, for example, show that a male three- 
xpmid stickleback on it s lenitorv reacts differently 
loan approaching fish, depending upon whether its 
olor and shape are characteristic of a male or of 
i female 

The effects of stimulation during < ourtship may 
ulhir lie direct immediate effects upon the behav- 
ioral reactions ot the othei animal, or fhev may in- 
d u < t responses quite remote from the immediate 
Sthavior Foi example, the c harac teristic posture, 
mow merits, and odor of a female rat in heat 
|ni<kl\ induce male lats to follow her and to react 
to her in wavs different from those in which they 
ru< r to females not pioviding these stimuli. The at- 
1 1 < h of a male flicker (woodpecker ) against an- 
other male inti riding on his territory seem* to he 
partU stimulated by a small area of black feathers 
dr the cornel of the bird’s mouth, which is lac k- 
ing in the female; if such a marking is artificially 
uldcd to a female, she ma\ he attacked by her own 
mate Many other examples of suc h immediate ef- 
hits of specific stimuli can he cited. A somewhat 
direct effect upon the behavior of one mate of 
stimuli piovided by the other lies in the fact that 
hfhavioral interactions between members of a pair 
>na\ have the effect of synchronizing their moods so 
that they are at the same level of intensity when 
thc*\ reach the part of the behavior pattern* (for 
sample, copulation) at which detailed synchroni- 
sation of the behavior is of the greatest importance. 
^ an > of the prespawning behavior patterns of 
fishes appear to have this synchronizing effect. 

^ *ti]l more indirect, but nevertheless very im- 
portant, effect depends upon the fact that stimuli 
provided by the activities of one mate may actu- * 
stimulate changes in endocrine secretion in 
th** cither, and thus alter its physiological condition 
In s,u ’h a way as to bring on the next stage in the 
Ceding cycle. For example, the onset of puberty 
dn d the establishment of regular estrus cycles in 
e niale mice may be influenced by olfactory stimuli 
r °niing from the males. A female dove may be in- 


Raproductiv* behavior 457 

duced to lay an egg solely by seeing a male dove 
court her, even through a glass plate. In general, 
the courtship behavior of male birds seems to influ- 
ence the endocrine glands of females to secrete the 
hormones which, in turn, induce them to become 
sexually receptive. Visual stimuli provided by other 
members of her species induce the female African 
mouth-breeder (a tiohlid fish) to dig nests and 
lay eggs. Much e\idence now (1959) available in- 
dicates that these psychosomatic influences of ex- 
ternal stimuli on endocrine secretion may he of 
considerable importance in the regulation of the 
sexual cycles of many different kinds of animal. 
In seasonal-breeding animals, the testes of the male 
and the ovaries of the female are small and phys- 
iological]) quiesi ent during the nonbreeding part 
of the year, enlarging and becoming active during 
the breeding season. In biids and other spring- 
breeding animals, the seasonal development of the 
sex glands is stimulated by the increasing length 
of days in the spring. This was first shown in a 
dramatic experiment in which a group of male 
birds wa" exposed in the fall to increasing daylight 
b\ the use of additional artificial illumination, 
while anothei group wa^ kept under normal condi- 
tions of decreasing daylight At the end of the 
tieatrnenl period, during the winter, the control 
gioup had, as expected, small, inactive teste*, 
whereas the light ti rated group had the large, ac- 
tive* testes norinalK rharac teristir of birds at the 
height of the breeding season. The length of the 
da\ thus, bv its physiological effect upPn the endo- 
crine system, determines the breeding season in 
temperate-zone birds. Howevei. the actual time of 
breeding within the season is subject to variation 
influenced bv various other stimuli such as temper- 
ature changes, the availability of appropriate hab- 
itats, and stimuli from the mate. Growth and activ- 
ity of the sex glands, like those of most of the other 
endonine glands, are under the influence of hor- 
mones coming from the pituitary gland. The fart 
that the activities of the pituitary gland are in turn 
controlled in considerable detail by the brain pro- 
vides the physiological background for the ability 
of all these external stimuli to influence the activ- 
ity of the testes and ovaries. 

^ Direct evidence is available that hormones se- 
creted by the testes and ovaries (gonads) play an 
important role in the development and occurrence 
of sexual behavior. Removal of the gonads is gen- 
erally followed by disappearance or sharp reduc- 
tion of sexual behavior, although the administra- 
tion of sex hormones to animals whose gonads have 
been removed or to immature animals whose gon- 
ads have not yet begun to function is usually fol- 
lowed by the appearance of sexual behavior. The 
abruptness with which sexual behavior disappears 
after removal of the gonads and the extent to 
which sexual behavior persists after such removal 
vary in different kinds of animals and under differ- 
ent conditions. For example, in some male mam- 
mals such as the domestic cat, castration before 
puberty will prevent the development of sexual be- 
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havior. If castration occurs after puberty, the abil- 
ity to perform sexual behavior may die out quite 
quickly in animals that have had no sex experience 
before castration, whereas in animals that have had 
sexual experience, sexual behavior may persist for 
a considerable time. In rats, which may be regarded 
as lower in the evolutionary scale than cats, indi- 
vidual experience does not seem to play the same 
role in determining the influence of sex hormones. 
On the other hand, in the monkeys and apes, 
learned capabilities and drives influenced by learn- 
ing appear to play an even greater role, and the im- 
mediate presence of sex hormones seems to be less 
critical than in the case of the cat. There may thus 
be a general evolutionary trend toward increased 
significance of learning and decreased dependence 
upon the immediate influence of sex hormones in 
the organization of sexual behavior. However, sub- 
stantially different patterns may be found in differ- 
ent species at the same general level of evolution. 
For example, social experience in early life seems 
to play a negligible role in the development of sex- 
ual behavior in laboratory rats, although it has a 
substantial effect in the guinea pig. Further, fe- 
males in general tend to be more dependent upon 
the presence of sex hormones for the performance 
of sexual behavior than do males of the same spe- 
cies. Questions of this type have not been investi- 
gated in vertebrates other than the mammals. 

PARENTAL BEHAVIOR 

Once the egg has been fertilized, the eggs or the 
young or both cannot survive unless the behavior 
of the parent is appropriate to meet the needs of 
the offspring during the period when they are de- 
pendent upon the parents. The patterns of parental 
behavior in animals which bear live young are dif- 
ferent from those which produce eggs requiring 
care before they hatch. 

Nest building. Nest-building patterns in birds, 
mammals, and fish are discussed in the following 
sections. 

Birds. During the breeding season most species 
of birds build a nest and lay their eggs in it. 
Birds’ nests vary widely in structure and location. 
Some species of weaver birds build massive, elabo- 
rately woven structures of grass, supported in the 
branches of trees. A large number of pairs may co- 
operate in building such a structure, each pair 
having a hollowed-out chamber of its own in the 
communal nest structure, with an individual opening 
leading to each chamber. Most birds, however, build 
individual nests. The American orioles build elabo- 
rately woven, completely enclosed nests of grass, 
hanging from the branch of a tree. Many other 
birds build open nests supported in the crotch of 
the branch of a tree, or among the twigs of a bush. 
These may be deep-woven cups, sometimes lined 
with mud, like that of the American robin, or sim- 
ple platforms of twigs, like the nests of most pi- 
geons and doves. Some birds characteristically nest 
in hollow trees; others, like woodpeckers, dig out 
nest chambers in the trunks of trees by their own 


efforts. Many sea birds such as the terns build ver 
simple nests, little more than a depression hollowed 
out in the sand, lined with a few sea shells. Some 
species of sea birds which breed on narrow ledges 
on the faces of ocean cliffs may build no nests at 
all, laying their eggs directly on the rock. 

Either sex or both may participate in the build, 
ing of the nest. There are a few species such as 
the phalaropes in which the male does all of the 
nest building. However, by far the more common 
patterns are for the female to build the nest alone 
a9 do many songbirds (thrushes, sparrows, black- 
birds), or for both sexes to participate, as do 
doves, gulls, and others. 

Although nest-building behavior is here included 
in parental behavior because the function of the 
nest is to provide a place in which the eggs can 
be incubated, the dct of building a nest is fre- 
quently closely associated with, or even a part of. 
sexual behavior. The nest is usually built during 
the last few days before the first egg is laid, a pe- 
riod during which precopulatory behavior and cop- 
ulation are at a maximum. In many species of birds 
in which the female does all of the nest building, 
the first nest-building activity of the female occur* 
simultaneously with the beginning of her sexual re 
ceptivity. In some species such as the night heron 
both birds participate in the building of the nest, 
and the early stages of nest building are actually a 
part of the courtship activity. In still ether specie^ 
such as many shore birds courtship behavior in- 
cludes the scraping out of a nest hollow in the sand 
by movements of the feet and breast of the crouching 
male, Who may scrape out several such nests, in one 
of which the female lays her eggs. 

Mammals. Although the nest-building behavior 
of birds is closely related to the time of hreeding. 
reproductive nest-building behavior in mammals ap- 
pears to he a modification of shelter-building be- 
havior which occurs all year, rather than spend 
cally in association with the breeding season. Man\ 
mammals such as weasels and many rodent 5 
live in burrows which they dig underground. The^e 
burrows may he lined with material collected bv 
the animals, such as leaves and twigs. The building 
activity does not appear to be particularly related 
to the breeding season. Similarly, field mice, squu* 
rels, and a number of other groups build globular 
nests of grass or twigs above the ground, independ 
ently of the breeding cycle. Chimpanzees build 
nests in trees in which they sleep, a new nest be- 
ing built each night at a different location. 

Although little information is available about 
seasonal variations in nest-building behavior m 
these wild mammals, laboratory mice and rats 
show well-defined changes in nest-building behavior 
associated with pregnancy and parturition, ihev 
engage in nest-building behavior to some exten 
when they are not breeding, but the amount ^ 
such activity increases sharply toward the cn 
pregnancy, with the result that a relatively massif- 
well-formed nest is usually built by about the tirn<j 
when the young appear. Domestic rabbits 1> U1 



nests of grass, which they line with hair plucked 
from their own bodies. In these animals, the nest 
m a\ be built just before parturition or just after, 
depending on the strain of rabbit. 

Perhaps when more information about nest- 
building behavior in wild mammals is accumulated, 
there mav be found variations in nest-building be- 
havior related to pregnancy and parturition similar 
to those now known for domestic types. 

Fishes. Some fishes build rather elaborate nests, 
whereas others build none at all. Salmon, for ex- 
ample. simplv lay their eggs on an appropriate 
gravellv bottom, so that the eggs slip between the 
-.tones. Jewel fish dig a shallow depression in the 
sand at the bottom of the stream or aquarium, in 
which the eggs are deposited. The males of some 
species such as the Siamese fighting fish catch in 
their mouths the eggs which the female has just re- 
leased (and which the male has just fertilized) , then 
blow a bubble of air which floats to the surface 
with the egg inside. These hubbies adhere to each 
other, making a bubble nest which floats on the 
surface of the water. The male three-spined stickle- 
hd(k builds a tubular nest ot small twigs and bits 
of grass which it glues together with an adhesive 
scnetion produced hv a modified kidney. 

Incubation Of eggs. Ill lower vertebrates pa- 
rental care of the eggs takes a variety of forms. 
Main of these animals mav have nothing to do 
with the eggs after they arc laid. This is true of 
man\ fishes and amphibians and some reptiles (for 
example, tortoises). Other species belonging to the 
same < lasses may. however, care for the eggs in a 
wnefv of wavs The male three-spined stickleback 
remains near the nest during the period before the 
fiigs hatch, performing characteristic fanning 
movements with his fins. These movements i ause 
currents of water to flow over the eggs, thus main- 
taining their oxygen supply, because the eggs pro- 
duce carbon dioxide which would accumulate to 
too high a level in the immediate neighborhood in 
the absence of the fanning movements. In other 
^pecie-s. such as some of the cichlid fishes, this type 
of care of the eggs may be carried out by both 
parents. The male Siamese fighting fish similarly 
guards and fans his bubble nest; when one of the 
bubbles breaks, and the egg starts to fall through 
the water, the fish catches the egg and blows a new 
bubble, which is incorporated into the n^st, This 
process of repair of the nest goes on continuously 
Miring the prehatching period. Some lizards and 
Miakes remain in contact with their eggs during 
their development, providing some heat (but not 
VPr v much, in view of the low heat production of 
these cold-blooded animals ) . f 

fn birds, which are warm-blooded animals, the 
invariably require, for the optimal develop- 
me ni of the embryos, a temperature higher than the 
^vironmental temperature. The additional heat is 
Provided, in almost all species of birds, by the body 
°f one or both parents. The incubating parent sits 
on the eggs; in doing so, it erects the feathers of 
Me lower abdominal region to expose an area of 
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naked (unfeathered) skin which is applied to the 
eggs. In most families of birds, this abdominal skin 
is modified during the breeding season by the de- 
velopment of additional blood vessels, thickening of 
the skin layers, and in some cases, loss of the 
downy feathers which are present at other times of 
the year. Such an area of modified skin, which is 
adapted for the local transmission of body heat, is 
called an incubation patch. In doves, ducks, and 
some others, no incubation patches have been found, 
although incubation occurs in the same manner as 
in species with the patches. 

In some species of birds, including most song- 
birds, the female Hoes all the incubating, and the 
incubation patch is present only in the female. In 
some families or groups of species, both males and 
females take part in incubation, and have incubation 
patches. In these cases, the males and females may 
change places on the eggs at irregular short in- 
tervals of from 10 min to 2 hours (as do most song- 
birds) or they may each sit at a particular time of 
the day (as do doves), or each may sit for several 
days at a time (as do some petrels) . In a few species, 
such as the phalaropes, only the maler sits on the 

Aberrant patterns of incubation are to be found 
in several bird families. Among the megapodes. 
or mound-builders, a family of birds found in Aus- 
tralia and the southwest Pacific, the males build 
large mounds of leaves, grass, and other materials 
in which the females lay their eggs, after which the 
eggs are covered with more plant material. The in- 
cubation of the eggs is then provided for, not by 
heat from the birds’ bodies, but by the heat pro- 
duced by the decaying substance of the mound. 
In some species of this family the young, when they 
hatch, receive absolutely no parental rare. The 
American cow bird and most species of Old World 
cuckoos are parasitic; that is. they build no nests 
of their own, hut lay their eggs (one to a nest) in 
nests of birds of other species, leaving the eggs to 
he hatched and the young to be reared by the fos- 
ter parents. 

Pregnancy and birth. Pregnant mammals of 
many species tend to be quietei and more solitary 
than non pregnant females. The female chimpanzee 
is gentle and unaggressive, in contrast to her usual 
behavior. Pregnant cats are relatively inactive, and 
spend an increased amount of time licking and 
grooming their bodies, particularly the genital re- 
gion. During late pregnancy, herd-living mammals 
of some species such as the American elk tend to 
leave the herd, finding a secluded place in which to 
give birth. 

Mammals of different families give birth in char- 
acteristically different positions. Some, such as the 
giraffe, deliver the young from a standing position. 
Others, such as the cat, mav assume a lying or a 
sitting position at different stages during the birth 
process. Most rodents sit semiupright on the hind 
legs while giving birth. The rabbit stand** in a pe- 
culiarly crouched position, so that the young are 
delivered forward, to lie under the mother’s body. 
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Most mammals eagerly lick their genital areas, the 
young, and the fetal membranes during and after 
parturition. The fetal membranes are usually torn 
free by the mother, who also bites through the um- 
bilical cord. In most mammals, the mother also eats 
the placenta, or afterbirth. The eating of the after- 
birth may be seen even in such species as the 
guinea pig, rabbit, and bison which are strictly veg- 
etarian at all other times. The licking of the young 
appears to be an important aspect of the estab- 
lishment of mother-young relationships, because in 
many species it helps to orient the mother and 
young to each other so that suckling can be estab- 
lished. For example, if a domestic Jamb is removed 
from its mother immediately after birth, washed, 
and returned some hours later, the mother and 
lamb may never establish a suckling relationship. 
In addition, the maternal licking of the anogenital 
region of the young stimulates the first urinations 
and defecations by the young. In many species this 
cannot occur without such stimulation. In some 
mammals such as the camels and their relatives, 
and in many mammals which give birth in the wa- 
ter such as porpoises, licking of the young and eat- 
ing of the afterbirth do not occur. 

Care Of the young. The parental behavior pat- 
terns in the care of the young bird and the mam- 
mal are considered in this section. 

Birds. Young birds at the time of hatching from 
the egg may be one of two types, altricial young, 
hatched naked, blind, incapable of locomotion, and 
unable to get food for themselves; and precocial 
young, hatched covered with down, able to walk, 
the eyes fully developed, and often able to secure 
food for themselves. Altricial young are brooded 
and fed by the parents for some time after hatch- 
ing. At first, the young beg for food by movements 
which are not oriented to the parents, simply hold- 
ing the head pointed straight up, with the mouth 
open, so that the parent can drop food into it. They 
may often need to he fed 10 times or more in a 
single hour. Most songbirds such as thrushes, spar- 
rows, and flycatchers are of this type. Precocial 
young, on the other hand, require brooding for only 
a very short time, and peck directly at their food 
from the first. In some species with precocial 
young, such as chickens and ducks, the parents lead 
the young to the food, the young pecking for food 
at the ground just as do the parents. In other cases, 
such as gulls and shore birds, the parents may 
bring the food to the young and either hold it in 
front of them or drop it before them, so that the 
chicks can peck at it. In species in which only one 
parent sits on the eggs, the same parent always 
broods the young. However, a parent which neither 
sits on the eggs nor broods the young may play a 
major role in feeding the young. For example, a 
common pattern among songbirds is that in which 
the female does all the incubation of the eggs and 
all the brooding of the young, whereas the male 
does most of the feeding. In some other birds such 
as gulls, both male and female share in incubation, 
brooding, and feeding of the young. Food may be 


carried to the young whole, in the claws of th e 
parent, as by some hawks ; it may be carried within 
the mouth of the parent, as by most songbirds; it 
may be swallowed by the parent, partly digested 
and regurgitated for the young, as by gulls; or it 
may actually be produced as a secretion in the crop 
of the parent and regurgitated to the young, as bv 
pigeons and doves and probably hummingbirds. 

Mammals . Mammals provide food for their new- 
born young by producing milk in the mammary 
glands, at the nipples of which the young suck. At 
first, the initiative in establishing nursing appears 
to come from the mother at each episode, but as 
the young develop, the young take the initiative 
more and more often in approaching the mother. 
Nursing occurs in various positions. Cats and dogs 
nurse their young while lying on their side^; most 
of the herd-living mammals nurse in a standing po- 
sition; many rodents crouch over the young; mon- 
keys and apes hold the young against the breast in 
their arms. The frequency of nursing varies con- 
siderably. Rabbits nurse their young onlv once a 
day, whereas young porpoises may suckle tor a few 
seconds at a time every IS 30 min, day and night 
Mother seals of some species may spend a dav oi 
more ashore with their young, and then several 
days at sea, during which time the young are not 
nursed. The frequency of nursing gradualh de- 
clines, the weaning of the young (that is the tran- 
sition from suekling to procuring solid food ) tak- 
ing place at different ages in different species. Mwe 
may be independent of the mother about 2 weeks 
after birth, whereas some herd-living animals (elk* 
bison /’may still be suckling from the mother when 
they are 9 months or 1 year old, although at tin* 
age they will be getting most of their food bv 
grazing. 

Physiological regulation. As in the ease of -ev 

ual behavior, the stimuli involved in the evocation 
of the patterns of parental behavior may be in am 
sensory modality, and often differ in different spe 
cies of animal. For example, the retrieving of dis- 
placed eggs into the nest in some species of lizards 
is apparently dependent upon the chemical charac- 
teristics of the eggs. The regulation of the amount 
of fanning done by the male three-spined stickle- 
back when guarding the eggs is partly influenced 
by the amount of carbon dioxide in the water; a 
higher concentration of carbon dioxide induce* a 
greater amount of fanning activity. Responses to the 
young in many species of fish which care for their 
offspring, such as the mouth-breeders, are based 
on visual stimuli. Responses of birds to their egg s 
are based on visual, tactual, and temperature stim- 
uli. If an egg is colored differently from the re fc t 
the eggs in the nest, birds of many species will re- 
fuse to sit on the nest; in other species the birth 
will sit only after ejecting the odd egg; in stil 
others, a peculiarly colored egg may be incubated- 
but not rolled back into the nest if it should fa* 
out. Finally, some species will not be at all dis- 
turbed by the strange egg. If the egg of an incu- 
bating gull is maintained at an abnormally high or 



low temperature by circulation of heated or cooled 
wa ter through it, the bird will be noticeably rest- 
less and disturbed, indicating that temperature 
stimuli play a role in regulating the incubating be* 
l, a vior. Reactions of birds toward their young may 
|,r based on visual and on auditory stimulation pro- 
vided by the young. Olfactory stimuli have not been 
„hown to be important in regulating the behavior 
of birds. 

Mammal mothers recognize their young and are 
stimulated to respond to them by various combina- 
tions of olfactory, auditory, visual, and other stim- 
uli Some mice retrieve their young in response to 
supersonic cries. Rats may retrieve young when 
stimulated by their smell, sound, or visually per- 
(Pived movements. In some species of herd-living 
mammals such as seals, mothers appear to recog- 
nize their own young by their voices. 

As noted previously in connection with the regu- 
lation of sexual behavior, stimuli provided bv the 
vming mav either cause immediate behavioral re- 
sponses of the parent, or may indirectly cause 
( lunges in the parent’s behavior by stimulating 
hanges in their physiological condition. The sight 
of eggs in the nest stimulates the patent bird to sit 
in them, and the movements and sounds made b\ 
umng birds stimulate the parents to feed them 
The mother rat is stimulated to retiieve and to 
mir^e her voting b\ their sight, sound and smell 
In addition, however, the presence of eggs or of 
voung stimulates more pervasive changes m the 
,nrents 

When doves sit on their eggs, their crops in- 
' lease in weight and begin to se< rete the substance 
drop milk) which the birds will later regurgitate 
to their voung. If in< ubating doves are removed and 
kept from contact with the eggs, theii eiopa fail to 
develop, or if thev have already begun to grow, the 
rrops regress to the undeveloped state Because it 
I s known that the growth of the crop is induced by 
the hoimone prolactin, secreted hv the pituitarv 
irland, this experiment demonstrates that stimuli 
piovided by the eggs induce the secretion of prolac- 
tin hv the parents’ pituitary glands Further, when 
the newly hatched young of wild wrens are removed, 
the parents begin the courtship and nest building 
&hi(h will lead to the production of a second brood 
about 1 week earlier than they would otherwise do. 
This indicates that stimuli provided by the^ywung 
inhibit the secretion of those pituitary hormones 
H huh induce the beginning of the new breeding cy- 
tle .See Hormone. 

Suckling stimuli provided by the young mammal 
tndure the secretion of oxytocin, a hormone of the 
posterior lobe of the pituitary gland. The oxytocin 
,n turn, when it reaches the mammary gland, causes 
an increase in pressure in the milk-secreting tu- 
Mes, 80 that m ilk is actively squeezed out toward 
thp nipples. Milk is thus actively expelled by the 
Mammary gland, and the mechanism of this ejec- 
l, °n is through the secretion of a pituitary hormone 
ln response to stimuli provided by the young. If 
toe young are removed from a mother mouse or 
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rat, her mammary glands will soon cease to secrete 
milk, and she will stop behaving maternally toward 
young offered to her. On the other hand, it is pos- 
sible to make lactating females continue lactation 
far beyond the normal weaning period, by repeat- 
edly replacing the growing litters with newborn 
young. These and other experiments indicate that 
the stimulation of the nipples by the suckling 
young induces the secretion of the pituitary hor- 
mones which maintain milk production in the mam- 
mary gland. The stimulus for the hormone secretion 
is actually the mechanical stimulation of the nip- 
ples; the same effect can he produced by painting 
the nipples with turpentine, instead of allowing 
young to suckle them. See Pituitary gland. 

Because parental behavior occurs at specific 
times during the reproductive cvcle. changes in 
endocrine secretion characteristic of the reproduc- 
tive cvcle should play a role m regulating such 
behavior Doves injected with progesterone, a hor- 
mone normally secreted bv the ovary, may he in- 
duced to sit on eggs. Faying hens are made 
broody fthat is, induced to sit on eggs) by injec- 
tions of the pituitary hormone, prolactin. A com- 
bination of ovarian and pituitary hormones is re- 
sponsible for the development of the incubation 
patch. Prolactin, which stimulates the growth of 
the crop and the secretion of crop milk in doves, 
also induces these buds to regurgitate food to 
squabs (young doves) It thus appears that various 
aspects of the parental behavior of birds are in 
fact stimulated and regulated bv the effects of en- 
docrine secretions As in the case of hormone- 
induced sexual behavior, the effects of hormones 
sometimes depend upon the previous experience of 
the animal Doves which have never had bleeding 
experience may fail to feed squabs when injected 
with prolactin, and inexperienced doves, when in- 
jected with progesterone, do not sit on eggs so often 
nor so qmcklv as do experienced birds. 

Nest-building behavior is induced in mice bv the 
injection of progesterone, the ovarian hormone 
which normallv appears in the mouse’s blood in 
rnidpregnancy, when intense nest building usually 
begins. Nest building may also be induced by in- 
troducing newborn voung mice in the cage. In a 
^normal cycle, nest building is started during preg- 
nancy because of the effects of progesterone and 
continued after parturition (when progesterone se- 
cretion stops) by the effects of the young. In rats, 
nest building appears to be partly a temperature- 
regulating device, because it is greatly increased by 
keeping the animals in a cold environment, and be- 
cause removal of the thyroid glands (which results 
in interference with the temperature-regulating 
mechanisms of the rat’s body) results in an enor- 
mous increase in nest-building activity, which 
compensates for the^now deficient temperature reg- 
ulation by providing additional insulation for the 
animal’s body. When injected into rats, prolactin, 
the hormone which is partly responsible for milk 
production after parturition, also increases the fre- 
quency of retrieving of the young. 
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Hormonal bases of parental behavior have not 
been investigated in lower vertebrates. See Behav- 
ior AND HEREDITY; PERIODICITY IN ORGANISMS; 
Progesterone; Psychology, physiological and 
EXPERIMENTAL. [ D.s.L. ] 
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Reproductive system 

The structures concerned with the production of 
sex cells (gametes) and perpetuation of the spe- 
cies. The embryology, comparative anatomy, his- 
tology, physiology, endocrinology, and biochemis- 
try of this system are treated in this article. 

The reproductive function constitutes the only 
vertebrate physiological function that necessitates 
the existence of two morphologically different 
kinds of individuals in each animal species, the 
males and the females (sexual dimorphism). 

The purpose of the reproductive function is 
fertilization, that is, the fusion of a male and a fe- 
male sex cell produced bv two distinct individuals. 
In each sex the reproductive system compiises a 
sex gland or gonad which produces sex cells or 
gametes, and ducts which permit the passage of the 
gametes. In some animals, such as mammals, copu- 
latory organs permit the male germ cells to be in- 
troduced into the female ducts, and fertilization is 
internal, but in a great number of vertebrates, such 
as anuran amphibians or fishes, no copulatory or- 
gan exists and fertilization is external. .See Ovary, 
Sexual dimorphism; Testis. 

EMBRYOLOGY 

The embryology of the reproductive system is 
very similar among all vertebrates, with the excep- 
tion of teleost fishes in which it is less specialized. 
It proceeds by successive steps. 

Sex determination. At the time of fertilization, 
the sex of each individual is genetically determined 
by the sex chromosomes contained in the gametes. 
If both the male and the female germ cells have an 
identical X chromosome, the egg, upon fertiliza- 
tion, receives two X chromosomes (homozygous 
egg). If one parent germ cell contains an X and 
the other a Y chromosome, the egg cell receives an 
XY assortment (heterozygous egg). In mammals 
and in frogs, for instance, the male is the heterozy- 
gous XY sex. In birds and several urodeles the con- 
dition is reversed and the female sex is the hetero- 
zygous XY sex. 

The fundamental importance of the genetic basis 
of sex determination must be emphasized before 
the embryology of the reproductive system is 
studied, because it should be considered as the first 
step in sexual differentiation of each individual. 
See Sex determination. 


Later during development, the gonads, the se 
ducts, and corporal sex characters appear succe^ 
sively. 

Role of urinary system. Before more specific 
details are considered, it should be noted that the 
development of the genital tract is intimately cor 
related with development of the urinary system 
(Fig s. 1 and 2), and that the urinary system itself 
is derived from successive kidney organs. The 
first pair of kidneys, the pronephros of the earlv 
embryo, develops mainly in the future neck region 
Its duct, the primitive ureter, reaches the cloaca 
Shortly afterwards the second pair of excretory 
organs, the mesonephros, differentiates approxj. 
mately in the middle of the trunk, in conneition 
with the primitive ureter. The pronephros then ict 
rogresses and the -primitive ureter becomes the 
mesonephric duct, also called the Wolffian duct 
In higher vertebrate's (birds and mammals) the 
mesonephros is later replaced by a thiid pair of 
kidneys, the mKanephros. 

Among the vertebrates, except lor the telenet 
fishes, the sex glands differentiate in conneition 
with the mesonephros. They retain these connet 
tions especially in the males in whirh the im>o 
nephros remains the adult kidney (Fig. 8) \n 
adult male frog displays conditions which arc sun 
ilar to those found in the earlv bird or ni«tm 
malian embryo In both, the testic ular tubules jic 
connected with mesonephric urinary •tubules Sr< 
Urinary sysifm; Urogfnipai sysilm. 

Development of the gonads. The development 
of the gonads is a progressive process, whiih ma\ 
be divided into three main phases; ( 1 ) the appeal 
ante of a genital ridge, (2) organization of an un 
diffeientiated gonadal anlage, and (3) sexual dil 
ferentiation of this piimordium. 

Genital ridge The genital ridge appears on thi 
mesolateral side of the mesonephios as a thicken 



Fig. 1. Dissection of a 19-day-old rabbit fetus 
Ing the undifferentiated condition of the genital * raC 
of a ’mammalian fetus. 



Fig. 2. Section through the body of a 17-day-old rab- 
bit fetus, showing the ovaries at an early stage of 
differentiation located on the internal side of the 
mesonephroi. 



Fig. 3. Schematic presentation of sex differentiation 
of amphibian gonads. The indifferent anlage with its 
cortex and medulla may differentiate either in the 
female or in the male direction. 

wip of the coelornic epithelium covering the meso- 
nephroi. In reptiles, birds, and mammals it consists 
<>f a layer of enlarged coelornic cells, which at first 

2-3 cells thick. This contrasts with the flat cells 
of the other parts of the mesonephric coelornic 
wall. Primordial germ cells, the cells which will 
give rise to the germ cells, come in close contact 
with the germinal epithelium and even penetrate 
between its cells. These primordial germ cells 
have an extragonadal origin. 

Extragonadal origin. In the chick embryo, the 
primordial germ cells are first seen as large undif- 
ferentiated cells, located in the germinal cceftent, 
a part of the extraembryonic area of the blasto- 
tam situated anteriorly to the embryo’s future 
bead. They reach the level of the gonadal anlage by 
Wft y of the blood stream (C. Swift, 1914; D. Simon, 
^58). In sauropsidians and mammals their extra- 
gonadal origin has also been established, although 
l tair mode of migration toward the germinal epi- 
thelium remains uncertain (ameboid migration is 
°*ten assumed) . 

the frog the primitive germ cells have been 
traced from the very beginning of the cleavage of 
egg by L. Bounoure. At the time when the gon- 
4 a I anlage differentiate, they are disposed in more 
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or less metameric clumps near the inner border of 
the mesonephros. 

Amphibians. As soon as the germinal ridge be- 
comes apparent, the germ cells protrude into the 
abdominal cavity with the coelornic epithelium. 
The anlage is then invaded hy clusters of cells com- 
ing from the mesonephric blastema which first ex- 
hibit a metameric disposition. The gonadal anlage 
has then attained a stage known as the indifferent 
stage, which is the same irrespective of the genetic 
sex of the animal. 

The indifferent sex gland consists of the coe- 
lomic epithelium at the periphery, whose cells are 
flat and scattered and cover the voluminous primi- 
tive germ cells. Some connective tissue surrounds 
the central mass of small cells which came from 
the mesonephric blastema. The outer zone is known 
as the cortex, the inner part as the medulla 
(E. Witschi. 1914). 

During the weeks preceding metamorphosis, the 
undifferentiated anlage may differentiate either as 
an ovary or as a testis. 

Ovarian organogenesis. This process is charac- 
terized mainly by the development of the cortex. 
The germ cells become surrounded by small folli- 
cle cell*, and begin to increase in size and to show 
some prerneiotic nuclear changes. In the mean- 
time, the central mass of medullary cells loses its 
solid aspect. The medullary cells cover the internal 
side of the cortex as a flat layer around a central 
cavity, the ovarian sac. 

Testicular organogenesis. Testicular organogen- 
esis, on the contrary, is characterized by the pro- 
liferation of the medulTary cells. These differenti- 
ate testicular ampullae which first appear as 
outgrowths of the medullary mass. Primordial 
germ cells become included in these ampullae 
while the cortex disappears, being replaced by a 
thin layer of connective tissue around the testis, the 
albuginea. 

Some deviations from this general scheme should 
be mentioned. In frogs, the above-summarized proc- 
ess is seen only in animals living in cold countries 
or at high altitude. In most frogs from temperate 
climates, the process of sexual differentiation is 
different. During the months before metamorphosis 
% all individuals differentiate ovaries, whatever their 
genetic sex. A sex reversal of the gonad occurs 
later in 50% of the individuals. The ovarian sac 
(medulla) proliferates and differentiates testicular 
ampullae, which become inhabited by the smallest 
of the primordial germ cells. The cortex and the 
large ovocytes degenerate. Finally a true testis 
evolves after the ovarian phase of the gonad. Ani- 
mal species or strains which show such a transitory 
feminine phase of the male gonads are known as 
indifferent strains. Several amphibians, teleosts, 
and cyclostomes also develop indifferent strains. 

Another particular case is noteworthy. In toads, 
the anterior part of the gonadal anlage is almost 
entirely a cortical primordium with no medull$. 
This primordium persists as a rudimentary organ, 
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Bidder’s organ, above the functional gonad. In 
adult animals Bidder’s organ may develop into a 
functional ovary when the actual gonads are sur- 
gically removed. Males deprived of their testes un- 
dergo a slow feminization and may lay eggs 
(K. Ponse). 

Gonad organogenesis. Organogenesis of the 
gonad in reptiles, birds, and mammals exhibits an- 
other pattern which makes the detailed interpreta- 
tion more difficult. 

When the indifferent stage of the gonad appears, 
it also consists of a cortex which is a germinal 
epithelium derived from the coelomic epithelium, 
and a medulla comprised of cords of cells included 
in the general connective stroma of the organ. The 
primordial germ cells become distributed in both 
the medullary cords and the germinal epithelium. 

Testes. During testicular differentiation, the 
medullary sex cords increase in size and directly 
give rise to the future testicular tubules, in which 
spermatozoa will later mature. Between these semi- 
nal tubules, glandular cells appear, the interstitial 
cells which secrete the male sex hormone. The cor- 
tex disappears, and leaves a peripheral layer of 
connective tissue, the albuginea of the testis. 

Ovaries. Ovarian differentiation is first charac- 
terized by a prolonged proliferation of the cortex. 
Secondary sex cords are progressively pushed into 
the underlying connective tissue while the medul- 



Fig. 4. Schematic presentation of the differentiation 
of the gonad in higher vertebrates. 



Fig. 5. Reproductive system of normal chick embryos, 
shortly before hatching, (o) Male (two testes present) 
(b) Female (development of sole left ovary and left 
oviduct). (After B. H. Willier, in E. Allen , ed. f Sex and 
Internal Secretions , 2d ed., Williams and Wilkins, 
1939) 


lary sex cords retrogress. The secondary sex < orth 
will later divide into small chimps, the pumordial 
follicles, each one comprising one primitive germ 
cell surrounded by follicular (ells. Eads follicle he 
comes the functional unit of the adult ovarv. 

Gonadal differentiation is well established in 
reptiles or birds before hatching, or in plarcntal 
mammifls at birth. In the marsupials, such as the 
opossum, intrauterine pregnanov is very short and 
is followed by a period of development in the mar 
supial pouch. Sexual organogenesis takes plan 
after birth during pouch life. 

Origin of medullary cords. It has been classic alh 
assumed that Lhe medullary cords appear as out 
growths from the inner surface of the germinal 
epithelium. Later these cords become connected 
with some mesonephric urinary tubules by cords of 
cells which constitute the rete cords. In the adult 
testis, the rete testis constitutes an intratesticular 
net of canals; in the epididymis it is connected b\ 
former mesonephric tubules with the vas deferer* 
It has been suggested by E. Witschi that the fir^t 
origin of the medullary cords of the indifferent 
gonad and of the rete should be seen in cords of 
cells growing from mesonephric glomeruli toward* 
the germinal epithelium. If such an interpretation 
were substantiated, a more common scheme would 
apply to gonadal organogenesis in both lower and 
higher vertebrates. The medulla, the prospective 
testicular component, would then originate from 
the mesonephric blastema, and the cortex or the 
prospective ovarian component would originate 
from the coelomic epithelium. . 

Birds . The particular case of the right gonad o 
birds should be mentioned. In a great number o 
birds only one ovary becomes functional in * e 
adult. In the female chick embryo, for instance, 



qvrnmetry of the gonads is conspicuous at an early 
..rage, because the left anlage is much larger than 
the right one. The right gonad, composed of some 
vestigial medullary tubules, remains and is a non- 
functional rudiment in the hen. It may develop as a 
small testis, if the left ovary is removed. 

Gonadal abnormalities. Important abnormali- 
ties include absence of the gonad, hermaphrodit- 
and sex reversal. 

Absence of the gonad. The entire gonad may fail 
to develop or may retrogress at very early stages. 
Jejring onlv some indistinct remnants which are 
impossible to recognize as testes or as ovaries. This 
condition, called gonadal agenesis or gonadal dys- 
genesis, is known among humans as Turner’s syn- 
drome and has also been observed among animals 
-m h as pigeons. 

In 1956 C. Houillon was able to produce gonadal 
agenesis in the newt Pleurodeles waltlii by inter- 
fering with the organogenesis of the mesonephros. 
This was produced bv stopping the earlv growth of 
the primitive ureter before it reached the meso- 
nephric blastema. In the absence of the inductive 
influence of this duet, the differentiation of the 
mesonephros mav he impaired. When no mesoneph- 
iim dexelops. the gonad fails to differentiate, he- 
i lime the established genninal epithelium suffers 
r< trogvession. It remains to be ascertained whether 
Midi relations between the mesonephros and the 
nonads obtain for other vertebrates. 

Hermaphroditism. The presence of male and fe- 
male gonadal tissue in the same individual is not 
normal among vertebrates except in some species 
of fishes. It can occur as an abnormal condition 
more or less frequently among other vertebrates. 

Il is rather frequent in some frogs and toads, and 
is tonsidered to be the result of an incomplete 
dominance of cither the cortex or the medulla of 
the indifferent gonad. It is also frequent in the pig, 
but rather rare in humans. 

Sc x reversal of the gonad. Sex reversal of the 
-'onad which results from the differentiation of the 
sonad in a direction opposite to the genetic sex, 
mav he produced experimentallv. According to 
^itsrhi’s scheme, the cortex and medulla of the un- 
differentiated gonad constitute a pair of antagonis- 
ts inductors which compete by producing one or 
moie inductive substances (cortexin and medul- 
tarin). The final sex of the gonad results from the 
dominance of either the cortex (female) or the 
medulla (male). Undet experimental conditions, 
whatever the genetic sex of the animal, any condi- 
f, °n which depresses the cortex or gives prevalence 
lo die medulla results in testicular differentiation; 
depression of the medulla or prevalence given to v 
the cortex results in an ovarv. 

Competition between the sex inductors may be 
observed if two developing larvae are united in par- 
abiosis in such a way that exchange of blood oc- 
c, irs or if the gonadal anlage from one embryo is 
Unified to another embryo. 

reversal, namely masculinization of a female 
Ur( >dele larva under the influence of the testis of an- 
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Effect of administered sex hormones 
on developing gonads 


Animal 

Estradiol 
(on males) 

Testosterone 
(on females) 

Fish 

I*bisles 

Feminization 

Masculinization 

Amphibians 

Frogs, various 
species 

Feminization 
(low dosage) 
Masculinization 
(high dosage), 
paradox effect 

Masculinization 

Alvlei t 

Feminization 

No effect 

Xcnopus 

Complete fern 
inization 

No effect 

Amblvstoma 

Complete fem- 
inizalion 

Feminization, 
paradox effect 

Pleurodeles 

Complete feni- 
in i/a l ion 

Feminization, 
paradox effe< t 

Birds 

Chick 

Feminization 

Slight maseu- 
linizntion 

Duck 

Slight feminiza- 
tion 

No effect 

Marsupials 

Opossum 

Feminization 

No effect 

Placental mammals 

Several species 

No effect 

No«c! fleet 


other individual, or partial feminization of a male 
chick bv a grafted ovary, was experimentallv ob- 
tained bv E. Wolff 

Sex reversal was also obtained in experiments in 
whic h adult sex hormones were administered to 
developing embryos. Results are quite variable ac- 
cording to the animal species and the hormone 
used. Examples of such experiments arc included 
in the table. 

Genital tract development. The sex duc ts be- 
come sexually specialized some time after the sex- 
ual differentiation of the sex glands. The male or 
female conditions develop from an indifferent con- 
dition which is identic al in both sexes in carlv 
stages. 

Indifferent stage. The gonads are already recog- 
nizable as ovaries or testes and are lo< ated on the 
anterior part of the mesonephros. The mesonephric 
or Wolffian duct is the ureter, and opens posteri- 
orly into the cloaca in lower vertebrates or into the 
urogenital sinus in mammals. Another duct, the ovi- 
duct or Mullerian duct, parallels the mesonephric 
duct. 

The oviduct arises from a funnel which opens 
into the coelomic cavitv. The blind end of this pri- 
mordium proliferates and extends progressively 
caudally. It was assumed at one time that the Mul- 
lerian duct was derived from the Wolffian duct by 
longitudinal division. Such an assumption seems to 
be valid onlv for selachians. 

In selachians and urodeles, the funnel from 
which the Mullerian duct originates corresponds to 
a pronephric nephrostome. the coelomic opening M 
the primitive urinary tubules. Because the proneph- 
ros is located near the neck of the larva, and be- 
cause the ostium of the oviduct retains this posi- 
tion, the oviducts open into an anterior part of the 
body cavity (see Fig, 8) . 



466 Reproductive system 



Fig. 6. Different types of uterus, resulting from a 
more or less complete fusion of the Mullerian ducts, 
(a) Uterus duplex (rat), (b) Uterus bicornis (mare), 
(c) Uterus simplex (human). 


Mullerian ducts 



Fig. 7. (a-c) Schematic interpretation of vaginal orga- 

nogenesis. 

In birds and mammals the origin of the oviduct 
from pronephric remnants is not clear, but it is ob- 
vious that the oviduct develops in the region of the 
nephric field. The earlv funnel is located on the top 
of the mesonephros and the ostia tubae open abo\e 
the ovaries. 

Differentiation of female genital tract. The 
Mullerian ducts differentiate into the female ducts. 
Depending upon the animal species, either a simple 
secretory oviduct (amphibians) or a more com- 
plicated structure develops from this simple uni- 
cellular layered duct. It is divided into several 
specialized sections involved in the secretion of al- 
bumen or shell as in selachians, reptiles, and birds. 
In those birds in which the female has only one 
functional ovary, only one oviduct develops (see 
Fig. 5). 

In mammals, the Mullerian ducts give rise to 
the oviduct, or tube, and the uterus. Usually the em- 
bryonic Mullerian ducts fuse posteriorly, but the 
extent of this fusion is variable. In man and mon- 
keys one single uterus is formed from the fused 
part of the ducts; the tubes correspond to the non- 
fused part. In rodents, the two Mullerian ducts fuse 
only in the upper vagina, and form two uterine 
horns and two tubes. In ruminants, an intermediary 
condition is realized in which the uterus is com- 
posed of an inferior stem and two horns which 
largely communicate. 

The posterior part of the mammalian female gen- 
ital tract is constituted by the vagina. The embry- 
ology of this organ displays great variability from 


one animal species to the other, and this makes an 
accurate interpretation difficult. 

In the undifferentiated stage, the Miillerian ducts 
terminate blindly at the wall of the urogenital 
sinus (or embryonic urethra), between the two 
Wolffian ducts which open into the urogenital si- 
nus. They may retain this primitive connection, as 
is the case in the rabbit (Fig. la), and the urogen- 
ital sinus then becomes a urethrovaginal duct. 

In other animals a cord of cells, the vaginal cord 
may detach from the dorsal wall of the urogenital 
sinus and grow progressively caudally below the 
end of the Miillerian parts (Fig. 7b). In the rat or 
the mouse this sinusary vagina finally opens inde- 
pendently of the definitive female urethra in a vag- 
inal opening (Fig. 7c). In other animals, such a* 
the mare, the vaginal cord remains connected with 
the posterior part of the urogenital sinus. The 
tibulum then remains as a common opening to both 
the vagina and urethra. 

Comparative embryologv of the vagina helps in 
understanding abnormalities of the human geniidl 
tract. Absence of the vagina and opening of the fe- 
male ducts into the urethra may result from the 
preservation of the primitive connections. 

The Wolffian or mesonephric duct of the fe- 
male embryo is never incorporated into the genital 
tract. In animals which keep their mesonephros 
a functional kidnev in adulthood (selachians and 
amphibians) the mesonephric duct i^mains as the 
ureter (Fig. 8). In female birds and mammals, the 
mesonephric duct disappears as well as the mesi,- 
nephros, leaving only some minor vestiges. 

Differentiation of male genital tract. The male 
sex duets are derived from the mesonephric oi 
Wolffian ducts. In selachians and amphibians the 
mesonephros remains the functional kidne>, and 
the mesonephric ducts function as pathways for 
urine as well as for sperm. Even in such aniniah 
however, the anterior part of the kidnev often be 
comes specialized as the sexual part. The poste- 
rior part of the kidney then produces urine, and 
several excretory tubes may bring this urine di 
rectly to the cloaca. In such cases the Wolffian 
duct of the male is onlv a genital canal as in the 
newt Triturus cristatus (Fig. 8). 

The Wolffian ducts of birds differentiate into an 
undulated vas deferens whereas in mammals the 
ducts differentiate into the epididymis at one end 
and the seminal vesicles at the other (Fig. 10). 

The Mullerian duct has no function in males, and 
as a rule it disappears. In some amphibians, sueh 
as newts and toads, the oviducts persist in a rudi- 
mentary condition (Fig. 8) ; they may be activated 
under appropriate hormonal stimulation in adult 
males. 

In male mammals the urogenital sinus become* 
the definitive male urethra. Several accessory 
glands, such as the prostatic glands, bud from 
and display great variations from one animal spe 
cies to another, but all open into the urethra. 

Copulatory organs. Copulatory organs are we 
developed in mammals and reptiles. In selachians 
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t f, e y are often a specialized part of the fins, the 
r | aS pers. As a rule no copulatory organ is present 
j n amphibians and birds; only a few male birds, 
<uch the duck, possess a penis. 

In mammals the copulatory organ develops from 
a n undifferentiated genital tubercle which is iden- 
tical in both the male and female embryos and lies 
a | )0 ve the opening of the urogenital sinus. The male 
p en i«; encloses the penile urethra and increases in 
.jze. whereas the homologous female clitoris re- 
mains more like the primitive tubercle. 

Hormonal control. The genital tract differenti- 
ates after sexual differentiation of the sex glands, 
and time relationships support the view that sex- 
ual specialization of the genital tract is controlled 
[a hormones produced by the developing sex 
glands. This has been experimentally supported by 
depriving embryos or young animals of their gon- 
kK It was established that in the gonadless body, 
the genital tract becomes identical whatever the 
genetic sex ol the individual. This means that in 
the absence of the sex glands, sexual dimorphism 
which is a characteristic feature of almost all ver- 
tebrate species does not appear. This identical, hor- 
moncless aspect of the body is known as the neu- 
tral loim. 

In the newt Triton cristatus , .1. de Beaumont 
1 193.1) noticed rhat the neutral form is more or 
less intej mediate between the male and female con- 
dition. but that there is a definite trend toward ac- 
quisition of masculine features such as a dorsal 
i rest, tloacal glands, and fusion of the urinary eol- 
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lecting tubules (Fig. 8). During normal sexual de- 
velopment of females the ovaries inhibit such 
masculine characters. 

In the duck embryo, castrated by a beam of 
x-rays. E. Wolff (1951) noticed an even more defi- 
nite masculine differentiation of such sex charac- 
ters as the penis or the voice organ. During normal 
sexual differentiation the embryonic ovary prevents 
such characters from becoming masculine. In addi- 
tion, the neutral aspect of the genital tract is also 
characterized by the presence of oviducts. These 
structures are normally absent in males where they 
are inhibited by the embryonic testicular hormone 
(Fig. 9). 

Finally in mammals, gonadless sexual organiza- 
tion lias been studied in rabbit fetuses which were 
surgically castrated in utero (A. Jost, 1947). It was 
found that the neutral condition is essentially femi- 
nine. This means that no embryonic gonad is nec- 
essary to produce the feminine sexual structures. 
In males, the testes prevent persistence and devel- 
opment of the female structures (tube and uterus) 
and impose masculinity on the whole genital ap- 
paratus ( Fig. JO ) . 

In agreement with such an experimental obser- 
vation. human beings in which gonads failed to 
develop (Turner’s syndrome) display complete 
feminine features, although secondary sex charac- 
ters remain infantile because of the absence of sex 
glands. 

It appears that in some vertebrates the neutral 
type is predominantly masculine (urodeles and 
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^9* 8. Drawings of the right half of the reproductive (c) "Neutral" condition of a castrated animal, (d) The 
system of the newt Triton ( Tritorus ) cristatus . (a) Un- differentiated female. (From J . de Beaumont, Wilhelm 
'^rentiated condition, (b) Differentiated male. Roux, Arch . Entwicklungsmech. Organ,, 129:120, 1933 ) 
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Fig. 9. Scheme of evolution of sex characters in the 
duck embryo: (a) male, ( b ) castrate, (c) female. First 
row, syrinx; second row, Mullerian ducts; third row, 
genital tubercle. Arrows symbolize inhibiting gonadal 
actions. (From E. Wolff , Compt. rend., 229:428 , 1949) 



Fig. 10. Sexual differentiation of the genital tract of 
the rabbit fetus: (a) undifferentiated condition, (b) fe- 
male, (c) castrate, (d) male. (From A. Jost, Mem. Soc. 
Endocrinol., in press ) 

birds) and in others feminine (mammals). Be- 
cause the homozygous sex is masculine in most of 
the urodeles and birds, and feminine in mammals, 
some correlation is suggested between the charac- 
ters of the neutral sex type and the type of genetic 
sex determination, but no definitive statement is yet 
possible. 

Extraneously administered sex hormones may in 
some instances completely reverse the sexual dif- 
ferentiation of the genital tract In amphibian lar- 
vae. Genetic males of the newt Pleurodeles waltlii , 
for instance, when adequately treated with estra- 
diol, may develop a complete female sex apparatus, 
behave as females, and lay eggs which may be fer- 
tilized by another normal male. 


Such a complete sex reversion has not yet been 
produced in higher vertebrates. In mammals, f 0r 
instance, androgenic sex hormones administered to 
the pregnant female may to a large extent mas- 
culinize the genital tract of the female young, but 
such animals keep their ovaries, tubes, and uteri 
in addition to masculine sex structures; they then 
become intersexes and definitely abnormal. The ex- 
traneously administered sex hormones do not e\. 
actly reproduce the effects of the fetal hormones 

I A.J.] 

COMPARATIVE ANATOMY 

Egg cells, or ova, and sperm cells, or spermato- 
zoa, are formed in the primary reproductive organs 
which are collectively known as gonads. Those of 
the male are called testes; those of the female are 
ovaries. Besides givftig rise to reproductive cells 
both ovaries and testes give off endocrine secre- 
tions. or sex hormones, which have a profound ef- 
fect in the development, maintenance, and function 
of the rest of the reproductive system. In both sext*** 
the structures used to transport the reproducer 
cells and which serve to bring the cells produced 
by the two sexes together, are known as the a<- 
cessorv sex organs. Secondary sex characters arc 
those which serve to distinguish the sexes hut aif 
not directly concerned with sex. See Hkpuomr 


TION, ANIMAL. 

Ovaries. A typical ovary is a solid* irregularis 
shaped structure indistinctly separated into an in- 
ner medulla and an outer cortex. The cortex con 
tains numbers of ovarian follicles in various stage** 
of development. An egg cell lies within each lol 
licle. After growing to a certain extent sonic foil] 
cles push to the surface of the ovary. Such follicle* 
either rupture, liberating the ovum into the coelom 
(ovulation), or the follicle and its contents drg<*n 
erate (atresiu). The size of the ovarian follic le de 
pends mostly upon the volume of the ovum cliara< 
teristic of the species. See Ovum. 

In certain fishes and in amphibians, snakes, and 
lizards, the ovaries are hollow, saccular struct me** 
The cavity within the teleost fish ovary is actually 
a closed-off portion of the body cavity into whnh 
ripe ova are shed. This is not true of the sacculai 
ovaries of other forms. 

Cyclostomes. The adult female lamprey has a sin- 
gle ovary, representing a fusion of two, which 
courses the length of the body cavity, suspended 
from the middorsal body wall by a single meso- 
varium. At the height of the breeding season it 
fills the greater part of the body cavity. The hagfish 
is hermaphroditic; the anterior part of the single 
gonad is ovarian and the posterior part testicular. 


Usually only one or the other region matures. 

Fishes . The ovaries of most fishes are paired, a * 
though in some cases they have fused into a sing jc 
organ. The large eggs of elasmobranchs are dis- 
charged from the anteriorly located ovaries *' 
rectly into the body cavity. In ovoviviparous el®^ 
mobranchs, following ovulation the ovarian follic 
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become transformed into corpora lutea, structures 
which presumably have an endocrine function. Per- 
itoneal folds form in connection with each ovar\ 
in teleosts. The anterior portion ends blindly but in 
most cases continuations of the folds at the poste- 
rs end form an oviduct which opens directly to 
the outside Ripe ova. sometimes numbered in the 
pillions, are discharged into the central ovarian 
c.ivit\, which is actually a part of the body cavity, 
and thence pass down the oviducts. 

imphibians. Although amphibian ovaries are 
secular structui es, ripe ova are liberated into the 
bud\ < avitv through their external walls The shape 
of the ovaries varies with the shape of the bod\ 
fhe\ are long and narrow in eaeeilians. elongated 
to a lesser degree in salamandeis. and short and 
mol c compact in frogs and toads Fat bodies aie 
ismh jated with amphibian ovaries. They serve for 
the storage of nutriment and undeigo profound 
, hanges during the yeai. A peculiar structure in 
the male toad, railed Bidder’s organ, ma\ undei 
ftrlain conditions develop into a true ovarv. 

Rt ptile s The saccular ovaries of snakes and li/- 
ird^ aie similar to those of amphibians and are in 
onliast to the solid ovaries of turtles and c roc o- 
dilians Tn snakes and li/ards they are elongated 
Iml not HvmmetTic alh disposed Onh the yolk of 
r* ptilian eggs is formed in the ovaries, and this 
npiesents the true ovum The si/o of the egg is 
in prnpoition to that of the animal In certain o\o- 
MMpamus snakes and li/aids, coipora lutea form 
Imm ruptuied follicles aftei ovulation These proh- 
ihlv sp(rete a hormone necessary for maintenance 
of pregnane y 

Rif (Is Although both ovaiies aie present duung 
trnhrvomr development in most birds fe\( ept inanv 
bud- of prey) the right ovary degenerates and 
»nl\ the left is functional A matuie ovum escapes 
from the ovanan follicle thiough a preformed, non- 
wisdjlai area on the surface which ruptures. In- 
crease in the number of hours of dav light stimu- 
lates ovarian ac tiv it v in many hiids. 

Mammal s The ovaries of mammals are located 

the lumbar or pelvic regions and are small in 
• ompaiison to the size of the body. The relationship 

the microscopic mammalian ovum to the ovarian 
follicle differs somewhat fiom conditions in other 
'ertebrates. Follicles in various stages of develop- 
ment are depicted in Fig. 11. At periodic irtf^rvals 
°ne o! more follicles grow to maturity, rupture, and 
hi. ‘rate their ova into the bodv cavity. In such ani- 
mals as the rabbit, cat, and ferret ovulation will 
not occur unless the animal copulates. Following 
filiation certain cells of the follicle undergo a 
transformation and the entire structure becomes a , 
mure or j ess 90 Jid body, the corpus luteum. If 
P rp gnancy does not occur the corpus luteum per- 
SK ts only for a short time. If pregnancy does ensue 
the corpus luteum persists throughout pregnancy. 
j n either case it ultimately degenerates. The corpus 
fo lp um is of primary importance as an endocrine 
stand secreting a hormone called progesterone. 



Fig 11. Section of portion of cortex of rat ovary, 
showing ovarian follicles in various stages of develop- 
ment. (From C K Weichert, Anatomy of the Chor - 
dates, 2d ed., McGraw-Hill , 1958) 

Oviducts. Oviducts, except m teleosts and a few 
other fishes, aie modifications of Mullerian ducts 
formed earlv during embryonic development. Al- 
though Mullerian duets also foim in the male they 
ordinarily degenerate except for a few vestigial 
remnants The oviduc t*- are usually differentiated 
into legions, and the posterior end expands to form 
a utei us 

C\( lost am ps Oviducts are lacking in cvclo- 
stonies Ova pass from the coelom through genital 
poles and out a urogenital papilla. 

Fishes Much diversity exists in regaid to the 
oviducts of fishes In some teleosts. and a few oth- 
eis, eggs esc ape [torn the body cavity through mod- 
ified abdominal pores. In elasmobranrhs the two 
Mullerian ducts mav fuse at their anterior ends so 
that onlv a single apeifuie, the ostium tubae. opens 
into the bodv cavity An enlarged shell gland is 
present in each oviduct. Some elasmobranrhs lay 
eggs, hut others aie ovovivi parous. The uteri open 
separately into the cloaca. The oviducts of most 
teleosts are short and are continuous with the cav- 
ities of the saccular ovaries. It is doubtful whether 
thev are tiue Mullerian ducts because they are 
formed in a diffeient manner. A cloaca is lacking 
in teleosts. and the oviducts open independently to 
the outside. The two oviducts often fuse at their 
lower ends and have a common opening. Most tel- 
eosts are oviparous but many are ovoviviparous. 
The young may even develop within the cavities of 
the ovaries but intrauterine development is more 
common. The size of the oviducts fluctuates mark- 
edly with the seasons. They are largest during thte 
breeding period. 

Amphibians. Oviducts in amphibians are paired, 
elongated tubes, each with an ostium situated well 
forward in the body cavitv. The posterior end of 
each oviduct is enlarged slightly to form a uterus 
which opens into the cloaca. In some toads the two 
oviducts unite before entering the cloaca by a com- 
mon orifice. Marked fluctuation in size of the ovi- 
ducts is apparent at different seasons (Fig. 12). 
The glandular lining secretes a clear gelatinous 
substance (jelly) which is deposited about each 
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Fig. 12. Cross section of oviduct of salamander, Eury- 
cea bislmeafa. (a) During breeding season, (b) After 
breeding season. (From C. K Weichert, Anatomy of 
the Chordates, 2d ed., McGraw-Hill , 1958) 

ovum as it passes down the oviduit. External fer- 
tilization is the general rule in frogs and toads but 
in salamanders, with few exceptions, internal fer- 
tilization takes place No copulatory organs are 
present in either case. A diverticulum of the sala- 
mander’s cloaca serves as a storage place for 
spermatozoa. The males deposit little packets of 
spermatozoa which are taken into the cloaca of the 
female by muscular movements of the eloacal lips. 
Internal fertilization occurs in caecilians 

Reptiles. The paired oviducts of reptiles open 
into the body cavitv through large, slitlike ostia 
Each oviduct is differentiated into regions which 
mediate different functions in forming the enve- 
lopes deposited about the ova prior to laying. The 
eggshell of oviparous reptiles is formed in the 
uterus Fertilization is always internal in reptiles. 
Most are oviparous but many snakes and lizards are 
ovoviviparous. 

Birds. The right oviduct usually degenerates in 
birds and only the left one is functional. Birds of 
prey are exceptions The egg enters the oviduct 
through the ostium, and passes through a glandular 
region, an isthmus, and a uterus. Albumen is depos- 
ited about the ovum in the glandular region; in- 
ner and outer shell membranes and more albumen 
are laid down m the isthmus; the hard limy shell 
is formed in the uterus. Fertilization is internal in 
birds, all of which are oviparous. 

Mammals Paired Mullerian ducts develop in all 
mammalian embryos. Each differentiates into an 
anterior, narrow Fallopian tube, and a posterior ex- 
panded uterus. In all except monotremes the uterus 
leads to a terminal vagina which serves for the re- 
ception of the penis of the male during copulation. 
Marsupials retain the primitive paired condition, 
the two vaginae opening into a common urogenital 
sinus. Placental mammals have a single vagina 
which represents a fusion of two. The uterine por- 
tions fuse to varying degrees, resulting in different 
types of uteri (Fig. 13). The simplex type found 
in apes and man represents the greatest degree of 
fusion. A small erectile organ, the clitoris, com- 
parable to the penis of the male, lies ventral to the 
vaginal orifice. It differs from the penis, however, 


in that it has no connection with the urethra 
cept in a few forms such as rats and mice. tx ’ 

Certain glands as well as remnants of the degen 
erated mesonephric kidney and Wolffian duct are 
associated with the female reproductive system 
The glands of Bartholin correspond to Cow per \ 
glands of the male, secreting a clear viscid fluid 
under sexual excitement. 

Testes. The typical testis is a compact organ 
which varies greatly in shape in different groups of 
vertebrates. In all but a few primitive forms each 
testis is composed of numbers of seminiferous 
ampullae or seminiferous tubules which connect hy 
means of ducts to the outside. Spermatozoa are 
formed within the tubules or ampullae. In addition 
to sperm production the testes of vertebrates are 
endocrine organs lyhich secrete a sex hormone, 
testosterone. The actual tissue which secretes tes 
tosterone has not been definitely determined m the 
lower classes. In mammals, groups of interstitial 
cells lying among the seminiferous tubules arc un 
doubtedly the endocrine elements. 

In seasonal breeders the size of the testes flut 
tuates with the seasons, being largest just before 
the breeding season. After this period they shrink 
to only a fraction of their formei size Each testis 
is suspended from the middorsal body wall b> a 
membrane, the mesorchium 

Cyclostomes The testis of the lampiev is a singlt 
organ representing fusion of two It i» attached to 
the middorsal body wall by a single rnesorchiuin 
Spermatozoa are discharged into the body favitv 
from which they escape through genital pores The 
hermaphroditic gonad of the hagfish has a1read\ 
been mentioned. 

Fishes. In elasmobranchs, the testes are rela 
tively small, paired structures located at the anP 




bicornuate simplex 

Fig. 1 3, Diagram illustrating degrees of fusion of the 
uterine portions of the Mullerian ducts in f° ur W e 
of mammalian uteri. ( From C. K. Weichert, Anato^Y 
of the Chordates, 2d ed., McGraw-Hill, 1958) 
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lor end of the body cavity. In most other fishes 
ieV are elongated and often lobulated. Ducts 
prve to transport spermatozoa to the outside. 
Amphibians. The testes of amphibians vary 
r e*itlv in shape. In caecilians, each is elongated 
n d resembles a string of beads. The enlargements 
on^ist of masses of seminiferous ampullae con- 
ned by a longitudinal collecting duct. In sala- 
nanders the testes are shorter and irregular m 
hape In frogs and toads they are small, oval, corn- 
et structures. Fat bodies are associated with the 
ronad 5 ? of male as well as female amphibians. 
Reptiles. Reptilian testes are usually round or 
>v3 | m shape. Seminiferous tubules are long and 
on v olu ted. In snakes and lizards one testis usually 
farther forward in the body cavity than the 
ther 

Birds The round or oval shape of the bird’s tes 
is is (haracteristic. In a few birds, such as the do- 
mestic fowl, the testes function throughout the year 
hut most birds are seasonal breeders. Increase in 
i he number of hours of daylight stimulates sperma- 
togenesis in certain birds and hence brings about 
Mnulai enlargement. 

Mammals In all mammals except monotremes 
tin oval shaped testes move from their plate of ori- 
gin lo the pelvic region wheie they may remain 
permanently or they may descend farther into a 
poinhlike scrotum. In many seasonal bleeders the 
Mes are located in the scrotum only during the 
hording period The scrotum serves as a tempera- 
ture regulator, providing an environment for the 
t '•tes several degrees below that of the body. This 
unis to he a lequirement for normal development 
»l spennato/oa In marsupials the scrotum lies an- 
tmoi to the penis but in others it is posterior to 
that oigan In seveial mammals a relation between 
hf number of hours of daylight and testicular ao- 
t v it v has been demonstrated. 

Male ducts. The ducts which in most veitebrates 
erve to transpoit spermato/oa to the outside of the 
bod\ aic the archinephric ducts or the Wolffian 
hits formed in connection with the opisthoncphric 
md meson ephric kidneys, respectively. Their origi- 
function is elimination of urinary wastes. In 
p rtain fishes and in amphibians modified kidney 
tubules are employed in carrying spermatozoa from 
’be testis to the archinephric duct which is then 
J lled the ductus deferens. The male ducts undergo 
profound changes in size in seasonal breeders 
H) Reproductive ducts are lacking in cyclo- 
‘ l ‘>rnes See Kidnly. 

Fishes A variety of conditions is encountered in 
rna ^ e fishes. In elasmobranchs the ductus deferens 
<0,,Nes along the ventral side of the opisthoneph- 
!J 0s In older individuals it is highly convoluted, 
be posterior end is dilated, forming a seminal 
v ^ ,( ^ The ducts of the two sides enter the cloaca 
* r °ngh a common urogenital sinus. Connection of 
i ^ Ps dn d archinephric duct is by means of modi- 
^ kidney tubules at the anterior end of the opis- 
lh °nephros. 
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Fig. 14 Cross section of ductus deferens of male sala- 
mander, Eury cea bishneata (a) From specimen cap- 
tured |ust prior to breeding season, (b) From specimen 
obtained several weeks after breeding season. (From 
C. K Weichert, Anatomy of the Chordates, 2d ed., 
McGraw-Hill , 1958) 

In most other fishes the kidney ducts serve only 
for the passage of urinary wastes. The sperm duct, 
which is not a true ductus deferens because it is 
formed in a different manner, usually is entirely in- 
dependent of the kidney duct, although the two 
may have a common opening to the outside. 

Amphibians The arrangement of the male ducts 
in amphibians rathei closely resembles that of elas- 
mohram h fishes In salamanders the ductus def- 
erens courses outside the lateral border of the 
kidney Small tubules from the testis jpin Bidder’s 
canal, a duct lying medial to the kidney. This in 
turns connects to the ductus deferens by means of 
modified kidney tubules. In frogs and toads both 
Bidder’s canal and the ductus deferens lie within 
the opisthonephrie kidney. The ductus deferens 
( archinephric duct ) opens into the cloaca. 

Reptiles. When the embryonic mesonephros de- 
generates in male reptiles, its duct (archinephric 
or Wolffian duct) persists as the male reproductive 
duct The portion near the testis connects with 
that organ by means of a few persistent mesoneph- 
ric tubules This end becomes highly convoluted, 
forming the epididymis. The remainder is the 
ductus deferens which in snakes and lizards joins 
the ureter of the metanephros before entering the 
''Inara. In turtles and crocodilians these ducts open 
at the proximal end of a groove which carries sper- 
matozoa to the free end of the penis. 

Birds . The reproductive ducts of birds are essen- 
tially similar to those of reptiles but open inde- 
pendently into the cloaca. In the few birds possess- 
ing a penis, a groove on the upper surface carries 
spermatozoa to the apex. 

Mammals. A few persistent mesonephric tubules 
connect the seminiferous tubules of the testes to a 
compactly coiled epididymis which is continuous 
with the ductus deferens. In those having scrotal 
testes the ductus deferens enters the body cavity, 
crosses in front of the ureter, loops over that struc- 
ture, and then courses posteriorly for a short dis- 
tance before joining the urethra (Fig. 15). In sev- 


472 Reproductive system 

eral mammals the ductus deferens is enlarged at 
its posterior end. A glandular seminal vesicle, 
which contributes to the seminal fluid, often con- 
nects to the ductus deferens near its junction with 
the urethra. Seminal vesicles are absent in mono- 
tremes, marsupials, carnivores, and whales. The 
urethra coming from the bladder extends the length 
of the penis. Accessory glands associated with the 
urethra include the prostate gland, which con- 
tributes to the seminal fluid: Cowper’s glands, 
which secrete a clear viscid fluid during sexual ex- 
citement; and the small mucus-secreting urethral 
glands. A few vestigial remnants of the mesoneph- 
ros may persist in males in close relation to the re- 
productive system. Persistent portions of the Mul- 
lerian ducts are also often present. 

Copulatory organs. Although external fertiliza- 
tion occurs in many lower aquatic vertebrates, in- 
ternal fertilization is the rule in terrestrial forms 
and even occurs in numerous aquatic species Cop- 
ulatory organs are usuall> employed to deposit 
spermatozoa, suspended in seminal fluid, within the 
repioductive tiact of the female See Copuiaiory 
organ. 

Fishes. In those fishes having internal fertiliza- 
tion, the copulatory organs are modifications of 


the pelvic fins (elasmobranchs) or anal fins (tele 
osts). 

Amphibians . Although internal fertilization or 
curs in most salamanders, copulatory organs arp 
lacking. By muscular action of the cloacal lips q 1P 
female is able to pick up packets of spermatozoa 
deposited by the males. The eversible cloaca of 
some caecilians may be used as a sort of copu| d 
tory organ. 

Reptiles. Sphenodon is the only reptile lacking 
copulatory organs. In others, two types of stiurtun 
are recognized. Snakes and lizaids employ paired 
hemipenes which are saolike structures, devoid of 
erectile tissue, lying under the skin adjacent to th* 
cloaca. They are not comparable to the single peni 
of turtles and crocodilians which is basically mmi 
lar to that of mammals, and which becomes di*. 
tended with blood during sexual excitement 

Birds Most birds copulate by cloacal apposition 
A penis is present only in ducks, geese, swans and 
ostriches. It is similai to the oigan of tin tic s 
( rocodilians. and mammals. 

Mammals. In monotremes the single penis lies o n 
the floor of the cloaca, from which it rnav lx 
everted In most mammals there is a tendenn lot 
the penis to be directed forward It is situated 
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Fig. 15. Urogenital system of the human male. (From 
C K Weichert, Anatomy of the Chordatos, 2d ed., 
McGraw-Hill, 1958) 



along the raidline of the abdomen, usually in a hor- 
i/ontal position. In most forms it lies within a 
.heath from which it may be protruded and re- 
tracted. In primates it is permanently exserted. The 
distal end of the penis, or glans, is covered by a 
fold of integument, the foreskin. There are many 
^nations in shape and structure of the glans 

[r.K.wl 

HISTOLOGY 

Male reproductive system. The male system 
,niliide^ the testes, scrotum, excretory ducts, aux- 
iIjji\ glands, and penis. 

fates The testes have two main products: sper- 
m Uo 7 oa or spermia, and androgen, or male sex 
hormone Testicular function is governed in part hv 
the action of hypophyseal gonadotrophins, or pro- 
rnu hormones produc ed hv the anterior lobe of 
ihr Inpophysis eerebii (pituitary gland), and by 
the cooling action of the scrotum The testes have 
twi important structural elements, the contorted 
nninifeious tubules and the interstitial cells which 
iri situated between the tubules The contorted 
nnimfeious tubules have two kinds of cells, nil- 
tiicnf cells which also serve as supporting cells 
the cells of Seitoli). and sex cells which develop 
into spermatozoa by a proc ess known as sperrnato 
r cnesis I he first phase of spermatogenesis, called 
itmufoc \togenesis, imoixes cell division and 
tmctural changes and \ields spermatids which 
Invc one half the number of chromosomes found in 
mult i< cells, the early sex cells, or spermato- 
jmid become spermatids by passing through two 
intermediate stages, namely, primary spermato- 
\tcs and secondary spermatocytes In the second 
I base of spermatogenesis, railed spermiogenesis, 
the- spernuitids do not divide, instead, they undergo 
n iturat ion and become spermatozoa. The intersti- 
tul (dls of the testis are seemingly modified con- 
nective ’issue cells The> resemble epithelial cells 
oid heme are correctly designated epithelioid 
According to experimental observations they 
I'loclme androgen, or male sex hormone, which 
dinnicdllv is a steroid compound, probably testos- 
,er< »ne See SPFRMArOGt NtSIS 
Stratum The scrotum, a pouch which contains 
the testes and spermatic sac, consists of skin, 
^nicmtli muscle, and connective tissue The scrotal 
w lun m ric’h m sweat glands; hence it acts as a 
tlierinoregulator for the testes. The human •scrotal 
lf *npf rat ure is about 7C° lower than that of the 
>minal cavity. The smooth muscle is a “skin 
lc” called the dartos tunic; its relaxation 
^ r »glhens the scrotum and promotes loss of heat 
whereas its contraction shortens the scrotum and 
rf duces loss of heat. See Sweat gi.and; Thermo- 

Rh * 1 M ION. 

kxrrrtory ducts. The excretory ducts which con- 
Vp Y spermatozoa from the contorted seminiferous 
glades to the urethra are either intratesticular 
tl, huli seminiferi recti and rete testis) or extra- 
! esr, cular (epididymis, ductus deferens, and ejacu- 
alor y duct). Spermatozoa first pass from the 


Reproductive system 473 

contorted seminiferous tubules into the tubuli semi- 
niferi recti, or straight seminiferous tubules, and 
then into the rete testis which is a system of con- 
nected spaces lined by epithelium and which is 
situated in the testicular partition, or mediastinum 
testis. Next the spermatozoa enter the epididymis, 
a tubular structure consisting of head, body, and 
tail. The head of the epididymis has 12 or more 
efferent ductules (ductuli efferentes testis), the 
epithelium of which hears cilia, or little hairlike 
projections, which assist in moving sperm into the 
coiled part of the epididvmis. The body and tail of 
the epididymis constitute the ductus epididymidis, 
a coiled tube which, when uncoiled, is about 15-20 
ft long The ductus deferens (vas deferens), a part 
of the spermatic cord, is a tube in which convolu- 
tions are mostly in its upper part. In total length, 
when uncoiled, is about 18 in Its lower end is di- 
lated to form the ampulla ductus deferentis. The 
ductus deferens terminates by opening into a short 
duct, the ejaculatory duct, which, m turn “pierces” 
the prostate* gland and opens into the prostatic part 
of the urethra. 

Auxiliary glands The auxiliary glands include 
two seminal vesicles, one prostate, and two bulho- 
uiethral glands Their secretions together with 
spermatozoa and the small amount of secretion 
from the excretory ducts constitute the semen. In 
man, one ejection of semen, called ejaculation, has 
a volume of .1 5 ml, and each milliliter contains 
about 60,000.000 spermatozoa. The seminal vesi- 
cles, named in accordance with the erioneous belief 
that they are receptacles for spermatozoa (after 
death, sperm may he found in the vesicles), are 
hollow glands which lie along the back wall of the 
prostate They are about 2 in in length and devel- 
opmentally, eac h gland is an outgrowth of the am- 
pulla of the ductus deferens The right and left 
seminal vesicles open into the prostatic urethra via 
the ejaculatory ducts The prostate is a solid gland 
which surrounds the urethra (prostatic urethra) at 
its origin from the urinary bladder. It is about 
1 W± in in diameter, and has seveial small ducts 
which open individuals into the prostatic urethra 
The bulbourethral glands, or glands of Cowper, are 
about V} m in diameter. Each opens into the ure- 
thra at a site slightly below the prostate. 

In such species as the rat, guinea pig, and rhesus 
monkey, the mixture of the secretions from the aux- 
iliary glands coagulates, as in the case of ejacu 
lated semen. In the mating of rats and guinea pigs, 
the coagulated semen produces the vaginal plug 
which temporarily partly occludes the vagina of the 
female partner 

Penis. The penis, or male organ of copulation, 
consists of two roots attached to bone (crura pe- 
nis), a body (corpus penis), and a conical tip 
(glans penis). The corpus has three cylinders of 
erectile tissue: right and left cavernous bodies 
(corpora cavernosa penis) and the unpaired cav- 
ernous, or penile, portion of the urethra (corpus 
spongiosum penis). The erectile tissue is composed 
of a spongelike system of blood sinuses (spaces) 
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which are situated between afferent arteries and 
efferent veins. In erection, these sinuses are filled 
with blood under pressure, thus leading to the en- 
largement and rigidity of the penis. 

Female reproductive system. The female sys- 
tem includes the ovaries, uterine tubes, uterus, va- 
gina, and external genitalia. 

Ovary. The ovary (ovarium), or egg producer, is 
largely covered by peritoneum ; it has follicles with 
egg (ells (ova), a stroma of connective tissue, and, 
in maturity, corpora lutea. 

Young ovarian follicles either develop into ma- 
ture follicles or degenerate (follicular atresia) A 
primary follicle is a spherical object consisting of 
a central ovum surrounded by a layer of follicular 
cells. A growing follicle has several layers of fol- 
licular cells, or granulosa cells (stratum granulo- 
sum), and a surrounding capsule of connective 
tissue, the theca folliculi. Older, growing follicles 
acquire vesicles bv cavitation of the stratum granu- 
losum, and are called vesicular follicles (folliculi 
ovarici vesiculosi). A mature follicle, or Graafian 
follicle, has a large cavitv filled with follicular 
fluid. It bulges the surface of the ovary, and its 
ovum is in the center of a hillock of granulosa 
cells, the so-called cumulus oophorus. The ovarian 
folli< les produce estrogen, one of the female sex 
hormones. 

Rupture of the Graafian follicle is tailed ovula- 
tion In this process, the supeifkial portion of the 
follicular wall on the surface of the ovary becomes 
thin and then ruptures. The ovum enters the peri- 
toneal cavitv with the follicular fluid which flows 
over the surface of the ovary. The recently shed 
ovum k surrounded by a crown of granulosa cells, 
the < orona radiata. 

Maturation of the oium. The process of the ori- 
gin. growth, and formation of the ovum in its j>rep- 
aration for fertilization is known as oogenesis The 
young sex cell is an oogonium Giowth produces 
the primary oocyte; only the beginning of the first 
maturation division occurs before ovulation. After 
ovulation, the primary oocyte divides to produce 
two unequal elements; a secondary oocyte and a 
smaller body, the first polar body Then the sec- 
ondary oocvte divides to yield the mature ovum 
(rarely called ootid) and the second polar body. 
The mature ovum has the haploid number of chro- 
mosomes. the two polar bodies eventually disinte- 
grate. See Oog*nfsis. 

Corpus luteum. The corpus luteum is a yellow 
endocrine body which originates at the site of a 
ruptured Graafian follicle and which produces pro- 
gesterone, one of the female sex hormones. It origi- 
nates by the metamorphosis of granulosa cells 
and thecal cells into lutein cells which are epithe- 
lioid. The corpus luteum of ovulation persists 
about 14 days, whereas the corpus luteum of preg- 
nancy lasts several months. The degeneration of a 
corpus luteum produces a white, fibrous scar in 
the ovary, the corpus albicans. 

Fallopian tube . The human uterine tube, or 
Fallopian tube, is a muscular structure about Vi in. 


long, and has three regional subdivisions: a fun 
nel-like upper part, the infundibulum (infundibu. 
lum tubae uterinae) ; a dilated part below the m 
fundibulum, the ampulla; and a constricted parr 
near the uterine junction, the isthmus. The tnnuth 
of the tube, or ostium, communicates with the pen 
toneal cavity, and is guarded by a fringe, the hm 
briae tubae. The tube is the site where fertilization 
of the ovum occurs. 

Uterus. The uterus in man has two portions, the 
corpus, 01 body, and (ervix, or neck. Between these 
parts is a transverse constriction, the isthmus uteri 
The uterus is covered in part by peiitoneum. It ha^ 
an outer layer of smooth muscle, the myometrium 
and an inner layer of connective tissue and epj 
thelium. the endometrium. The endometrium is a 
mucous membrane, the mucosa, and the thickness 
of the endometrium varies during the menstmal 
cycle. 

Vagina. The musculornembranous organ situate d 
between the cervix uteri and the external genitalia 
is the vagina During copulation, it ensheathes tin 
penis. Ventrally and dorsally, the anterioi ami pos 
terior fornkes, respectively, overlap the utenm 
cervix. In youth, the lower end of the \agina js 
constricted a hit by a membranous shelf of mmosi 
the hymen vaginae. 

External genitalia The external genftalia include 
the clitoris, vestibule of the vulva (fossa vestihuli 
vaginae), paired lips of the vulva (labium main 
pudendi and labium minus pudendi), and a pair ol 
small vestibular glands (glandulae vestibuhrc* 
minores). The clitoiis is an erectile organ which i* 
the homolog of the penis in the male It differ 
from the penis m that it does not include th* im 
thra The large lips of the vulva are essenmlh 
folds of skin, whereas the small lips are covered 
with a mucous membrane. The vestibular gland* 
secrete mucus, and, in c ases of gonorrhea, mav he 
come inflamed and then form large cysts. 1 1 T w | 


PHYSIOLOGY 

Reproduction. The physiological process In 
which a living being gives rise to another of it 1 ' 
kind is considered one of the outstanding ch«n«o 
teristics of plants and animals. It is one of the two 
great drives of all animals: self-preservation ano 
racial perpetuation. In contrast to other phvsiolog 
ical processes, reproduction in vertebrates can be 
achieved only by two individuals, the male and the 
female. Each produces germ cells called gamete* 
The male produces spermatozoa and the female ova 
which cairy the physical materials (genes) in the 
chromosomes for the transmission of inherit? 
characters. No matter how discrepant the P a, * in? 
gametes may be in size and in form, they contribute 
the same number of chromosomes. Although repr° 
ductive devices are quite different from one *P cc,e ^ 
to another, all serve one end, the bringing l°£ e * c 
of the spermatozoon and the ovum, each contain* 11 - 
half the number of chromosomes of the P aren ^ 
After their union (fertilization) the fertilize® ° v ^ , 
resumes the number of chromosomes of its race 



then divides, differentiates, grows, and develops 
into an individual either outside the mother (ovi- 
purity) or inside the mother (viviparity). The ob- 
vious advantage in bisexual reproduction lies in the 
fact that young produced from the mingled genes 
of two ancestral lines will be unlike either parent, 
representing different combinations of ancestral 
traits with great variations for the survival of the 
fittest. Reproduction is influenced or inhibited by 
environmental and nutritional factors as well as by 
all the other physiological activities hut it is con- 
trolled predominantly by the endocrine system and 
mediated at least in part bv the nervous system. 
See Ff.riili7aiion. 

Breeding season. The season when animals per- 
form their reproductive functions is known as the 
breeding season. This sexual periodicity is a gen- 
( rdl phenomenon common to plants and animals. 
In general, sexual periodicity is predominant in 
lower vertebrates, hut all birds and wild mammals 
are seasonal breeders. As nutritional and environ- 
mental conditions improve, the reproductive sedson 
i*. not so restricted; cattle, the domestic rabbit, and 
man all illustrate this fact ; nevertheless their fer- 
nlif\ is higher in spring than in winter. Males of 
many mammalian species are capable of copula- 
tion at anv time and rarelv experience a true sex- 
ual period su< h as rut in the deei In mice and 
rats, testes do not descend to the scrotum until 
puberty and in certain other rodents they descend 
onl\ during the breeding season. Most vertebrates 
breed only in spring or summer at the time when 
food, temperature and light are optimal; thev are 
in the best physiological condition for reproduc- 
tion and their offspring have the best chance of 
survival 

All environmental factors play a part, but an in- 
crease of temperature for lower vertebrates and an 
increase or decrease of daylight for mammals play 
d maior role in determining their breeding seasons. 
For instance, most fish and amphibians breed when 
temperature increases. The mink and horse breed 
the time of increase of daylight, in the spring, 
and their respective offspring are born in the sum- 
mer. or in the spring of the following year. The 
armadillo, deer, goat, and sheep breed at £he de- 
crease of daylight in the autumn and fheir off- 
ering are horn the next spring. Transportation of 
sheep from the Northern to the Southern Hemi- 
sphere changes their breeding season to accord 
Mth the seasons of the new environment. The testes 
the cottontail rabbit return to a completely im- 
mature condition in the fall and their germ cells 
arp all of the spermatogonia type. In late Novem- 
b er < the tesStes begin to grow; in early spring they 
rea ch 50-100 times their weight in the inactive 
sta ge and the growth of accessory glands follows 
j lat .°* te8tes * Although artificial increase of 
flight brings wild rabbits and ferrets into breed- 
!!* K condition in midwinter, permanent short-day 
Wing d oes not entirely prevent breeding in the 
j"pnng. Furthermore, artificial increase of daylight 
as so far failed to show any definite effect in ad- 
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vanning the breeding season of the domestic rabbit, 
guinea pig, hedgehog, or ground squirrel. 

Among fishes the duration of the breeding sea- 
son varies considerably according to the group to 
which they belong and the location where they live. 
The ova of the elasmobranchs are deposited singly 
or in pairs at varying intervals throughout a great 
part of the year hut some species appear to have 
regular recurrent breeding seasons. Most bony fish, 
producing millions of ova, breed only in the spring, 
and most of them migrate to a suitable locality for 
the deposition of their gametes. In the frog and 
many other amphibians the ova are produced dur- 
ing the winter hibernation when the animals eat 
very little. Similarly, the genital organs of salmon 
develop during migration when the fish cease to 
feed. The spermatogenesis of the amphibian Ranct 
temporaria is determined by the gonadotropic ac- 
tivity of the pituitarv and by the sensitivity of the 
germinal epithelium to gonadotropin during the 
spring; this activity and sensitivity are influenced 
by temperature rather than light. In the autumn 
and winter their testes are not sensitive to gonado- 
tropin under natural conditions. Reptiles which 
hibernate usuallv begin to breed shortly after the 
beginning of the warm weather that terminates the 
hibernating period Spring and summer are the sea- 
sons when most birds pair, build their nests, and 
incubate their eggs. The migration of some birds 
is invariably associated with an increase in the size 
of ovaries and testes. 

Estrus and menstrual cycles. The cyclic 
changes of reproductive activities in mammalian fe- 
males arc known as estrus or menstrual cycles. 
Only at estrus (heat) will most mammalian females 
accept males. The follicles in the ovaries grow at 
a rather constant rate before estrus. Just before or 
at estrus the follic les grow rapidly, resulting in a 
higher output of estrogen, a female hormone. At 
the end of estrus the follicle ruptures and releases 
the ovum (ovulation). The follicle is transformed 
into the corpus luteunri, a glandular tissue which 
produces another female hormone, progesterone. If 
fertilization occurs the corpus luteum persists dur- 
ing all or most of the gestation period according to 
the species. Without mating or fertilization the 
corpus luteum persists for a relatively short time 
and then degenerates. The growth of the next crop 
of follicles begins again. 

Estrus. Estrus in mammals can occur several 
times in one breeding season; the mare, ewe, and 
rat come to estrus every 21, 16, and 5 days respec- 
tively if breeding does not take place. This condi- 
tion is called polyestrus. The bitch is monestrous; 
she has only one heat, or estrus, to the breeching 
season and if not served then she does not come 
into heat again for a prolonged interval, 4-6 
months according to different breeds. The dura- 
tion of estrus varies according to the species, such 
as 4-9 days in the mare, 13 hours in the cow, and 
14 hours in the rat. In the ferret, estrus is shown 
by predominant swelling of the vulva and lasts sev- 
eral weeks unless copulation takes place. 
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In monestrous and seasonally polyestrous species 
the period of sexual quiescence between seasons is 
called anestrus. In sheep and deer this occurs in 
the summer, while in the ferret and mink it is re- 
stricted to the winter. Proestrus denotes a short pe- 
riod at the time of coming in heat. It is very 
marked in the bitch; the genital organs swell and 
become congested, and there is bleeding from the 
uterus. Following estrus, the ensuing period in 
which sexual activity declines is called metestrus. 
After metestrus a relatively longer period of di- 
estrus occurs before proestrus recurs. By examin- 
ing the cellular contents of vaginal smears C. Stoek- 
ard and G. Papanicolaou demonstrated that all 
these phases can be determined in the guinea pig 
and rat. In other animals, cow, mare, and pig, for 
instance, the determination of estrus by smear is 
not accurate. Most females ovulate spontaneously, 
and shed their ova at the end of estrus: about 2-4 
days before the end of estrus in the mare. 13 hours 
after the end of estrus in the cow, 10 hours after 
the beginning of estrus in the rat. Some animals 
such as the rabbit, ferret, and cat ovulate follow- 
ing the stimulation of copulation. If fertilization 
takes place, pregnancy occurs. If mating is unsuc- 
cessful, pseudopregnancy, a physiological condi- 
tion very similar to pregnancy but which lasts a 
relatively short period, mav occur in some species, 
particularly the dog and the rabbit. See Estrus. 

Menstruation. The reproductive cycle of the fe- 
male in the primate and human is well marked by 
menstruation, the period of blood flow. Menstrua- 
tion does not correspond to estrus but occurs be- 
tween the periods of ovulation at the time the cor- 
pus luteum declines precipitously. As a result of 
the collapse of the superficial capillaries in the en- 
dometrium. blood is extravasated in quantity and 
about two-thirds of the endometrium is desqua- 
mated, or shed. After menstruation there is a period 
in which the uterus is replenished under the influ- 
ence of estrogens by the growth of the epithelium 
and its capillaries. This is known as the stage of 
proliferation and is equivalent to proestrus and 
estrus in other mammals. It is accompanied by 
growth of the vaginal epithelium and some corni- 
fication but these changes are gradual and are not 
as well defined as in many other mammals. The 
Graafian follicle ruptures near the midcycle, about 
IS days before the beginning of the next menstrua- 
tion. Ovulation is spontaneous and is followed by 
the formation of the corpus luteum which causes 
great glandular growth of the uterus. This is called 
the progestational phase and is equivalent to di- 
estrus in other mammals. In New .World monkeys, 
menstruation is confined to the appearance in the 
vaginal lavage of a few red blood cells. Tissue de- 
struction and hemorrhage in the uterus of the ele- 
phant shrew, Elephant ulus, of South Africa at the 
end of diestrus has been described, hut the bleed- 
ing at proestrus in the hitch, at metestrus in the 
heifer 14 hours after ovulation, and at metestrus 
occasionally in the guinea pig is due to intensive 
congestion of blood vessels in the uterus or in the 


upper part of the vagina and is not true menstrua- 
tion. 

Mating. Mating, also called copulation or coitus 
is the synchronized bodily activity of the two sexes 
which enables them to deposit their gametes in 
close contact. It is essential for successful fertiliza- 
tion because sperm and ovum have a very limited 
life span; as examples the fertilizing capacity of 
trout and salmon sperm lasts about 30 sec in fresh 
water, that of rabbit sperm about 30 hours in the 
female tract. The trout and frog ova become non- 
fertilizable soon after contact with water whereas 
the rabbit ova remain fertilizable for 6-8 hours 
after ovulation. Mating behavior is a very common 
reaction in the animal kingdom. Even in the primi- 
tive vertebrate, the lamprey, some sort of mating 
takes place. The female is seized by the male who 
winds his tail around her and discharges his sperm 
over the ova as they extrude from her bodv. In 
the dogfish, which practices internal fertilization, 
contact between male and female is necessary for 
the claspers of the male to convey his sperm into 
the cloaca of the female. In the majority of the 
bony fish physical contact may be slight, yet the 
male follows the female closely or presses his borl\ 
to hers and deposits his sperm over the ova either 
soon after they are laid or at the same time. Cer- 
tain salamanders walk slowlv ahead of The female 
and deposit spermatophores which the female 
straddles and secures with the lips of her cloaca 
In other low vertebrates a rudimentary penis exists 
either as a single intracloaeal organ (crocodile, 
turtle, and duck) or as a paired structure placed 
behind the cloaca (snake and lizard) and sperm i" 
deposited into the female’s cloaca at mating. In 
mammals the copulatory organs are well developed, 
varying a great deal in structure. Patterns of mat- 
ing arc different; the time required for mating var- 
ies from 3 hours (ferret) to a few seconds (sheep 
and rabbit ) , and the number of intromissions varies 
from 1 (bull) to SO (hamster). 

Mating in many birds and cold-blooded verte- 
brates is the culminating event of a more or le^ 
complicated series of love antics. It is quite prob- 
able that these sexual displays have a direct beat- 
ing upon ovulation and that in many species ovula- 
tion would not occur in the absence of such sexual 
experiences. Sexual excitement and violent ph>sj- 
cal exertions of both partners may also be essential 
for a fertile mating. 

Endocrine function in reproduction. Glandu- 
lar tissues which secrete certain substances (hor- 
mones) important to the growth, metabolism, or 
various physiological activities of other tissues or 
organs compose the endocrine system. The phvsio* 
logical activity of the reproductive system is P r J 
dominantly controlled by the endocrine gland* 
and their respective hormones. . 

Pituitary hormones. The pituitary gland situate 
underneath the hypothalamus of the brain produce* 
in its anterior lobe several stimulating hormones 
Among these are gonadotropic hormones; typi c0 
muco proteins biochemically, they ate of great »tn 



portance in animal reproduction. There are two 
principal components of gonadotropic hormones: 
(1) the follicular stimulation hormone (FSH) 
which induces growth of follicles in the ovary of the 
female and spermatogenesis in the seminiferous tu- 
bules of the testes; (2) the lutenizing hormone 
(1,H) which added to FSH causes the final growth 
and maturation of the large ovarian follicles lead- 
ing to ovulation and the formation of corpora lutea. 

I H also stimulates the activity of the interstitial 
cells of the testis to produce the male hormone, 
androgen; hence it is also called the interstitial 
, ells stimulation hormone (1CSH). 

There are other pituitary hormones which are 
closely related to reproduction; lactogens, or pro- 
lactin, galactin, and mammotropin, from the ante- 
rior lobe are essential to the secretion of milk by 
ihe crop glands of pigeons and by the mammarv 
glands of mammals. The luteotropic factor of lac- 
togen^ maintains the corpus luteum and stimu- 
lates its production of progesterone. Oxytocin se- 
r reted by the posterior lobe of the pituitary is 
important to parturition and let-down of milk. 

Androgens. The male hormone, androgen, is pro- 
duced by the interstitial cells of the testis. Testos- 
terone, produced by these cells, is the most active 
andiogen. W. Nelson and C. Heller believe that the 
presence of refractile granules in interstitial cells 
is closely related to hormonal activity. On the 
other hand, C. Ilooker found considerable cytoplas- 
mic granulation in bulls’ testes at a time when their 
indrogenic content was low. Testosterone is rapidly 
metabolized hv the body tissue, especially by the 
liver, and is destroyed or excreted in the less ac- 
tive form of androsterone and other ketosteroids 
ind i elated compounds. The androgens stimulate 
the differentiation of male reproductive ducts at 
the embryonic stage and the growth of male acccs- 
glands such as the seminal vesicles and the 
prostate gland. Secondary sex characters (physical 
(hanges after puberty) and mating behavior also 
depend upon the action of this hormone. The in- 
hibition of spermatogenesis in animals and in man, 
however, occurs as a result of excessive dosage of 
androgen due to action on anterior pituitary. 

\ndrogens are also produced by organs other 
than the testes. Implantation of adrenal tissife in 
voung cocks results in precocious development of 
'nale sex characters and behavior; castration of 
Vft ung rats does not result in atrophy of accessory 
genital structures for many days unless there is 
'muiltaneous adrenalectomy. Male accessory re- 
productive structures have been maintained in 
Ml functional activity in castrated specimens by 
grafted ovarian tissue. See Androgen. 

Estrogens. The growing ovarian follicles also 
Produce a steroid hormone known as estradiol, one 

the estrogens, which induces the enlargement 
an d histological differentiation of the secondary sex 
° r feans, especially the uterus and the vagina. The 
er dargcment of follicles increases the output of 
es trogen. thereby causing estrus. Estrogens are 
produced by the testes of males. The tissue 
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with the highest known concentration of estrogens 
is the testis of the stallion, from which estrone has 
been isolated. Another female hormone, also a 
steroid, is progesterone, produced by the corpus 
luteum. It has the effect of inducing progestational 
differentiation of the endometrium for the develop- 
ment and implantation of the early embryo and the 
maintenance of pregnancy. The presence of cor- 
pora lutea, at least among the higher vertebrates, 
appears to be associated with viviparity. Corpora 
lutea, however, are present in the ovaries of certain 
elasmobranchs and reptiles, but they are absent in 
amphibians and their existence in birds is doubtful. 
These luteal structures when present in lower verte- 
brates are not invariably associated with viviparity. 
It is believed that another hormone, relaxin, a wa- 
ter-soluble ovarian extract which increases in the 
blond as pregnancy progresses, is important to 
parturition. It relaxes the pubic symphysis and 
the cervix, and inhibits uterine motility. See Es- 
IROGKN. 

General hormonal control . It can be realized 
from the above account that the formation of 
gametes (spermatogenesis and ovagenesis) is con- 
trolled bv anterior pituitary hormones. The differ- 
entiation of male and female reproductive tracts 
is influenced, and mating behavior and estrus cycles 
are controlled, bv male or female hormones. The 
occurrence of the hreeding season is mainlv de- 
pendent upon the activity of the anterior lobe of 
the pituitary which is influenced through the nerv- 
ous system by external factors, such as light and 
temperature. The transportation of ova from the 
ovary to the Fallopian tube and their subsequent 
transportation, development, and implantation in 
the uterus are controlled by a balanced ratio be- 
tween estrogen and progesterone. Furthermore, it 
is known that estrogens, androgens, and proges- 
terone all have the effect of inhibiting the produc- 
tion or the secretion, or both, of gonadotropic 
hormones, thereby causing the cyclic changes of 
reproductive activity among different animals. 

Mammary glands are essential for the nursing of 
^oung. Their growth, production, and secretion of 
milk, and in fact the whole process of lactation are 
controlled by pituitary hormones as well as by es- 
trogen and progesterone. Other glands and physio- 
logical activities also influence lactation. 

Fish. Endocrinology in relation to reproduction 
is better investigated in mammals than in other 
vertebrates; however, a few scattered features 
among vertebrates should be briefly mentioned. 
In the smooth dogfish, Mustelus ranis , ovulation 
requires at least several hours and perhaps days. 
About 16-20 ova are released from the ovary, one 
at a time. Hypophysectomy prevents ovulation or 
interrupts it once it is started but pituitary im- 
plants reinitiate it. Seasonal variation in the his- 
tology of the pituitary correlated with the annual 
breeding period of teleost fish has been reported, 
and cells responsible for the production of gonado- 
tropins have been located in the middle glandular 
area of the anterior lobe of the pituitary. Prema- 
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ture spawning has been induced in several species 
of fish by injection of fresh pituitary extracts, and 
hypophysectomy in the killifish, Fund ulus , is fol- 
lowed by regressive changes in the ovaries and 
testes. Cells similar in origin and appearance to 
mammalian luteal cells have been observed follow- 
ing the ovulation and hypertrophy of cells of rup- 
tured follicles in some viviparous fish. In an 
oviparous fish, Rhodeus , these cells produce a pro- 
gesteronelike hormone, oviducin, which is responsi- 
ble for the development of the ovipositor. Extracts 
of fish ovaries produce a progestational effect in 
mammals and a small amount of estrogenic mate- 
rial. The chemical nature of the testicular hormone 
of fish has not been established but it is reason- 
ably certain that at least some fish produce andro- 
gens. 

Amphibians and reptiles. Hypophysectomy in- 
terrupts the sexual cycle and spermatogenesis of 
frogs and induces degenerative changes of the 
ovary within a few weeks in the Ambly stoma. Fe- 
male frogs and toads may be induced to ovulate at 
any time of the vear, except immediately after an 
egg-laying period, by injection of macerated ante- 
rior pituitarv. Preparations of pituitaries from 
females are about twice as effective as those from 
males. Injection of pituitary extract into male 
frogs induces copulatory reflexes, and the induc- 
tion of ovulation in Xenopus in captivity by the 
administration of urine from a pregnant woman, 
which contains gonadotropic substances, has been 
used as a pregnancy test by L. Hogbcn. It is gen- 
erally agreed that the development of secondary 
sexual characters in the amphibians is controlled 
by sex hormones secreted by the gonads. Although 
it is improbable that the corpora atretica in the 
amphibian ovary arise by pituitary stimulation, it 
may be that follicle cells in these bodies respond 
to the pituitary bv secreting sex hormones. A sim- 
ple form of corpus luteum containing yellowish 
flocculent pigment arises after ovulation, but there 
is no evidence of any functional importance, fn 
some viviparous snakes, however, indications of 
luteal functions have been adduced. Ovariectomy 
during early gestation, removal of corpora lutea, 
and hypophysectomy all resulted in resorption of 
embryos or ahortion of dead young. 

In the newt, Triton crist at us, there is no inter- 
stitial glandular tissue in the testes until the ap- 
proach of the breeding season. This transformation 
is temporarily associated with the differentiation of 
the seasonal secondary sexual adornments in the 
male. Destruction of the interstitial glandular tis- 
sue is equivalent to castration in preventing de- 
velopment of these secondary characters. In the 
reptile the secondary male sexual characters — skin 
color, development of dorsal crests, spine, femoral 
and preanal pores, and a bulge at the root of tail — 
are associated with the development of the inter- 
stitial cells of the testis and also show seasonal 
variations. Castration induces an obvious change of 
sexual character, but injection of androgen induces 


hypertrophy of the epididymis and vasa deferentia 
and stimulates spermatogenetic activity as well. 

Birds. In the male bird, the testes of some spe- 
cies can increase several hundred times in size 
during the breeding season. Hypophysectomy leach 
to the same effects that occur naturally at the end 
of breeding season in some wild species. Choles- 
terol is considered to be a precursor of steroid 
hormones in the bird testes. The presence of FSH 
and LH in the bird pituitary has been amply re. 
ported. Prolactin is considered an important hor- 
mone in birds because it is associated with broodi- 
ness as well as with crop milk secretion in pigeons 
Large amounts of androgen, estrogen, luteoid, and 
perhaps progesterone are released from bird ova- 
ries. Estrogen induces a hundredfold enlargement 
of chicken oviducts in 10 days, especially when ad- 
ministered in combination with progesterone. The 
comb growth of young chicks is one of the best- 
known bioassays of androgen. 

Neuroendocrine function. The associated phvs- 
iological activities of the nervous and of the endo- 
crine system that influence animal reproduction 
are brief! \ dealt with here to illustrate the intrin^ii 
mechanism involved. In the lower forms of life, 
especially in those forms without a nervous ^ 
tern, the rhvthm of reproduction may be controlled 
mctabolically by the direct action of environmental 
factors, food, temperature, light, bumidih. and 
chemical composition of the environment. In the 
higher forms certain external factors act through 
the intermediation of the nervous s\steni. In tin* 
bird, the number of eggs in a clutch is gencrallv 
constant within narrow limits; if the egg*- an 
withdrawn shortly after they are laid, manv bird- 
will go on laying, making an attempt to lav the 
right number. In the pigeon, ovulation often i- in 
duced bv courtship with another pigeon. The num- 
ber of eggs laid has been reported to be increased 
if a mirror is placed in front of a pigeon r ag< 
These instances illustrate the influence of the nei\ 


ous system on reproduction. 

Stimuli. Experimental study on birds 1> V 
W. Rowan and on ferrets by T. Bissonneffe ha*' 
shown that breeding ran be induced in midwiirtm 
by artificial light. Hypophysectomized and Mind 
ferrets do not ordinarily react to light as expected 
and it is obvious that the stimulus must be passed 
through the eye, optic nerve, or some receptors m 
the brain region, and thence to the anterior pit 111 ' 
tary. Moreover, the rabbit, ferret, and groum 
squirrel normally ovulate in response to the stimu- 
lation of copulation. This stimulation to swit<M 
from the follicular phase to the luteal phase can- 
not be effected in the absence of the pituitary hut 
can be brought about by the injection of pituitary 
extracts or pituitary like extracts, pregnant woman 
urine (PU) or pregnant mare serum (PMS). M) ^ 
would seem that this stimulus is normally “ ue ^ 
nervous reflexes through the pituitary. The stnn^ 
lus, however, may be carried by several nerv°u 
paths, because local anesthesia of vagina and vu 



complete thoracosymptfthectomy, absence of any 
nerve pathway to the ovaries, or cervical sympa- 
thectomy does not inhibit ovulation after coitus 
Because stimulation of the brain, of the 1 umbo- 
mitral part of the spinal cord, of the cervical 
^inpathetic ganglion, or of the hypothalamus will 
induce ovulation to a certain extent, it seems that 
more than one nervous path and more than one 
meihanism for the initiation of ovulation must be 
involved Furthermore, the rat. unlike the rabbit, 
ovulates spontaneously but a prolongation of the 
life of the corpora lutea with subsequent pseudo- 
pi egnancy can be induced by sterile mating, me- 
Jianual stimulation of the cervix, or electrical 
stimulation of the brain. Pseudopiegnancy in the rat 
also seems to be mediated by the pituitary through 
neivnus pathways. There are additional evidences 
to show that the stimulus for LH release in a 
spontaneously ovulating animal is controlled by 
nervous mechanisms employing cholinergic and 
adienergic components. 

Neural humoral control Other endocrine glands 
transplanted elsewhere in the body retain their 
essential normal functions but transplanted pitui- 
tu\ gland resumes efficient activity only when im- 
llantcd undei the temporal lobe of the brain or 
into the sella tun ic a of another hypophysectomized 
recipient Thus, the contiol of hypothalamus over 
pituitary functions via nervous or neurosecretory 
hormonal niec hamsm is obvious It is highly prob- 
able that the anterior pituitarv receives its mes 
"dges humoiallv and transmits them in the same 
wav New observations have strengthened the posi- 
tion that the hypophyseal portal veins are the route 
bv which the nervous system exerts control over the 
adenohypophysis (glandular poition of pituitary) 
Because essentially normal anterior gonadotropic 
ind other functions were present when the only 
hvpnthdlarmc-pituitarv link was through connect- 
ing blood vessels, it has been emphasized that 
neuro'-ecretions of hypothalamic origin, carried as 
blood-borne hormones, represented ihe essential 
neural humoral control mechanism of the anterior 
pituitary function. However, because there are 
other conflicting evidences, the possibility that 
there is more than one route of hypothalamic 
neural control of pituitary secretion is, not en- 
tirely excluded. As for pathways from external 
s iimuli to the reproductive activities of the or- 
ganism as a whole through the intrinsic nerve 
tr acfs and nuclei of the hypothalamus to the an- 
terior pituitary gland, controversies still exist and 
knowledge in this respect is not clear. 

Lesions. It is well established that lesions in the 
hasal tuber oi median eminence induce ovarian 
atrophy in the cat, dog, and rabbit. The role of 
the nervous system in establishing cyclic pituitary 
activity has also been emphasized. Localization of 
an erection center and of an ejaculation center in 
the hypothalamus has been reported. Appropriately 
Placed hypothalamic lesions in the female guinea 
P*8 sometimes result in anestrus or prolonged estrus 


Reproductive system 479 

periods with sexual behavior in keeping with the 
gross changes of the cycle. In the male guinea pig,* 
similar lesions induce sexual impotence, without 
genital regression. Hypothalamic production of 
oxytocin and the derivation of vasopressin from 
neurosecretory process have been postulated. As 
for mating behavior, it is assumed that advancing 
evolutionary status is accompanied by a progressive 
dominance of the nervous system and a correspond- 
ing reduction of endociine control. To interpret 
the effect of sex hormones on mating behavior 
F. Beach suggests that their activity may increase 
the excitability of the central excitatory mecha- 
nism. 

Fertility and sterility. The ability or inability to 
produce offspring is termed fertility or sterility. 
Fertility and sterility occur in different grades 
among various species and among individuals of 
the same species. Absolute sterility is rare, but 
infertility of all degrees is very common, especially 
among higher vertebrates. The rate of reproduction 
in any species depends upon the average number of 
young born in each litter, the frequency of recur- 
rence of breeding season, the duration of the re- 
productive period, and the age at which the animal 
starts to breed. The age as a general rule is earlier 
in small species than in large ones. In general, the 
number of young in a litter of mammals is in- 
versely proportional to the size of the animal. For 
instance, a cow rarely produces twins, whereas the 
rat occasionally bears as manv as 16 young. A 
theory of fertility proposed by II Spencer is that 
individuation and genesis vary inversely; that is, 
the power to sustain individual life and the power 
to pi od uce new individuals aie inversely propor- 
tional. Where there is abundant food supply and a 
favorable environment, and the necessary expendi- 
ture of energy is relatively slight, the cost of 
individuation is much redm ed and the rate of 
genesis is correspondingly increased 

Factors controlling fertility Hammond proposed 
that three factors control fertility: 

1. The number of ova shed. In accoidance with 
the genetic constitution of the species and the 
nutritional status, the number of ova shed is con- 
trolled by gonadotropic hormones through the 
pituitary gland, but influenced hv external fac- 
tors. Before puberty, at old age, and during preg- 
nancy, pseudopregnancy, and lactation, practically 
no mammal ovulates. Although by administering 
gonadotropic hormones G. Pincus et al. demon- 
strated the possibility of increasing the number of 
ova shed in mammals, the actual number of young 
produced was rather low, probably as a result of 
other natural limitations. 

2. The number of ova fertilized. This depends 
upon the number of spermatozoa produced by the 
male, and the morphological and physiological 
integrity of the gametes. It also depends upon the 
probability of meeting hetween gametes provided 
by the male and female in the lower vertebrates, 
the efficiency of sperm transport to the site of 
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fertilization, and the time of mating in the higher 
vertebrates. 

3. The number of embryos developing into self- 
sustaining individuals. The probability of normal 
development depends upon the location where ova 
are deposited and the protection that the parents 
give to the zygotes in the lower vertebrates. In the 
higher animals* it depends upon the transportation 
of zygotes to the prepared uterus at the right time, 
and the physiological activities of embryo and of 
mother for proper implantation, for the mainte- 
nance of pregnancy, and for proper parturition. 

Fertility and sterility control. The problems of 
the control of fertility and sterility in human be- 
ings and in animals is of great importance for hu- 
man welfare. For pest control and for population 
control, techniques to induce sterility have been de- 
vised. For increasing the population of useful ani- 
mals. techniques to improve fertility are of major 
importance. Among these techniques artificial in- 
semination (the collection, storage, and deposition 
of sperm into the female) is widely practiced in 
animal husbandry. Artificial pregnancy, the re- 
covery of fertilized ova from one animal and their 
transference to several other animals, is a means 
of inc reasing good genetic characters of females. 
This has been proved by M. C. Chang to be success- 
ful in the rabbit, but its application to other ani- 
mals is still uncertain. 

In spite of its major importance in the areas 
of human economic and social welfare, intensive 
study of reproduction lagged far behind other 
physiological inquiries because of various emo- 
tional and prejudicial attitudes. Since 1930. how- 
ever, knowledge of reproductive processes has in- 
creased immensely hut there are still unsolved 
problems concerning many aspects of reproduction. 
Application of modern biological, chemical, and 
physical techniques, however, will advance under- 
standing and control of reproductive processes. 
See Reproductive behavior. [m.c.c. ] 
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Reproductive system disorders 

Those disorders which involve the structures com- 
prising the female and male reproductive organs 
and accessory structures. 

FEMALE SYSTEM 

Ovaries. If the ovaries are congenitally absent or 
are lost before puberty the usual feminine char- 
acteristics of breast and hip structure, voice, and 


pubic hair distribution do not develop. Destruction 
after puberty causes cessation of menstruation 
sterility, and menopausal changes. 

During active menstrual life, a developing ovum 
matures each month and is discharged from one 
ovary. At the time it ruptures from the follicle there 
is often a small hemorrhage causing a low abdomi- 
nal pain, known as mitlelschmerz, halfway be- 
tween menstrual periods. The developing follicle 
and the corpus luteum formed after the egg is shed 
are frequently the site of nonneoplastic cysts, filled 
with retained secretion or blood; these are not 
true neoplasms but often cause pain. 

Neoplastic cysts of the ovary fall into three main 
categories. Dermoid cysts have a thick wall and 
usually contain hair, teeth, and sebum. They ap- 
parently represent partial maturation of an ovum 
and are almost invariably benign. Serous cyst- 
adenomas are lined by cells resembling normal Fal- 
lopian tube epithelium. They contain watery fluid 
may be moderately large, and are only occasionally 
malignant. Pseudomucinous cystadenomas are lined 
by tall mucin-producing cells and may become filled 
with large amounts of mucoid fluid, Usually they 
are benign, hut if they rupture or if the lining cells 
develop on the outside wall, there may be wide 
spread implants in the peritoneal cavity. 

Solid tumors of the ovary present a grvat variety 
of benign and malignant forms, some ot which are 
fairly common. Many arise from hormone- prodm - 
ing cells and exert hormonal effects. The granulosa 
cell tunror and theca cell tumor cause feminization, 
manifested by abnormal uterine bleeding at anv age 
and by precocious sex development if they occur 
before puberty. The arrhenoblastoma producer- 
male sex hormone inducing virilism, with growth oi 
beard, development of deep voice, and cessation oi 
menstruation. Carcinomas of the ovary, whethei 
hormone-producing or not, and whether solid or 
partly cystic, have a high mortality. Ascites is al- 
most always present; early and widespread rneta 4 ** 
tases are frequent. 

Oophoritis, inflammation of the ovary, is usually 
a complication of salpingitis. See Gonorrhea. 

Fallopian tubes (oviducts). Salpingitis, inflair 
mation of the tubes, is usually bilateral and origi- 
nates in infection ascending from the uterus. The 
two major causes are gonorrhea and infected abor- 
tions, the latter usually induced by unclean instru- 
ments. If the inflammation is severe or repeated, the 
outer ends of the tubes become sealed and the tube 
enlarges and fills with pus; this is known as pyo* 
salpinx. In a later stage the pus disappears and i* 
replaced by a thin watery fluid in the condition 
called hydrosalpinx. Often the adjacent ovary 
involved in salpingo-oophoritis. Sterility common ' 
results because the tube is permanently closed. 

Ectopic pregnancy or extrauterine pregnancy # 
usually found in the Fallopian tube, althoug ** 
dominal and ovarian implantations may oc <\ ur ® 
casionally. Normally the sperm cell ascen » 
uterus, enters the tube, and fertfliaes the ovum 
in the tube. The fertilized ovum then descen i 



implants itself in the uterine wall. Should normal 
descent be delayed for reasons which are usually 
unknown, the implantation occurs wherever the 
egg lodges. Because conditions are unfavorable in 
abnormal locations, the placenta does not develop 
properly and the fetus usually dies after a few 
weeks. At this time hemorrhage into the perito- 
neum and rupture of the tube are common catas- 
trophes. Only rarely does an ectopic pregnancy 
proceed to term. 

Uterus. The remarkable cyclic function of men- 
struation is subject to a wide variety of disorders, 
reflecting both local disturbances in the uterus and 
distant malfunction of the controlling pituitarv 
gljnd and ovaries. The most important disorders are 
menorrhagia (excessive bleeding during menstrual 
periods) and metrorrhagia (bleeding between pe- 
riods). The most common cause of these condi- 
tion^ is failure of ovulation so that bleeding occurs 
liom a thick h\ per plastic endometrium, stimulated 
onlv hv follicular hormones Other common causes 
of abnormal bleeding include abortions and benign 
ind malignant tumors. Endometritis, inflammation 
of the uterine lining, occurs almost exclusively in a 
itsrnlh gravid uterus, either as a complication of 
iinorliori or following intrauterine manipulation 
dm mg delivery. 

H<mgn tumors A common tumoi is the polvp. a 
protection of mucosa made up of numerous glands. 
\Uo very common, particularly in Negio women. 
jto fibroid tumors indicated b\ round masses of 
meigiown muscle and connective tissue fibers. 
These fibroid tumors aie often numerous, large, and 
associated with pressure sMnptoms or abnormal 
bleeding. 

Malignant tumors. Adenocaieinoma aiising from 
llie endometi ium is ehicfiv a disease of older women 
and causes postmenopausal bleeding. If untreated 
it invades locally although it may also metastasize. 

^ unique tumor is the hydatid mole, arising from 
die chorionic villi of the placenta as a series of 
grapelike projections. In this instance no fetus is 
b>und. The malignant variant is known as ehorion- 
rpithelioma and usually has a dramatically rapid 
<<>urse with widespread hemorrhagic metastases. 
both hydatid mole and chorionephithelionyi pro- 
rime the same hormone as the normal placenta, 
ibis is known as chorionic gonadotropin and is the 
,dsls of the usual pregnancy tests performed on 
s,,< b animals as toads, rabbits, or rats. The hormone 
a l s o may cause breast enlargement and secretion. 

Pelvir endometriosis. What appear to be normal 
endometrial glands and stroma can develop in ab- 
n ° l nial locations, particularly the outer wall of the 
uter us, the ovaries, and the tissues between the 
r<?| tum and the vagina. This is known as endo- 
nwriosis. It is not certain whether this occurs be- 

? U ? P ^Hage of endometrium through the tubes 
i nofc menstruation or because of metaplasia of 
die involved tissues. The hemorrhagic cysts formed 

undergo cyclic fllMfi n ’ and 

mono* 
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Cervix Uteri. Chronic inflammation or cervicitis 
is present in almost all adult women. When severe, 
a white discharge, Ieukorrhea, develops. Epidermoid 
carcinoma of the cervix is of great interest because 
it is common and accessible to early diagnosis by 
the cytologic smear technique of G. N. Papani- 
colaou. Early development confined to the epithe- 
lium (cancer in situ) apparently precedes invasive 
growth by about 7 years and presents an almost 
100% curable stage. When untreated the tumor 
becomes invasive, spreads to the vagina, and often 
blocks the ureters. 

Vagina. The vagina itself is rarely diseased. 
Weakening of the pelvic supports, often resulting 
from childhearing, produces bulges into the vagina. 
Common forms arc cvstocele, sagging of the blad- 
dei wall; rectocele. sagging of the rectal wall; and 
prolapse, downward protrusion of the uterus into the 
vagina, protruding externally in severe instances. 

Vulva. Rarely diseased before the menopause, the 
vulva undergoes atrophit changes in older women. 
Ccitain forms of extreme atrophy known as leuko- 
plakia and kraurosis are precancerous, ultimately 
resulting in epidermoid carcinomas. 

MALE SYSTEM 

Testicles. During fetal life the testicles migrate 
from I heir site of formation neat the kidneys to the 
inguinal region and thence through the inguinal ca- 
nals, to ontei the scrotum at about the lime of birth. 
Not infrequently one or both testes are arrested 
within the inguinal canals or abdomen, a condition 
known as cryptorchidism. If the testis does not de- 
scend into the scrotum by puberty, either sponta- 
neously or following treatment, permanent damage 
to the sperm-forming tubular cells results, probably 
be< ause the tcmpeiature is higher in the body than 
in the scrotum. The hormone- forming interstitial 
ccdls can develop normally in a cryptorchid testis. 

Complete absence of the inter stitial cell func- 
tion, either because of castration or disease, oc- 
curring before puberty, results in eunuchoidism. 
This is manifest by failure of development of sec- 
ondaty sex characteristics such as beard, male hair 
distribution, and deep voice, by lack of libido, 
often by inc rease in size and weight, and by a rela- 
tively feminine personality. 

Male sterility may be caused by obstruction to 
flow of seminal fluid or. more commonly, by pro- 
dti( tion of insufficient or poorly developed sperm 
cells. This in turn may result from organic causes 
such as inflammation, or from such functional dis- 
turbances as hypothyroidism or malnutrition. Most 
often no cause is found. 

Inflammation of the testis, orchitis, is most often 
produced by the mumps virus. Salivary gland swell- 
ing may or may not be associated. Unfortunately 
the testicular swelling is often followed by atrophy 
and sterility o\ the involved testis. An occasional 
cause of swelling and later atrophy is torsion, a 
twisting of the blood vessels. 

Malignant tumors of the testis are fairly frequent 
and cairy a high mortality rate. The seminoma is 
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composed of uniform-appearing cells, occurs at all 
ages, and is fatal in about 50% of the subjects 
despite any treatment. The other tumors, known as 
embryonal carcinomas and teratocarcinomas, are 
composed of more primitive-appearing cells of 
varying types, occur chiefly in young men, and are 
almost always fatal because of distant metastasis. 

The membranes about the testis may become dis- 
tended with clear fluid, a common condition termed 
hydrocele. 

Epididymis. There are two major causes of acute 
inflammation causing epididymitis. In gonorrhea 
the organism enters the urethra during sexual con- 
tact and ascends the urethra and vas deferens to 
the epididymis. In the nonspecific form the organ- 
isms are usually introduced by instrumentation of 
the urethra or surgery of the prostate. Tuberculous 
epididymitis is a chronic inflammation in which the 
organisms apparently gain access from the blood 
stream. Any form of inflammation is likely to cause 
permanent blockage of the ducts. 

Vas deferens and seminal vesicles. These are 
rarely the site of disease. Surgical interruption of 
both vasa is done frequently either to produce 
sterility or to prevent ascending infection prior to 
prostatic surgery. The testicles are not thereby 
injured. 

Prostate. Relatively minor ailments include 
prostatitis, usually nonspecific, and small calculi. 
Probably the most frequent and important disorder 
is a benign overgrowth for which such synonyms as 
hyperplasia and hypertrophy are widely used. The 
cause is unknown but the usual occurrence after 
the age of 60 suggests a relation to hormone bal- 
ance. Symptoms are those of partial obstruction of 
urine flow in the prostatic urethra and include diffi- 
culty and frequency of micturition. Because of the 
resulting obstruction and residual urine, infection 
is common, often ascending to the kidneys. Carci- 
noma arising in the prostatic glands is frequent in 
old men. It spreads primarily to the bones, pro- 
ducing a marked reaction which is usually painful. 
This tumor produces great quantities of an enzyme 
known as acid phosphatase, also found in normal 
prostatic tissue and secretions. An interesting fea- 
ture of this tumor is its hormone dependence, its 
growth being stimulated by male sex hormones and 
retarded by female hormones. Because of this, even 
advanced cases are often greatly benefited by re- 
moval of the testicles and administration of female 
hormones. 

Urethra. The male urethra is frequently the site 
of inflammation, known as urethritis. Some cases 
are the result of gonorrhea, being acquired through 
sexual contact. Before the era of chemotherapy, 
gonorrheal urethritis, or the treatment employed 
for it, often resulted in scars known as strictures, 
which obstructed urine flow. Most urethritis is non- 
specific and is caused by a variety of bacteria and 
viruses, and not of venereal origin. 

Penis. In many parts of the world the foreskin is 
often removed either for ritual or for medical rea- 
sons. If left in place it may be the seat of inflam- 
mation (balanitis) or marked narrowing (phimosis) 


which may even interfere with urination. The pri- 
mary lesion of syphilis, the hard buttonlike chan- 
cre, is usually found on either the foreskin or glans 
penis; after it heals a scar is left. A warty growth 
of the penis, called venereal wart, is frequent in 
some parts of the world and is probably acquired 
during sexual intercourse. Carcinoma arising from 
the surface epithelium is fairly common; it does 
not occur in men circumcised during infancy. 
Spread is by local extension and by metastasis to 
the lymph nodes of the groin. Another relatively 
common disorder of the penis is Peyronie’s disease, 
a form of scarring of the shaft which may interfere 
with normal erections; its cause is unknown. Ser 
Endocrine system; &onad; Oncology; Repro- 
ductive SYSTEM. f R.N.B.] 

Bibliography : M. F. Campbell, Urology , 3 vok. 
1954; E. Novak, Gynecologic and Obstetric Pathol- 
ogy , 4th ed., 1958. 

Reptilia 

A class of vertebrates composed of four living oj- 
ders, the turtles or Chelonia, the tuatara or Rhyn- 
chocephalia, the lizards and snakes or Squamata. 
and the crorodilians or Crocodilia. Numerous ex- 
tinct orders are also known. The group first ap- 
peared in the Carboniferous und underwent a cul- 
minating evolutionary radiation in the Mesozoic, 
often called the age of reptiles. Although the majoi 
portion of the class is now extinct, several recent 
groups, particularly the Squamata, arc very su<- 
cessful, and there are approximately 5000 living 
species of reptiles as compared to about 4000 liv 
ing mammals. 

Characteristics of Reptilia. The reptiles are the 
most primitive of the cornpletelv terrestrial verte 
brates and are consequently the first to exhibit am 
niote features (see Aminiota). The earliest terres- 
trial class. Amphibia, is characterized bv retaining 
the type of development found in fishes. Most am- 
phibians, although terrestrial as adults, return to 
the water to breed and their virtually naked eg?' 
undergo development in the water. In addition am- 
phibians usually have a free-living aquatic larval 
stage that breathes by means of gills and that met- 
amorphoses rather suddenly into a lunged terres- 
trial form. In the reptiles the cleidoic eggs are cov- 
ered by a complex series of protective layers, 
including a leathery or calcareous shell. A rich 
supply of food material in the form of yolk h de- 
posited inside the ovum to furnish food for the de- 
veloping embryo. A series of protective extraem- 
bryonic membranes, the serosa and amnion, ap- 
pears later in embryogenesis to protect the em- 
bryo from water loss and shock, as well as the a 
lantois which functions as a storage sac for nitrog- 
enous wastes. The serosa and allantois usual y 
fuse to form a respiratory structure. Gaseous ex 
changes take place across the shell and seroallan- 
toic membrane between the outside air and f 1 
blood vessels of the allantois. All of these adapt® 
tions made it possible for the reptile egg to be e 
posited on land, undergo its developfloeftt there, 
and hatch into a fully developed form without a 
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gilled larval stage. Most reptilian eggs are buried 
in the soil or rotting vegetation out of the direct 

.unlight. 

If all intermediate fossil forms are taken into ac- 
count. the above features of the life history are the 
onlv ones that serve to distinguish the amphibians 
from the reptiles. As a matter of fart, several fossil 
groups near the evolutional y transition between 
the two Hasses, known only from bony remains, 
cannot be satisfactorily placed in one or the other 
bemuse information on their life histories is not 
available. Living amphibians, in addition to having 
an anamniote egg. are so divergent from reptiles 
that no difficult v is encountered in distinguishing 
between them (.see Anaminia). All living dmphih- 
i^ns have a smooth moist skin, richlv supplied with 
mucous glands, two occipital condyles, and many 
other internal characteristics that separate them 
Irom living reptiles, whereas Recent leptile*- have 
the bodv covered b\ discrete div horn\ scales, no 
miKous glands in the skin, and a single occipital 
( omlyle. 

Comparison of Reptilia. The Mammalia, which 
jre dc*s( ended from one reptilian stock, differ 
markedly from the Reptilia as indicated below. 


Reptilia 
1 No ban 

} No mammary glands 
f Dependent upon en- 
uionrnentul beat 
sou ices; tempera! me 
icgulated bv gross be- 
havioral adjustments; 
hodv temperature flue - 
tuating (eetothermic) 

1 lower jaw composed 
of several bones 

1 Middle ear region with 
a single ossicle 
(stapes), if functional, 
transmitting vibra- 
tions to inner ear 
() Heart composed of two 
auneles and a single 
|mi tidily divided 
ventricle (fully divided 
m Crocodilia) 

1 A pair of systemic 
arteries 

^ IMeural cavities and 
pcnioneal eavities 
continuous (except in 
I'rocodilians where 
separated) 

^ Primarily oviparous, 
s ‘>mp lizards and 
sni *kes ovoviviparous 
or v iviparous (sero- 
allanloic placenta) 


Mammalia 

1. Hair, at least embry- 
omcallv 

2. Mammary glands 

^ Heat pmduced by bodv 
metabolism; physio 
logical tempt » Uuie 
regulaloiy mecha- 
nisms, body tempera- 
tuie ratlicr constant 
(endotheumc) 

i Lower jaw composed 
of a single element 
(dentary) 

5 Middle ear with three 
ossicles (stapes, incus, 
malleus) transmitting 
vibrations to inner car 

6. Heart composed of two 
auricles and two 
ventricles 

7. A single systemic 
artery 

8. Pleural and peiitoneal 
cavities sepa rated by a 
muscular diaphragm 

9. Primarily viviparous 
(seroallantoic pla- 
centa), a few ovipa- 
rous (monotrernes), 
some ovoviviparous 
(marsupials) 


to Mammalia 


one temporal opening one temporal opening 

< postorbital supratemporal ^postfrontal 




* squamosal squamosal N postorbital 

II Synapsid skull HI Parapsid skull 

(subclass Synapsida) (subclass Parapsida) 


no temporal opening 
y postorbital 

\ squamosal 
I Anapsid skull 

(subclass Anapsida) 


two temporal openings 



V Diapsid skuil 

(subclasses Lepidosauria 
and Archosauria) 


one temporal opening 
y postorbital 

N squamosal 
IV Euryapsid skull 

(subclass Euryapsida) 


to Aves 

Lateral views of principal reptilian skull types. 

The class Aves is also descended from a rep- 
tilian stock, but no difficulty is encountered in sep- 
arating the two classes since birds are covered by 
feathers, arc endothermic, arid have a four-cham- 
bered heart and a single systemic artery. 

Phylogeny. All reptiles, living and fossil, are di- 
vided into six major groups based primarily upon 
tire characteristics of the skull. These are the sub- 
classes Anapsida. Synapsida, Parapsida. Eurap- 
sida, Lepidosauria, and Archosauria. 

Most of the living forms are diapsid lepidosa’u- 
rians, but crocodilians are archosaurians and the 
turtles belong to the Anapsida. Birds are derived 
from archosaur ancestors while mammals evolved 
from certain synapsid forms. See Placentation ; 
Vf.H TERR AT A. [J.M.S.1 

Bibliography: A. d’A. Bellairs, Reptiles , 1957; 
C. H. Pope, The Reptile World , 1955; A. "S. 
Komer. The Osteology of the Reptiles , 1956; M. A. 
Smith, The British Amphibians and Reptiles , 1951. 

Reptilia fossils 

Reptilia constitute an order of both living and fos- 
sil forms of the phylum. Chordata. Reptiles were the 
dominant vertebrate group in the Mesozoic, which 
is known as the Age of Reptiles. Among tbfe better 



484 Repulsion motor 

Representative classification scheme of class Reptilia 


Taxonomic group 

Common name 

Subclass Anapsida 

Anapsids 

Order Cotylosauria 

Stem reptiles 

Order Chelonia 

Turtles 

Subclass Ichthyopterygia 

Fishlike reptiles 

Order Ichthyosaur in 

Ichthyosaurs 

Subclass Synaptnsnuria 

Order Protosauria 

Protosaurs 

Order Smiropterygia 

Suborder Nothosauria 

Nothosaurs 

Suborder Plesiosauria 

Plesiosaurs 

Suborder Plucodonlia 

Placodonts 

Subclass Lepidosatiria 

Order Eosuchiu 

Eosuchians 

Order Rh ynchoce pha 1 in 

Khyuchocenhulians 

Order Squamata 

Suborder La cert, ilia (Sauna) 

Lizards; mosasaurs 

Suborder Serpentes fOphidin) 

Snakes 

Subclass Archosauria 

Order Thecodontia 

Thecodonts 

Order Crocodilia 

Crocodilians 

Order Pterosauria 

Flying reptiles, pterosaurs 

Order Suurischia 

Reptilelike dinosaurs 

Suborder Theropoda 

Theropods 

Suborder Sauropoda 

Sauropods 

Order Ornithischia 

Birdlike dinosaurs 

Sulairder Ornithopoda 

Duck-hilled dinosaurs 

Suborder Stegosauria 

Stegosaurs 

Suborder Ankylosuuria 

Ankylosaurs; armored 
dinosaurs 

Suborder Ceratopsia 

Horned dinosaurs 

Subclass Synapsida 

S\napsids 

Order Pelycosauria 

Pelycosaurs 

Order Thera psida 

Thernpsids 

Order fetidosauria 

Ictidosaurians 


Example 


l^ahidosaurus; Desmatodon 
Chelonides; Arehelon 

Ichthyosaurus 

Aroeoscelis 

Nothosaurus 

Plesiosaurus 

Placodus 

Young ina 
fiorneosaurus 

Tylosaurus 

Palaxpphis 

Ornithosuchus 
/ 'rotosuch us; Stenosaurus 
Pteruduclylus; Pteranodon 

Tyran nosaurus; Pahmmurm 
Brontosaurus; Dipl odor us 

( larnptosaurus; Hypsilophodon 
Stegosaurus 

A odosaurns; A nkvlosaurus 

T riccratops; Pruforerafops 

Dirnetrodon * 

Cynognathus; Dicynodon 
M icroconodon 


known fossil reptilians are the cntylosaurs. dino- 
saurs, pJacodonts, thecodonts, synapsids. and pel- 
siosaurs. Reptiles exhibited a great diversity in 
form, and they were to be found in all types of 
habitats. Adaptation to a terrestrial existence was 
a significant evolutionary development among the 
reptiles. This was realized through the production 
of protected by an outer covering and capa- 
ble of development on land, as well as by a modi- 
fication of the dermis which prevented dehydration, 
/he man\ prevalent species of ancient reptiles dis- 
appeared suddenly, and it has been postulated that 
climatic changes which affected the habitat or the 
organisms themselves, or both, caused the decline 
in the number ot species. 

Fossil groups. I here are divergences of opinion 
on the systematic status of the various groups which 
compiise the Reptilia. The accompanying table 
represents one scheme of classification and lists the 
common name for the group and a fossil example. 

Paleoecology. Fossil reptiles inhabited swamps, 
fresh-water and marine habitats, and land. Some 
species were predaceous carnivores, others were 
either herbivores or omnivores. According to 
F. Broili, the terrestrial Homoeosaurus fed on ma- 
rine fishes and was occasionally devoured in turn 
by larger fish. Morphological studies of mosasaurs 
indicate that some species were diving forms and 


others were surface swimmers. Thev fed on fish. 
moJlusks, and echinoderms. Terrestrial specie^ u> ( ] 
on smaller reptiles or vegetation, or both. So 
Paleobotany; Paleo< limatology ; Pm.fomoi 
oc;y; Reptilia. 

Repulsion motor 

An alternating-current (ac), commutator motor de- 
signed for single-phase operation. The chief di^tim 
tion between the repulsion motor and the single 
phase series motors is in the way the armatuie 
receives its power. In the series motor the powei 
is supplied by conduction from the supply circuit 
and in the repulsion motor by induction from the 
field of the stator winding. For discussion uf the ac 
series motor, see Universal motor; see also Ai- 
TERN ATING-CURRENT MOTOR. 

The repulsion motor has a primary or stationary 
field winding, which is connected to the power sup- 
ply, and a secondary or armature winding which is 
mounted on the motor shaft and rotates with it. The 
terminals of the armature winding are short-cir- 
cuited through a commutator and brushes. There i s 
no electrical contact between the field and arma- 
ture (Fig. 1). See Windings (fjxctric machin- 
ery). 

If the motor is at rest and the field coils are en- 
ergized from an outside ac source, a current is in- 


(juccd in the armature, just as in a static trans- 
former. If the brushes are in line with the neutral 
axis of the magnetic field there is no torque or tend- 
ency to rotate. However, if they are set at a proper 
angle (generally 15-25°). the motor will rotate. 

Repulsion motors may be started with outside re- 
sistance in series with the motor as is done with 
direct-current series motors. A more common 
method is to start the motor with reduced voltage 
and increase the voltage as the motor increases 
*|ieed. This can be convenientlv done with a trans- 
foirner with an adjustable tapped seeondaty. 

It is also possible to doubly feed the motor; that 
is, the armature may receive its power not only by 
induction from the stator winding, but also by con- 
din tion from a transformer with adjustable taps as 
in Fig. 2. 

Repulsion-start, induction-run motor. This 
motor possesses the characteristics of the repulsion 
niotoi at low speeds and those of the induction 
motor at high speed (.sec Induction motor). It 
-Mils as a repulsion motor. At a predetermined 
-peed (generally at about two-thiids of synchro- 
power supply 

l I 

field C 


armature 



3 1 Schematic of a repulsion motor. 



bg 2 Armature-excited repulsion motor 


synchronous 



(a) (b) 

^9* 3. Repulsion-start, induction-run motor, (o) Sche- 
matic diagram, (b) Speed-torque characteristic. 
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synchronous 



(a) (b) 

Fig. 4. Repulsion-induction motor, (a) Schematic dia- 
gram. (b) Speed-torque characteristic. 

nous speed) a centrifugal device lifts the brushes 
from the i ominutator and short-circuits the arma- 
ture coils. The motor then runs as an induction 
motor. In Fig. M the curve AB tepresents the char- 
acterise s of an induction motor and curve CD a 
lepulsion motor. The solid curve AI) is the com- 
bined chaiacteristic of a repulsion-start, induction- 
run motor. 

Repulsion-induction motor. This motor is very 
similai to the standard lepulsion motor in construc- 
tion except for the addition of a high-resistance 
squirrel cage on the rotor. Both rotor windings are 
torque-producing and the total torque produced is 
1 lie- sum of the individual torques developed in these 
two windings. In Fig. 4 />, curve A is the character- 
istic of the repulsion-motor torque developed in this 
niotoi. Curve B represents the induction-motor 
torque. Curve C is the combined total torque of the 
motor The advantages of this mac hine are its high 
starting torque and good speed regulation. Its dis- 
advantages are its poor commutation and high ini- 
tial cost. | s.w. ] 

Bibliography : A. F. Puchstein, T. C. Lloyd, and 
A. C. Conrad, Alternating-Current Mafhines , 3d ed., 
1954. 

Reserve battery 

A battery which h inert until an operation is per- 
formed which brings all the cell components into 
the proper state and location to become active. 
Several types have been developed In wuter-acti- 
vated or electrolyte-activated batteries the water or 
electrolyte component is not present during stor- 
age. It is added just before the cell is put into use. 
In thermal batteries the electrolyte is a solid at 
room tempeidture and has very low conductivity. 
By raising the temperature above the melting 
point, the conductivity of the electrolyte becomes 
excellent and the cell is capable of delivering sig- 
nificant power. 

Water-activated batteries. Practical battery sys- 
tems have been developed using magnesium anodes 
against silver chloride or cuprous chloride cath- 
odes. Cuprous chloride cathodes are less expensive 
than silver chloride cathodes, but thev are also 
bulkier and less stable, particularly in a humid at- 
mosphere. 

The batteries are assembled dry. The active ele- 
ments may be separated by porous paper or other 
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Fig. 1. Schematic of water-activated ceil. 


to ammonia reservoir 



ammonium thiocyanate (NH4SCN) 

Fig. 2. Schematic of ammonia-vapor-activated re- 
serve-type primary cell. 

inert media. Water may he poured into a container 
holding the elements or may flow continuously 
through the element. Father fresh or salt water may 
he used. 

Cells with absorbent separators can be activated 
by immersion. Subsequent operation may either be 
in air, using only the water retained in the cells, or 
while immersed. Performance of a 2-cell battery 
immersed in sea water showed an output of 18 watt- 
hours/pound (whr/lb) when fully discharged in 
6 min. 

The dry elements stored in a sealed container are 
capable of indefinite storage life. 

Electrolyte-activated batteries. Any cell can he 
made as a reserve-electrolyte cell. If the electrodes 
are in place, it is necessary only to add the electro- 
lyte to make a complete cell. In practice, however, 
the separation of the electrolyte is done only when 
excessive deterioration would occur during wet stor- 
age prior to use. Great ingenuity has been shown in 
designing complete battery packages in which an 
aqueous electrolyte is stored in a separate cham- 
ber. The package contains a mechanism, which may 
he operated from a remote location, which drives 
the electrolyte out of the reservoir and into all the 
cells of the battery. In general, these packaged bat- 


teries have been used only in military applications. 

Gas-activated batteries. It is also practicable to 
activate a battery with a gas. The gas combines 
with a dry salt in the battery to form a liquid 
having good conductivity. Boron trifluoride gas will 
react with dry, hydrated barium hydroxide to form 
a highly acid solution containing barium salts 
borates, and fluoborates. Ammonia gas reacts with 
ammonium salts to form a solution having good 
conductivity. These gas-activated batteries are re- 
ported to operate well over a wide temperature 
range. 

Thermal batteries. Some compounds, such as 
sodium chloride and potassium hydroxide, show 
very low conductivity in the solid state at room 
temperature but very good conductivity in the mol- 
ten state. For example, a mixture of sodium hy- 
droxide and potassium hydroxide becomes an excel- 
lent ionic conductor tWien heated above 170°C. By 
combining a zinc anode and a silver oxide cathode 
with solid pads of the eutectic mixture, all the ele- 
ments of a cell are present. The electrolyte has an 
appreciable amount of entrained moisture, which 
plays a role in the discharge, hut the cell will also 
work with carefully dried materials. Such cells are 
capable of high power output for a few minutes, 
when heated to 200°C or higher. At 1 amp /in.-’ of 
positive plate, the cell voltage is 1.16 at 200'C, 
1.23 at 250° C, 1.30 at 300°C. 

Thermal batteries are capable of operation at 
very low ambient temperatures, provided that a 
suitable heat source is available to melt fhe electro- 
lyte. For ordinary temperatures, they are not ad- 
vantageous as compared with reserve* aqueous-elec- 
trolyte types. 

A magnesium and manganese dioxide cell with 
sodium hydroxide electrolyte can operate for longer 
discharge times than the zinc-silver oxide cell men- 
tioned previously because of the greater stability 
of the reactants at high temperatures. 

Thermal batteries are essentially of low energy 
efficiency, because the heat absorbed in melting the 
electrolyte is not available in the electrical output. 
Consequently, their use is restricted to small cell 
sizes. I s.ki.] 

Bibliography : W. J. Hamer and J. P. Schrodt. 
Investigations of galvanic cells with solid and 
molten electrolytes, J. Am, Chem. Sor„ 71:2347. 
1949; J. P. Mullen and P. L. Howard, Character 



Fig. 3. Schematic of thermal cell. 
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l^tics of the silver chloride-magnesium water acti- 
vated battery, Trans . Electrochem. Soc 90:529, 
1946; J. P. Schrodt, W. J. Otting, J. 0. Schoegler, 
and D. N. Craig, A lead dioxide cell containing 
various electrolytes, Trans. Electrochem. Soc., 90: 
t()5. 1946; G. W. Vinal, Primary Batteries , 1950; 

\ >. Army Signal Laboratories, Proceedings Elev- 
enth Annual Battery Research and Development 
Conference , 1957: J. C. White, R. T. Pierce, and 
y p Dirkse, Characteristics of the silver oxide- 
/inc-alkali primary cell. Trans. Electrochem . Soc. y 
90 * 467 , 1946. 

Reservoir 

\ pond or lake built for the storage of water, usu- 
a ]|v bv the construction of a dam across a river. 
Ve D*m; Watkr stiffly engineering. The size of 
reservoir needed is a function of the water de- 
mands, the natural flows of the river impounded, 
mid the extent of droughts to be encountered. In 
aird* of moderate rainfall, storage mav be required 
during onlv a few days or weeks in a year. In arid 
and semiarid areas,, storage capacity may be 
needed to supplement low stream flows over peri- 
ods of many months or even years. In some in- 
q.uues wate? can be diveited hv giavity flow or by 
pumping from one river to a reservoir on another 
x| i fc .1 in Water supplies may be taken direellv from 
the lescrvoirs, or water may be released from the 
Memoirs to augment river flows past a water sup- 
ply intake downstream. [r.H.] 

Resilience 

I he ability of a mechanical part to bend under 
-l i ess and to return to its original position when 
the force ceases. The resilience of the part is the 
<mergv that it < an deliver in returning to its original 
motion aftei an elastic deflection. A spring is 
risjlient. For comparison of materials, a modulus 
»1 resilience is defined as the maximum energy 
m inch pounds stored in a cubic inch of a material 
"hen stressed to its elastic limit. This modulus 
equals the area under the stress-strain curve up to 
the elastic limit. See Spring (mfchanical) ; 

S IHFSS \ND STRAIN. Pw.J.KR.] 

Resin 

hi organic polymer. Resin, together with filler, 
plastir i/er, and other materials, makes up a plas- 
tn. Resins are formed either hv addition ^(vinyl 
in which an olefinic compound opens up u 
double bond to allow chain formation with other 
molecules, or by condensation, in which adjacent 
tnolp* ules join by splitting off water or other small 
molecules to form a chain of linked units. Addition 
fmivmers such as polyethylene and polyacrylates 
dre thermoplastic, and can be shaped by heating! 
Couden sa tj on polymers derived from phenols and 
aldehydes (phenolic), from polyhydric alcohols 
a, ‘d dicarboxylic acids (alkyds, polyesters), or 
| r °m amino compounds and aldehydes tend to be 
thermosetting when heated. See Naval stores; 
‘Ustics fabrication; Polymer. [a.l.h.] 


Resistance, electrical 

A measure of the difficulty with which electric 
current flows through a medium. It is defined as the 
ratio of the potential drop V across a circuit ele- 
ment to the current / flowing in the element. Thus 
R = V/l. If V is in volts and / is in amperes, R is 
in ohms. The resistance of a given piece of wire 
depends not only upon the material from which it 
is made, hut also upon its length and diameter and 
upon the frequency of the current. At high fre- 
quencies the current flows in a thin layer near the 
surface of the wire. Thus, for a given wire, the ac 
resistance is higher than the dr resistance, and in- 
creases with increasing frequency. See Eddy cur- 
rent; Skin effect. 

A more fundamental concept, whic h is independ- 
ent of geometry, is that of resistivity. This depends 
only upon the material, the ambient temperature, 
and the pressure. Resistivity is defined as the resist- 
ance measured between opposite faces of a unit 
cube of material. See Resistivity, electrical; see 
also Current, electric ; Ohm’s law. [j.w.st.] 

Resistance heating 

The generation of heat by electric conductors carry- 
ing current. The degree of heating for a given cur- 
rent is proportional to the electrical resistance of 
the conductor. If the resistance is high, a large 
amount of heat is generated, and the material is 
used as a resistor, rather than as a conductor. See 
Rl SIS r AN l F , F.l EC IRICAL. 

Direct heating. When heating rtietal strip or 
wire continuously, the supporting rolls can he used 
as electrodes and the strip or wire can be used as 
the resistor. 

In Fig. 1, the electric current passes from the 
loll A through the strip or wire to the roll B. Heat- 
ing by this method can he very rapid. Disadvan- 
tages are that the electric currents are large, and 
uniform contact between the strip and the rolls is 
difficult to maintain, since both surfaces must be 
clean and free of oxides. For these reasons, direct 
heating is not used extensively. 

Ovens and furnaces. If the resistor is located in 
a thermally insulated chamber, most of the heat 
generated is conserved and can be applied to a wide 
variety of heating processes. Such insulated cham- 


Fig. 1. Schematic illustration of direct heating of a 
metal strip or wire. 


insulated Chamber 




wire or strip 
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bers are called ovens or furnaces, depending on the stand high temperatures without deterioration or 
temperature range and use. sagging. Other desirable characteristics are low 

The term oven is generally applied to units which resistance change from low to high temperature 

operate up to approximately 800° F. Ovens use rock formability, low cost, and availability of materials 

wool or glass wool between the inner and outer Materials which meet some or all of these require 

«*teel casings for thermal insulation. Typical uses ments are listed in the table. 

are for baking or roasting of foods, drying of paints Molten salts. The electrical resistance of molten 
and organic enamels, baking of foundry cores, and salts between immersed electrodes can be used to 
low-temperature treatments of metals. generate heat. Limiting temperatures are depend- 

The term furnace generally applies to units for ent on decomposition or evaporization tempeiaturrs 

operation above 1000°F. In these, the thermal in- of the salt. Parts to be heated are immersed in the 

sulation is made up of an inner wall of fireclay, salt. Heating is rapid and, since there is no exposure 

Kaolin, or high-alumina or zirconia brick, depend- to air, oxidation is largely prevented. Disacivan- 

ing on the temperature, with secondary insulating tages are the personnel hazards and discomfort of 

blocks made from such base materials as rock wool, working close to moltefi salts, 

asbestos fiber, and diatomaceous earth. Typical Heat transfer In ovens and furnaces. Heating 
uses of furnaces are for heat treatment of metals, elements mounted in ovens and furnaces may he 

melting of metals, vitrification and glazing of ce- located to radiate directly to the parts being heated 

ramie wares, annealing of glass, and roasting and or may be located behind baffles or walls so that 

calcining of ores. .Sec Heating, electric. direct radiation cannot take place. The heat then 

Actually ovens and furnaces overlap in tempera- is transferred by circulating the furnace air or gas 

ture range, with ovens being used at temperatures Determination of which method or combination o! 

as high as 1000°F: and furnaces as low as 250°F. methods to use is based on temperature umfonmtv 

Electrically heated ovens and furnaces have advan- speed of heating, and high-temperatuie strength 

tages over fuel fired units. These advantages often limitations of fans 01 blowers. At temperature 

compensate for the generally higher cost of electiic below 1200°F radiation is slow, and viituallv all 

energy. The main advantages are (1) ease of dis- ovens and furnaces in this temperatun^ range usf 

tributing resistors, or heating elements, to obtain a forced convection or circulation. From 1200°F to 

uniform temperature in the product firing heated; 1500°F radiation is irureasinglv effective, while 

(2) ease of operation, since adjustments by opera- reduced gas densitv and lower fan or blower speech 

tors are usually unnecessary; (3) cleanliness; (becauyf* of reduced stiength at high tempera 

(4) comfort, since heat losses are low and there tures), makes forced convection less effective 

are no waste fuel pioduets; (5) adaptability to the Therefore, in this temperature lange. combinations 

use of controlled furnace atmospheres or vacuum; of radiation and forced convection are used Ahou 

and (6) high temperatures beyond the range at- 1500°F forced convection is employed only when 

tainoble with commercial fuels. direct radiation cannot reach all parts of the loaib 

Resistor materials. In addition to having fiigh being heated. An example of this is a container 

resistivity, heating elements must be able to with- filled with bolts, or a rack filled with gears. 

Electric furnace resistor materials and temperature ranges 


Maximum temperature, °F 


Material 

In air 

In nonoxidizing 
atmospheres 

Characteristics 

34% Nickel, 18% chro- 
mium, 1-8% iron 

1800° 

2100° 

Forms protective 1 coating of chrome 
oxide 

60% Nickel. ir»% chro- 
mium, 25% iron 

1800° 

2100° 

Forms protective coating of chrome 
oxide 

80% Nickel, 20% chro- 
mium 

2100° 

2150° 

Forms protective coating of chrome 
oxide 

25% Chromium, 0% alu- 
minum, 69% iron 

2350° 

Not used 

Forms protective coating of alumi- 
num and chrome oxides 

50% Nickel, 50% iron 

Not used 

2250° 

Usable only in nonoxidizing atmos- 
pheres 

Silicon carbide 

2800° 

2500° 

Oxidizes in service to silicon dioxide 
with increasing resistance 

Platinum 

2900° 

2900° 

High cost limits use 

Molybdenum 

Not used 

Approx. 3400° 

Usable only in hydrogen, helium, ar- 
gon, or in vacuum, at max. temp. 

T ungsten 

Not used 

Approx. 3700° 

Usable only in hydrogen, helium, ar- 
gon, or in vacuum, at max. ternp.^ 

Car lion 

Not used 

Approx. 5000° 

Usable only in helium, argon, or in 
vacuum 


supply duct recirculating duct 



Fig 2. Typical oven for maximum temperature of 
800 F Heating is by forced convection. (Car/ Mayer 
Co rp ) 



F 'g 3. Low-temperature pit-type furnace for temper- 
ing steel using forced convection. {Lindberg Industrial 
Corp.) 

Obviously, in vacuum furnaces, heat transfer can 
he only by radiation. 

Oiens. Figure 2 shows a typical oven, for a maxi- 
mum temperature of 800° F; the heating is* by 
foned convection. The heated air enters through 
die supply duct, passing downward into the plenum 
( lumber and distributing louvers into and across 
die load chamber, returning through the right-side 
plenum to the recirculating duct. The external 
heater and blower, which complete the circuit, are 
1101 s hown in the illustration. 

f'OW'temperature furnace . Figure 3 shows a pit- 
l ype furnace used for tempering steel. It operates 
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at temperatures of 25(M400°F and uses forced 
convection. 

The steel parts to he tempered are placed in the 
load chamber at the right. The electrical heating 
elements are in the heating chamber at the upper 
left. The fan, at the lower left, circulates air up- 
ward over the heating elements and into the load 
chamber. The hot air is forced down through the 
load and hack to the fan. The heating chamber is 
thermally insulated from the load chamber so there 
is no direct radiation. Such furnaces are designed 
commercially to hold the load temperature within 
10° of the control temperature, and can be designed 
for i loser control if desired. 

Htgh-tcmperaturr fur rune. Figure 4 shows the 
inteiioi of a pit-tv pe carburizing furnace, which 
uses ladiant-heating elements in the form of cor- 
rugated metal bands mounted on the inside of the 
brick walls. The work basket (not shown) rests on 
the load support at the bottom. These elements are 
designed to operate at low voltage (approximately 
30 volts) so that soot deposits from the carburizing 
gases will not cause shoit (iriuits. See Fuknack 
i ONSIKtK I ION. 

Electrical input. Elect? ic ovens and furnaces are 
rated in kilowatts (kw). The electrical input is 
determined from the energy absorption Q of the 
load and the thermal losses. 

The average rate of energy flow into load during 
the heating period is where Q is in kilowatt- 
hours and / is the heating time in hours. 

However, the rate of energy flow into the load is 
high when the load is cold and decreases as the load 
temperature approaches furnace temperature. 
Therefore, the energy input rniM he high enough to 



Fig. 4. Interior of high-temperature pit-type carburiz- 
ing furnace using radiant heating. ( Lindberg Industrial 
Co rp.) 
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Fig. 5. Temperature control using saturable reactor. 

take care of the high initial heating rate. This leads 
to the following approximate formulas for the in- 
put, in which L is the thermal losses in kilowatts 
(kw) at the operating temperature: 

For batch furnaces, input in kw = L -f 1.5 Q/t 

In continuous furnaces, input in kw = 

L + 1.25 Q/t 

Operating voltage for heating elements. Heating 
elements are usually designed to operate at stand- 
ard service voltages of 115, 250, or 460 volts, if two 
conditions can be satisfied. These are, first, that the 
heating element is sufficiently heavy in cross sec- 
tion to avoid sagging or deformation in service, and 
second, that there is no appreciable electrical leak- 
age through the furnace refractories tending to 
short-circuit the heating elements. The latter con- 
sideration generally limits voltages to 260 volts at 
2100°F, and to approximately 50 volts at 5100° F, 
because the refractory walls of the furnace become 
increasingly better conductors at higher tempera- 
tures. 

In vacuum furnaces, voltages are limited to 230 
volts by the tendency to break down into glow dis- 
charge at low pressure. 

Temperature control. Almost all commercial 
electric ovens and furnaces have automatic tem- 
perature control. The simplest control uses mag- 
netic contactors, which open and close the circuit 
to the heating elements in response to temperature 
signals from control thermostats or thermoelectric 
pyrometers. A refinement of this ON-and-OFF 
control is to modulate it with a timer, with the ON 
period becoming a progressively smaller percent- 
age as the control temperature is approached. This 
prevents the overshooting which results from ther- 
mal lag in the control thermocouple and the fur- 
nace. 

True proportioning control is achieved through 
the use of saturable reactors in series with the heat- 
ing elements. Figure 5 shows schematically the ar- 
rangement used. 

The pyrometer, through the amplifier, controls 
the direct current to the control winding of the 
reactor. When the direct current i9 maximum, the 
reactor offers virtually no impedance to the alter- 


nating current flowing through the heating element 
and the normal amount of heat is generated. As 
control temperature is approached, the direct cur- 
rent is decreased, increasing the impedance of the 
reactor and reducing the current to the heating 
elements until equilibrium is reached. See Pyrom- 
eter; Saturable reactor; Temperature control, 

AUTOMATIC. [ w . Ri | 

Bibliography. W. H. McAdams, Heat Transmis- 
sion , 3d ed., 1954; M. H. Mawhinney, Practical In- 
dustrial Furnace Design , 1928; W. Trinks, Indus- 
trial Furnaces , vol. 1, 4th ed., 1951, and vol. 2 3d 
ed., 1955. 

Resistance measurement 

The quantitative determination of that property of 
an electrical conductor called electrical resistance. 
The practical unit of measurement is called the 
ohm. Various engineering applications require that 
resistance be measured over the range of 0.1 mi- 
crohm (10 7 ohm) to 10,000 megamegohms (10 u 
ohms). See Ohm’s law; Resistance, electrical; 
Resistivity, electrical. 

Resistance may he measured using either direct 
or alternating current (dc or ac). If dc is used, the 
true resistance of the conductor is measured. When 
the measurement is made with ac, the result is usu- 
ally called the effective resistance. Physical factois 
which must he considered when measuring resist- 
ance include (1) the ambient temperature and self- 
healing of the conductor. (2) the connecting lead 
and contact resistance when measuring low-resist- 
ance conductors, (3) parallel leakage paths around 
a high-resistance conductor, (4) current distribu- 
tion within the conductor, (5) thermally, electro- 
lytically, and other spuriously generated voltages 
within the resistance being measured or in the 
measuring circuit, and (6) the capacitance and 
inductance associated with the conductor. 

Practically all methods for measuring resistance 
are based on Ohm’s law, and countless variation- 
of electrical networks have been devised for specific 
resistance measurement requirements. Ohm’s law. 
first proven experimentally in 1826, states that, for 
dc circuits, the difference of potential K existing 
between two terminals of a conductor is directlv 
proportional to the current / flowing in the con- 
ductor, or E = RI. The constant of proportionality 
R is called the resistance of the conductor ( * et ‘ 
Fig. 1 ) . This relationship is valid for most dc cir- 
cuits, although certain exceptions are found as in 
gaseous conduction, thermionic conduction, and 
semiconductors, which exhibit nonohmic character- 
istics. Conductors of this type must be measured 
under completely specified physical conditions per* 



E • Rl 

Fig. 1. Ohm's law. 
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measuring equipment 

Fig. 2. (a) Contact resistance R ( and lead resistance 

/?, included in measurement of unknown resistance. 
ib) R ( and R tj effectively eliminated. 


tinent to the phenomena, such as gas pressure, 
^mission temperature, applied voltage, and pnlar- 
llv. For a discussion of resistance in a do circuit, 
sir DlHM l'-( IKHLNT ( IRf HIT THEORY. 

Ohm's law is also valid for ac circuits if vector 
quantities are used for all parameters, that is E = 

7, 1 where Z is the complex impedance R , + jX t% R t 
is the effective resistance, and X , is the effective 
icactance. Sre Ai.tlrn ating-current circuit 

THFORY. 

Measurement of low resistance. The measure- 
ment of low resistance values (10 -< ‘ 10 ohms) or 
the accurate measurement of intermediate resist- 
ance values (1-10 4 ohms) requires special tech- 
niques to eliminate the resistance of the test leads 
and their associated contact resistance from the 
nienswiement. For example, if the 0. 1-ohm resistor 
<>f Fig. 2a is measured with an ohmmeter and two 
lost leads of #18 copper wire each 5 ft long, an 
i j rror of about 65% would result. Since the test 
loads and their contact connection resistances are 
m series with the resistor to be measured, their 
^stance is also included in the measurement. 

The technique usually employed to eliminate this 
effort is to provide the unknown resistance with 
four leads as in Fig. 2b. Two of these are current 
connections, which supply current to thfe resist- 
ance; the other two are potential connections phys- 
■rallv located between the current connections. Spe- 
(1 al measuring circuits requiring little or no cur- 
rpnt in the potential circuit are used. These tech- 
niques allow measurement of only that resistance 
between the potential contacts. See Kelvin bridge. 

Measurement of high resistance. The measure* 
mf, nt of high resistances (10 r> to 10 lfi ohms) re- 
’Pures consideration of spurious leakage paths, 
w hirh may exist in parallel with the resistance 
terminals as shown in Fig. 3a. Electrical leakage is 
dually the result of inadequate, moist ure-sensi- 
l,vp ’ dirty, or deteriorated insulation between the 
terminals. Errors of several thousand per cent may 
rp sult unless suitable precautions ate taken. Under 


extreme conditions, such erratic reading* may be 
obtained that a measurement is impossible. 

The effect of leakage can usually be eliminated 
by suitably guarding one terminal or portion of the 
resistance to he measured. Physically a guard con- 
sists of a low-resistance conductor, electrically 
insulated from ihe guarded terminal and located 
to intercept the leakage current as shown in Fig. 
3b. Measuring circuits designed to take advantage 
of this technique maintain the guard and the 
guarded terminals at equal or nearly equal poten- 
tial to prevent or minimize current flow hetween 
the guard and guarded electrodes. The guard cir- 
cuit of the measuring device is also designed to 
conduct the leakage current around the main meas- 
uring circuit so that it has little or no effect on the 
measurement. See Insulation resist \nck testing. 

Measurement of an inductive resistance. For 

dc measurements of inductive resistance, the time 
constant of the circuit should be considered (see 
Time constant). The time constant t in seconds is 
equal to the inductance in henries divided by the 
resistance in ohms. Inductive resistance is found 
in relay coils, transformers, chokes, and similar 
components. 


1000M 1000M 



measuring equipment 


Fig. 3. (a) Leakage resistance R\ included in measure- 
ment. (b) Ri eliminated by guard. 
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Fig. 4. Simple equivalent circuit of a conductor. 


Upon closing the test potential circuit, the cur- 
rent through this type of resistance requires ap- 
proximately 6 1 to reach 99% of its steady-state 
value. During this time transient conditions exist, 
and the sensitive detectors of some circuits may be 
damaged if the detector is connected into the circuit 
prior to 5 1 or 6 1 . Upon opening the supply circuit, 
the high voltage generated by the collapsing mag- 
netic field of the inductance can cause serious dam- 
age to components by voltage breakdown or high 
surge currents. 

AC resistance. The ac or effective resistance of 
a conductor differs from the dr value by an amount 
that is a complex function of (1) the self-induct- 
ance and capacitance of the conductor. (2) the 
effective mutual inductance and capacitance of 
nearbv conductors and shields, and (3) skin effect. 
These factors are dependent upon the test fre- 
quency and waveform. It is therefore essential that 
ac resistance measurements be made under care- 
fully and completely specified mounting, connec- 
tion, and operating conditions. See Skin effkc r. 

The simplest equivalent circuit of a conductor is 
shown in Fig. 4 where R is the true resistance, Lr 
is the true inductance, and Cr is the self-capaci- 
tance of the conductor. The impedance Z of this 
circuit at a radian frequency <»> is 

= R+ ja>\L( 1 - a ML) - CR 2 ] 

(L - u 2 CL) 2 ft u f C*/P 

If both L and C are small, as in a tesistor. the ap- 
proximate effective resistance R , (neglecting skin 
effect) is 

R ( - R[l 4- o> 2 C(2L - CR 2 )] 

If L is large and C is small, as in an inductance coil, 

/?, - R[ 1 4 2 o) 2 CL] 

If C is large and L is small, as in a capacitor, 

R e ■= K[l - u 2 C 2 R 2 ] 

Complication of this simple analysis with the 
actual physical conditions of mutual capacitance, 
conductance, and inductance to the earth or to a 
shield requires a complex solution. 

Resistance measurement methods. The meth- 
ods of measuring resistance may be classified as 
either deflection methods or comparison methods. 
As implied bv the names, deflection methods utilize 
the deflection of ammeters or voltmeters, which 
may be calibrated in terms of resistance under spe- 
cific operating conditions. While comparison meth- 
ods are based upon the use of a calibrated resistor, 
which can be compared to an unknown resistor. 
The fundamental deflection method is known as the 


voltmeter-ammeter method. Basic comparison meth- 
ods are by potential drop, the Wheatstone bridge 
and the Kelvin bridge. 

Voltmeter-ammeter method. This method of 
measuring resistance is illustrated in Fig. 5. Simul- 
taneous readings of the voltmeter and ammeter are 
taken, and the unknown resistance R x is calculated 
from Ohm’s law: 

R , = V/A 

For the voltmeter connection shown in Fig. 
the true resistance R , is slightly larger than the 
calculated value, because the ammetei measures 
the sum of the currieyits in R t and the voltmetei. 
For the connection of Fig. R r will be slightb 
smaller than that calculated, since the voltmeter 
reading is larger. For the most accurate measure 
inents, a correction must be applied as required hv 
the connection. Circuit Sn causes the least error 
when R t is low; circuit 5 h causes the least error 
when R r is high. 

While the voltmeter-ammeter method verves to 
illustrate a basic principle, the need for simul 
taneously reading two meters and then <. ah uJatnig 
the resistance makes the method inconvenient to 
use. except where resistance must be measured 
while a circuit is maintained in operation. \ pra<ti 
cal and widely used simplification has'*d on tin- 
method is used in the ohmmeter. See Ohm mi ii k 

Comparison by potential drop This method, ac 
complirfhed with the circuit of Fig. 6. is a logical 
development from the voltmeter-ammeter method 
Only one meter is used for the measurement Tin 
unknown resistance R, is connected in series with 
a standard resistance which nra\ be either fp*d 



Fig. 5. Voltmeter-ammeter method for measurinq re- 
sistance. (a) Leas* error when R r is low. (b) Least error 
when R r is high. 



Fig. 6. Resistance comparison by potential drop. 
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or adjustable. Since the same current flows in both 
resistors, by Ohm’s law 

l=VJR a =V x /R x 

or R* « RsV x / V . 

If the standard resistance is fixed, R 7 may be 
determined from the ratio of the potential differ- 
ent e readings multiplied by the value of /?*. If the 
^standard is adjustable, it mav be set to that value 
for which Vj /V H equals unity; R 1 then equals /?, 
and mav be read directly from the R» setting. The 
potential difference may be read with either a 
voltmeter or a potentiometer Several readings 
should be made to insure that the current did not 
diange between successive voltage measurements 
This method is seldom used common ially, but it is 
iapable of high accuracy for comparing like-value 
resistors u-ing a potentiometer for the potential 
difference measuiernent. For other comparison 
methods, see Kklvin bridgi- ; WmATMONF bridgk 
Resistance standards. High-quality standaid le- 

>]t*lo( s aie used m comparison methods of resmt- 
iiK c measurement. The unknown resistanc e is 
mcasincd hv comparing it to the accuratelv known 
\alne of the standard resistor. These standards are 
specially < onstruc ted and treated to achieve (1) 
constancy over long periods of time. (2) a low 
temperature coefficient. (Da low infernal thermal 
voltage, and (4) stability under varying humidity 
conditions When intended for use in ac circuits, an 
iddihonu! Tcquirement is to reduce the self -induct- 
iii( e the distnbuted capacitance, and the skin ef- 
fnt of the resistor to the lowest practical values so 
that the standard will have a minimum frequency 
inefficient Sec Kl F < I RK AL STANDARD. 

lie ( ause of theii high degree of permanence, re- 
sjsiame standaids are used as the basis for com- 
patison to determine the limits of eiroi, the preci- 
sion, and the stability of othei types of resistive 
components. Since the procedures of precision 
calibration are time consuming and more exacting 
than required for the usual engineering determina- 
tion resistance standards are often kept and used 
m the standardizing laboratory to calibrate work- 
ing instruments, such as bridges, meters, and less 
accurate working standards. ^ 


Primary resistance standards. These are usually 
supplied as four-terminal, wire-wound or folded- 
strip, manganin resistors in deeade values of re- 
sistance covering the range of about 10~ 4 to 10 4 
ohms. They are designed for maximum stability as 
their most important quality, and little attention 
is given to the ac characteristics of these units. 
They are usually adjusted to within ±0.01% of 
their nominal value, and a certificate furnished 
with each unit shows its deviation from nominal in 
parts per million at the time of measurement un- 
der specified conditions of measurement, such as 
ambient temperature and power dissipation. After 
several annual or semiannual certifications have 
been obtained from either the manufacturer or the 
National Bureau of Standards, an invaluable record 
of the average drift and random instability will 
have been accumulated to serve as a guide for 
estimating the dependable accurac y of the standard 
with a high degree of certainty 

The highest quality resistance stjfndards ever 
produced are hermetic ally sealed, wire-wound, 
1-ohm resistors designed by J L. Thomas of the Na- 
tional Bureau of Standards (see Fig. la). A group 
of these standards is used to maintain the reference 
ohm at the Bureau of Standards, and some of these 
units have changed less than 1 part per million in 
several years 

Secondary resistance standards. By virtue of 
more difficult construction problems or less accu- 
rate comparison methods, secondary standards can- 
not he guaranteed to as high a degree of accuracy 
and stability as pi unary standards. Thcv mav be 
broadly c lassificd as those having values below 
10 1 ohm and those above 10 4 ohms, although the 
intermediate values mav also be constructed with 
less care than required foi primary standards and 
so be classed as secondary standards. 

The low-resistanc e secondary standards are al- 
ways of the four-terminal tvpe and are usually made 
with multiple straight strips of manganin brazed 
into bus-bar type current connectors (Fig. 8). This 
construction is necessary to obtain low resistance 
values and at the same time provide sufficient cool- 
ing surface to dissipate the internally generated 
heat. 



f, 9 7. Primary resistance standards, (a) 1.0-ohm anstalt type, (d) O.GOVohm Reichsanstalt type. (Leeds 
Thomas type, (b) 1.0-ohm Rosa type, (c) 0.1-ohm Reichs- and Northrop Co.) 
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Fig 8. Secondary resistance standard 0 0004 ohm 
( Leeds and Northrup Co ) 

Secondary standards for the higher resistance 
range (10 4 to 10 ohms) are of the wire wound 
or woven type. Because of the fine wire required to 
construct these iesistor&, they should he hermeti- 
cally sealed for maximum long-term stability In 
addition, the winding supports and the external 
cases should be treated with a nonwettable ma- 
terial to reduce surface leakage effects under con- 
ditions of high humidity 

For secondaiy lesistance standards above 10" 
ohms, the carbon film, boro-carbon film or metallic - 
film units aie the best available despite their short- 
comings of high temperature coefficients voltage 
sensitivity, and relative instability 1 hese units must 
also be hermetically sealed m glass nr ceramic 


tubes whose surfaces have been treated. Great care 
must be used in handling and storing these units 
since the surface of the case must not become 
contaminated with fingerpiints, condensed oil, or 
chemical vapors if they are to retain their maxi 
mum stability. 

Resistance deiade This assembly of resistors has 
a suitable circuit switching device to insert or re 
move one or more resistors of ihe circuit and 
change the total circuit resistance in unit or 
decade amounts. Although for many applications 
a resistance decade is used as an adjustable resist- 
ance standaid, it is fundamentally a standard of 
resistanc e change A R 

Figuie 9 illustrates various switching methods 
and resistor configurations which have been de 
veloped Regardless of configuration, all resistance 
dec ades have a residual and finite “zero” icsistancc 
that includes the internal wiring and switch con 
ta< t resistance 1 hey also have an instability due to 
the va nation in contact resistance For these ica 
-ons, the limits of error are usually stated in two 
fac tens The first is a function of the error in tin 
resistois themselves, the second is a function of 
the residual factors For low tesistancc value's the 
lesidual teim mav determine the erroi while loi 



Fig 9 (a-e) Resistance decade circuits 











high resistance values it usually can be neglected. 

Applications. There are two major classifications 
0 f the applications of resistance measurement: 
those in which resistance is measured because the 
resistance value must be known, and those in which 
the measured resistance is associated with another 
physical quantity of interest. The first group would 
include such measurements as component checking 
during resistor manufacturing, evaluation of ma- 
terial properties (such as resistivity) for design 
data, or the testing of equipment for analytical 
purposes (such as generator winding resistance). 
Examples falling in the second area are tempera- 
ture measurement with resistance thermometers, 
insulation resistance for equipment condition 
dieck. fault location in cables, strain gages, circuit 
continuity checks, and many others. See Circuit 
hating, f.lm.tkical; Resistor; Strain gage; 
Thermometer. [c.e.a.] 

Bibliography : B. Hague. Alternating Current 
Bridge Methods , 4th ed.. 1938; F. K. Harris. Elec 
triad Measurements , 1952; F. A. Laws, Electrical 
Measurements , 1938; J. 1,. Thomas, Natl. Bur. 
Standards. J. Research , 5:295-304. 1930; 36:107- 
110. 1946; L. F. Woodruff, Principles of Electric 
Bauer Transmission , 2d ed., 1938. 

Resistance welding 

\ general term for a group of methods for joining 
motaL together electrically. A low voltage forces a 
high-density current for a relatively short time 
through an area covered hy the welding electrodes. 
\ mechanical force must he applied to the elec- 
trodes before, during, and after the time the cur- 
rent flows in order to produce the proper condi- 
tions for heating and forging the metals together. 
The following methods are classified under re- 
liance welding: (1) spot welding, (2) seam 
molding. (3) projection welding. (4) flash welding, 
i:Vi upset welding, and (6) percussion welding 
i Fig. 1 ) . 

Most metals and their alloys can be joined to- 
other. but hard metals, such as iron, steel, stainless 
't'-el. and other ferrous metals, require higher weld- 
ln K pressures and lower current densities than the 
'"ft metals, such as copper, silver, and alunjfcum. 
Vr Welding and cutting of metals. 

e, ectrodes or electrodes or projection 



l9, L Three typical resistance-welding methods. 
Spot weld, (b) Seam weld, (c) Projection weld. (From 
Phillips, ed.. Welding Handbook, 4th ed., Ameri- 
COn W elding Society, 1957 ) 
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Power is usually obtained from the public utili- 
ties at the standard frequency of 60 cycles per 
second (eps), although one method converts 3- 
phase, 60-cps voltage into single-phase, 3-25-cps 
voltage for special welding transformers. Welding 
current may also be supplied by a direct-current or 
stored-energy source. 

Alternating current is used in about 90% of the 
installations. A current of several hundred amperes 
is used for thin metals: more than 100,000 amp 
may he used for thick metals, depending on the 
metals, welding time, and forces employed. 

Open-circuit voltages of the secondaries of weld- 
ing transformers have a limited range, such as 4-8 
volts, but the over-all range for the various types of 
welding machines is 1-30 volts. These low voltages 
are obtained from a step-down transformer, which 
usually has a cast-copper, water-cooled, single- 
turn secondary. 

Direct current, when used, is obtained from vari- 
ous low-voltage sources, smh as rectifiers, homopo- 
lat generators, or storage batteries. 

Energy may he stored during a relatively long 
period and released suddenly from capacitors, 
magnetic fields, storage batteries, or heavy fly- 
wheels on homopolar generators. These types of 
power supply eliminate large transient loads on 
small power lines. 

Principles of operation. The welding current 
flows from the transformer through a flexible con- 
ductor, the horn and electrode of the welder, the 
workpieces, the other electrode and horn, and hack 
through a flexible conductor to the transformer. 
Open-circuit secondary voltage necessary to pro- 
duce the welding current is determined hy the 
impedance* of the secondary circuit. When this 
voltage is multiplied hy the welding current the 
demand kilovolt-amperes (kva) of the welding 
transformer is obtained. Because the welding cur- 
rent flows for a small part of the total time, the 
demand kva rating is greater than the thermal 
rating. 

Total heat H generated in the workpieces and 
^electrodes is expressed in watt-seconds 

H = 1*RT 

where / is the current in amperes. R is the sum of 
contact and workpiece resistances measured be- 
tween the electrodes, and T is the time in seconds. 

Mechanical Structure. Modern machines are de- 
signed with low-inertia electrode systems so that 
welding electrodes maintain the proper forces on 
the weld at all times. If the electrodes fail to fol- 
low through, the increased contact resistance may 
cause excessive heating, resulting in burning of 
the electrodes and explosions in the overheated 
weld metal. Clamping force of the electrode is ob- 
tained by manual, mechanical, hydraulic, and 
pneumatic means. Electrodes should approach 
rapidly but in a controlled manner so they are not 
hammered out of shape. 
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Fig. 2. Curves show difference in current and power 
waves when circuit is closed nonsynchronously and syn- 
chronously. (a) Closure of the circuit at the incorrect 
point with resultant decaying transient. The opening is 
also nonsynchronous. (b) Synchronous opening and 
closing of the circuit at the point of zero current cor- 
responding to minimum transient. (From A. L. Phillips, 
ed.. Welding Handbook, 4th ed., American Welding 
Society, 1957) 


Welding-time controls. The length of rime that 
the weld current flows can he controlled by manual, 
mechanical, pneumatic, or electronic systems. 
Electronic controls exceed all other types in their 
ability to control precisely the length of weld time. 
Times range from V> cycle of a 60-cps voltage to 
several seconds, depending on the thickness of the 
material. In stored-energy systems, such as capaci- 
tors or magnetic fields, weld time is determined by 
the time constant of the electrical system. 

Current controls. The heating value of alternat- 
ing current can be controlled electronically by 
synchronous phase-shift heat controls, so that the 
point of current application on a sine wave will al- 
ways be the same with tespect to the voltage wave 
during the weld and for successive welds (Fig. 2). 

Current can be divided info pulses instead of a 
continuous flow. This process is known as pulsation 
welding, when applied to spot or projection weld- 
ing. or as interrupted timing when applied to seam 
welding. Various levels of pulses can be used to 
preheat the metal, make the weld, temper the 
quenched material, and refine the grain in the weld. 

Electrodes must be water-cooled to prevent their 
sticking to the workpieces. The electrodes serve 
five purposes in the welding process: (1) they 
apply the necessary force to bring the workpieces 
into intimate contact at the interfaces and into 
proper alignment; (2) they produce the proper 
contact resistances between the electrodes and the 
workpieces which include the interfaces; (3) they 
conduct the welding current; (4) they prevent 
spitting, porosity, and internal ingot cracking by 
maintaining the proper force on the weld; and 
(5) they dissipate the heat developed in the work- 
pieces after the weld is made. 

The electrodes are made of copper alloys, which 
provide a combination of required electrical con- 


ductivity and mechanical strength. See Flash 

welding; Spot welding. [e.j.l] 

liibliography : A. L. Phillips (ed.), Wddini 

Handbook , 4th ed., 1957. * 

Resistivity, electrical 

The electrical resistivity of a substance is the re- 
sistance which 1 cm* of the substance offers to tt 
flow of current when the flow is perpendicular to a 
pair of opposite forces of the cube. The resistivity p, 
sometimes called specific resistance, is a property of 
the substance independent of its shape. It is related 
to the resistance of a particular specimen of that 
substance by the relation 

P = RA/l (1) 

Here R is the dc resistance, A the cross-sectional 
area normal to the current flow, and Z the length of 
the specimen measured along the direction of cur- 
rent flow. The unit of resistivity in the mks system 
is the ohm-meter. The resistivity is the reciprocal 
of the conductivity. See Electrical conducts in 
ot metals; Resistance, electrical. 

Variation with temperature. The resistivity of a 
particular substance is a function of temperature. 
For metals, except at very low temperature, p in- 
creases approximately linearly with absolute tem- 
perature. For some metals, p = pn at absolute zero, 
where p<> is called the residual resistivity. The 
quantity po is normally a small fraction of the ie- 
sistivity at room temperature. Other metals abrupth 
lose all of their resistance at a definite temperature 
(in all known cases below 20°K ) and become 
superconductors. See Superconductivity. 

The resistivity of semiconductors, such as silicon 
and germanium, increases with falling tempera- 
ture, and becomes exceedingly large as absolute 
zero is approached. At low temperatures, semi- 
conductors are essentially insulators. 

Finally, there are some alloys such as eonstantan 
and manganin whose resistivities are nearly inde- 
pendent of temperature over a wide range. To 
minimize temperature corrections, fixed resistor* 
and coils in resistance boxes are generally made of 
such alloys. 

Variation with pressure. Resistivity is also a 
function of pressure, and may either increase oi 
decrease at high pressure, depending upon the Mib- 
stance. In most cases the change is not appreciable 
until the pressure reaches hundreds of atmosphere* 
or more. This change with pressure arises for two 
reasons. First, under pressure the amplitude o 
vibration of the ions in the crystal diminishes, an 
consequently scattering of the conduction clet 
tions hy the lattice vibrations is reduced ( sce 
Lattice vibrations). Second, the number of con 
duction electrons per unit volume increases wj 
pressure. , 

The effect of pressure on the resistivity of P ° ' 
valent metals is difficult to predict because chang 
in the band structure (see Band theory of soma* 
may be large and may lead to anomalously ar 



Pressure coefficient of reeietivlty «,,( p ) of some metals 
at 1 atm 


Metal 

Temperature, °K 

ap(p) 

10~“ niVkR 

Lithium 

303 

-7.00 

Sodium 

303 

58.8 

Beryllium 

298 

1.77 

Magnesium 

298 

5.4 

Aluminum 

301 

4.29 

Calcium 

303 

—9.48 

Iron 

303 

2,42 

Cobalt 

297 

0.96 

Nickel 

298 

1.77 

Palladium 

299 

2.10 

Copper 

303 

1.92 

Silver 

303 

3.48 

( lold 

303 

3.02 


inr small) and occasionally negative values of the 
pressure coefficient of resistivity oy'(p), which is 
defined by the relation 


% ( 2 ) 

p OP 

where P is the pressure. Some measured values of 
a i>(p) are listed in the accompanying table. For 
additional information, .see Hich-pressukk physics. 

The resistivitv of many substances is also de- 
pendent upon the state of strain of the material, 
{{('producible measurements can only be made on 
. fUetiillv annealed samples. 

Typical values. The usual method for determin- 
ing resistivities is to measure the resistance of a 
wire of known length and cross section, often by 
means of a Wheatstone bridge or similar circuit. 
The resistivities in ohm-meters times 10 * of some 
' niiimon metals at 0°C are 


Silver 

1.50 

Aluminum 

2. SO 

Gold 

2.04 

Cesium 

19.0 

Copper 

1.55 

Potassium 

6.3 

Lithium 

8.S 

Magnesium 

3.94 

Sodium 

4.27 

Tungsten 

4.89 


Sources of resistivity. The resistivity of metals 
arisov from the scattering of conduction electrons 
^ either lattice vibrations or stationary imperfee- 
tl0l,s nr both. In the absence of all imperfections. 

is. in the ideal perfect crystalline lattice (which 
<an never be attained), the resistivity of a metal 
''<>u Id vanish. The phenomenon of superconductiy- 
ltv ' however, is not due to the absence of lattice im- 
Perfec’tions, but arises from very different causes. 

Hie observed increase of resistivity with tem- 
P p rature is fundamentally a consequence of the 
grease in the thermal excitation of the lattice. 

••h increasing thermal agitation the probability 
n | Mattering a conduction electron out of its path 
,s enhanced, and consequently the resistivity in- 
leases. 
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Conduction electrons may also be scattered by 
stationary imperfections. Such imperfections are 
present in all metals or alloys, no matter how care- 
fully they are prepared. It is convenient to divide 
these into three groups: point defects, cylindrical 
defects, and planar defects. Point defects are im- 
perfections which display approximate spherical 
symmetry in the lattice, for example, impurities, 
vacancies, and interstitials. Cylindrical defects 
are dislocations. Planar defects are stacking faults, 
grain boundaries, and the external surfaces of the 
specimen. The resistivity due lo stationary defects 
arises from elastic scattering of conduction elec- 
trons. See Crystal defects; Diffusion in solids. 

Residual resistivity. It can be shown that 

P = PL + P<) (3) 

provided lattice and impurity scattering are iso- 
tropic. This equation, known as Matthiessen’s rule, 
states that the resistivity of a metal is the sum of 
the resistivity of the ideally pure metal pi, and 
the resistivity due to imperfections po. The ideal 
resistivity vanishes as the temperature approaches 
absolute zero. It is for this reason that p<> is called 
the residual resistivity. The residual resistivity of a 
sample is a sensitive measure of its perfection. See 
Matthiessen’s rule. |f.j.b.; j.w.st.] 

Bibliography : S. Fluegge (ed. ), Handbuch der 
Physik , vols. 14 and 19, 1956; F. Seitz and D. Turn- 
hull (eds.). Solid State Physics , vol. 4, 1957; A. H. 
Wilson, The Theory oj Metals , 2d ed„ 1953. 

Resistor 

A component of an electric circuit that produces 
heat while offering opposition, or resistance, to the 
flow of electric current. All conductors exhibit 
resistance in varying degrees; however the term re- 
sistor is generally used only to describe a device 
specificallv used to introduce resistance into an 
electrie circuit. The unit of resistance measurement 
is the ohm. Resistors are described by stating their 
total resistance in ohms along with their safe 
power-dissipating ability in watts. A more detailed 
description would be specifying the residual induct- 
ance and stray shunt capacitance of the resistor. 

For a discussion of the property of resistance see 
Resistance, electrical; Resistivity, electrical. 

Classification by use. Resistors may be classi- 
fied according to the general field of engineering in 
which they are used. 

Power resistors. Such resistors range in size from 
about 5 watts to many kilowatts and may be cooled 
by air convection, air blast, or water. The smaller 
sizes, up to several hundred watts, are used in both 
the power and electronics fields of engineering. 

Instrument resistors . Direct-current ammeters 
employ resistors as meter shunts to bypass the ma- 
jor portion of the current around the low-current 
elements. These high-accuracy, four-terminal resis- 
tors are commonly designed to provide a voltage 
drop of 50 millivolts when a stated current passes 
through the resistor. 
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Resistor 


Voltmeters of both the direct-current and the al- 
ternating-current types employ scale-multiplying 
resistors designed for accuracy and stability. The 
arc-over voltage rating of these resistors is of im- 
portance in the case of high-voltage voltmeters. 

Resistors for electronic circuits . By far the 
greatest number of resistors manufactured are in- 
tended for use in the electronics field. The majority 
of these resistors are intended for use in fre- 
quency-selective circuits involving potentials up to 
several hundred volts but currents seldom over 
10-100 milliamperes. Their power-dissipating abil- 
ity is small, as is their physical size. 

Classification by construction. Resistors are 
also classified Denuding to their construction, 
which may be composition, film type, or wire- 
wound. Further classification mav be made accord- 
ing to whether the resistor has a fixed or adjustable 
resistance. Adjustable resistors may be further 
classified as adjustable-slide, rheostat, and poten- 
tiometer types. 

Composition resistor. This resistor is bv far the 
most wide!\ manufactured type because of its low 
eost, reliability, and small size. Basically it is a 
mixture of resistive materials, usually carbon, and 
a suitable binder molded into a cylinder. Copper 
wire leads aie attached to the ends of the cylinder 
and ihe entire resistor is molded into a plastic oi 
ceramic jacket. The over-all lenglh of the jacketed 
resistoi excluding the leads is !/ * l 1 { in. for resistors 
varying in power rating from \\ to 2 watts. After 
manufacture the resistors are automatically zoned 
according to their individual resistance values, 
which are indicated on the jacket of the resistor by 
means of a r olor code. 

Composition resistors aie commonly used in the 
range from seveial ohms to 10-20 megohms, and are 
available with tolerances of 20, 10 or 5 r * Higher 
values of resistance are available but are not nor- 
mally used in communication equipment or most 
electron^ instruments. For very high resistance 
values, above about 100 megohms, special jacketing 
is often required to prevent the leakage resistance 
over the surface of the jacket from altering the 
over-all resistance of the resistor 

All resistors possess a finite shunt capacitance 
across their terminals. This capacitance is a func- 
tion of the geometry and physical size of the re- 
sistor and is essentially independent of the value of 
the resistor. The result is that at higher frequen- 
cies each resistor is effectively paralleled by a ca- 
pacitive reactance which decreases in magnitude 
with increasing frequency. At approximately 100 
kilocycles the over-all impedance of a 1-megohm 
resistor begins to decrease with an increase of 
frequency. A 1000-ohm resistor will not display this 
effect until a frequency of about 100 megacycles is 
reached. 

The wattage rating of resistors is normally 
based upon the amount of thermal drift in resist- 
ance that can he tolerated. If greater thermal sta- 
bility is required the designer should use resistors 
with a higher power rating. CompOvsition resistors 


are easily damaged permanently by overheating 
Because of this, care must be exercised when sol 
dering a resistor into a circuit. 

Film-type resistor. This resistor is rapidly re 
placing the composition resistor in applications 
where greater stability of resistance with voltage 
temperature, and humidity is demanded. The J e . 
•dgn of the film resistor further lends itself to the 
controlled manufacture of precision resistors of 
any desired value. Basically this resistor consists of 
a conduc ting film of carbon, metal, or metal oxide 
deposited upon a ceramic cylinder. The value of 
the resistance is controlled by controlling the thi<k 
ness and length of the film. The length of the film 
is often controlled \ty cutting a spiral groove 
around the resistor, the groove passing through the 
film to the insulating cylinder. This spiral groove 
increases the effective length of the resistor and 
thereby determines its ohmic value. By aceuratelv 
controlling the pitch of the spiral the manutactiiTt-r 
can make a resistor of any value and maintain dose 
manufac tilling tolerances. 

The film resistor is often finished by mating il 
with an insulating varnish. Often a plastic sleeve 
is slipped over the resistor to provide mechanical 
protection. The spiral-cut resistor displays A 
small induc tive rffec t at the higher frequencies 

Wire-wound resistors Wiie si il] remains the 
most stable form of resistance material available 
therefore all high precision instruments relv upon 
wire- wound resistors. Wire-wound resistors an 
available in resistance ratings from a fraction of 
an ohm to several hundred thousand ohm* at 
powei ratings from less than one watt to several 
thousand watts, and at tolerances from 10 to 0 l r , 
Because mechanical manufacturing problems limit 
the smallest wire size that can he used, these rc 
sistors are usually limited to values below about 
100 kilohms. Both inductive and noninductive type*- 
of resistor are manufactured. 

The inductive design is the common construe 
tion and consists of a spiral winding of wire about 
a cylindiical ceramic form. After winding, the c*n 
tire resistor is covered with a vitreous material. The 
spiral winding introduces a considerable amount 
of inductance into the circuit, which mav become 
objectionable at the higher audio frequencies and 
all radio frequencies. 

The noninductive design includes several wind- 
ing methods. One of the simplest and most sail 5 
factory is to reduce the cross-sectional area of thp 
coil by winding the wire around a thin, flat card. 

Adjustable resistors. The deposited film and 
wire-wound resistors lend themselves to the design 
of adjustable resistors or rheostats and potenti- 
ometers. Adjustable-slider power resistors are con- 
structed in the same manner as any wire-wound re 
sistor on a cylindrical form except that when t 
vitreous outer coating is applied an uncovcre 
strip is provided. The resistance wire is expose 
along this strip and a suitable slider contact can 
be used to adjust the over-all resistance, or t 
slider can be used as the tap on a poteritiontf e 



See Potentiometer (variable resistor) ; Rheo- 
stat. 

Where continuous adjustment of the resistor is 
intended, a ring-shaped form is generally used. For 
power resistors the ring is wound with resistance 
wire. For compact Vj- and 1-watt resistors, the 
ring is coated on one surface with a resistance film. 
Each type possesses all the advantages and disad- 
vantages described above under fixed-value resis- 
tors of its type. In addition, adjustable resistors 
have the problem of maintaining a good, noise-free, 
electrical contact at the wiper, which is mounted 
on a shaft concentric with the ring. 

For discussion of nonlinear resistors, see Ther- 
mistor; Varistor. | r.l.h. | 

Bibliography: K. Henney, Radio Engineering 
Handbook , 1957; K. Henney and C. Walsh (eds.). 
Electronic Components Handbook , 1957; A. E. 
Knowlton (ed.). Standard Handbook for Electrical 
Engineers , 1957; C. L. Wellard, Resistance and Re- 
sistors s, 1960. 

Resolving power (optics) 

\ quantitative measure of the ability of an optical 
instrument to produce separate images. The 
images to be resolved may differ in position be- 
<ause they represent (1) different points on the 
object, as in telescopes and microscopes, or 
(2) images of the same object in light of two dif- 
ferent wavelengths, as in prism and grating spec- 
troscopes. For the former class of instruments, the 
resolving limit is usually quoted as the smallest 
angular or linear separation of two object points, 
and lor the latter class, as the smallest difference 
in wavelength or wave number that will produce 
separate images. Since these quantities are in- 
versely proportional to the power of the instrument 
to resolve, the term resolving power lias generally 
fallen into disfavor. It is still commonly applied to 
spectroscopes, however, for which the term chro- 
matic resolving power is used, signifying the ratio 
of the wavelength itself to the smallest wavelength 
interval resolved. The figure quoted as the resolv- 
ing power or resolving limit of an instrument is al- 
ways the theoretical value that would lie obtained 
if all optical parts were perfect. Aberrations of 
lenses or defects in the ruling of gratings Will usu- 
ally cause the actual resolution to fall below this 
v alue, and it therefore represents the maximum 
that could be obtained with the given dimensions of 
the instrument in question. This maximum is fixed 
hy the wave nature of light, and may be calculated 
given conditions by diffraction theory. See DIN- 
FRACTION. 

Chromatic resolving power. The chromatic re- 
viving power R of any spectroscopic instrument, 
eluding prisms, gratings, and interferometers, is 
defined as 



*here 8 A represents the difference in wavelength 
°* two equally strong spectrum lines that can 
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barely he separated by the instrument,' and A the 
average wavelength of these two lines. It is neces- 
sary to specify more precisely the term “barely 
separated.” and for prisms and gratings, in which 
the width of the lines is determined hy diffraction, 
this is done hy use of Rayleigh’s criterion. Part (a) 
of the figure shows the contours of two similar 
spectrum lines which are at the limit of resolution 
according to this criterion. The lighter curve rep- 
resents the line shape due to Fraunhofer diffrac- 
tion for the wavelength A. the dashed curve that 
for A -f 8A, and the heavy curve the sum of the 
two. Rayleigh’s criterion specifies that the lines 
are resolved when the principal maximum of one 
falls exactly on the first minimum (zero intensity) 
of the other. Diffraction theory shows that the in- 
tensity / of either pattern at the central crossing 
point is 4/7 r‘ J of that at the maximum, so that the 
curve representing the sum dips to 81 °/ f at the cen- 
ter. The theory also shows that the angular separa- 
tion, 8#, of the rays forming the twq maxima is 
A /a, where a is the linear width of the beam of 
light emerging from the prism or grating. Hence, 
quite generally for such an instrument, the resolv- 
ing power becomes 

\ _ A de _ de 

R ~ 8\~ 80 dX ~ U 'I\ 

Expressed in words, this result means that 

Chromatic \ __/ width of \ 
resolving power/ \ emergent beam/ 

X (angular dispersion) 






Resolution of two spectrum lines: (a) when the shape 
is determined by diffraction (Rayleigh criterion), and 
(b) when the shape follows the Airy formula. The lat- 
ter is applkable to multiple-beam interferometers. 



SQO Resonance (acoustics and mechanics) 

In a given instrument, the calculation of resolving 
power thus involves finding these two quantities. 

Resolving power Of prisms. When a prism is 
used at minimum deviation, the resolving power de- 
pends on the length b of the base of the prism and 
the slope dn/dk of the dispersion curve giving the 
wavelength variation of the refractive index n. 
Thus 


Here the assumption is made that the prism is com- 
pletely filled In the beam of light. If it i« not, b 
must represent the difference in path length be- 
tween the longest and shortest lays through the 
prism. See Prism, optical. 

Resolving power of gratings. This equals the 
product of the order of interference rn and the total 
number of rulings V. The order w mav he ex- 
pressed in terms of the grating space s and the an- 
gles a and /? of incidence and diffraction. Thus 

_ _ 7 \s(sin a 4* sin (5) u (sin a + sin ft) 

R =» m\ - = - 

A A 

where u is the width of the ruled area of the grat- 
ing. For the limiting case of grazing angles of in- 
cidence and diffraction, the maximum possible R 
is seen to he 2 u 7 A. or the number of wavelengths 
in twite the width of the grating See DllFRAruoN 
LHAMNC,. 

Resolving power of interferometers. For the 

type of interferometer most commonly used, the 
Fabrv-Perot interferometer, the resolving power 
ma> be expressed as the produet of the order of 
intei ferenc e, rn = 2 1 A. where t is the separation 
of the interferometer mirrors, and an effective 
number N<\\ of inteifering beams For interferome- 
ters the line ( ontour of the spectrum lines is not 
that of Fraunhofer diffrai tion. but is given bv a re- 
lation railed the Airy formula. This contour has no 
points of zero infensifv hut has the general shape 
shown in part (b) of the figure. The Rayleigh crite- 
lion cannot therefore he applied in the usual way. 
If, however, the two curves are made to cross at 
the half-intensity point of each, it is found that 
there is a dip of approximately 20% in the result- 
ant curve. The value of N, f f is thereby specified, 
and the resolving power R is 

R~ m V.„ = m 

where p designates the reflectance of the interfer- 
ometer plates. See Intfrffrometry. 

Resolving power of telescopes. This depends on 
the size of the diffraction maximum produced when 
light from a distant point source passes through a 
circular aperture of size equal to that of the objec- 
tive len« or mirror. A graph of the intensity in the 
diffraction pattern plotted against radial distance 
closely resembles one of the curves of the illustra- 
tion (a), and hence the pattern consists of a cen- 
tral spot surrounded by faint rings. The angular 


radius of the first dark ring corresponds, by the 
Rayleigh criterion, to the angular separation of 
two point sources that are barely resolved. Theory 
gives this angle, which represents the resolving 
limit, as 

1.220A J 14.1 
ct = — j radians = — T seconds of arc 

a a 

for A = 5600 A and rf, the diameter of the objec- 
tive lens, in cm. See Telescope; Telescope, as- 
tronomical. 

Resolving power of microscopes. This is deter 
mined by diffraction of a circular aperture repre 
senting the exit pupil of the microscope objective 
There are two important differences in the resolv- 
ing power of microscopes and telescopes. First, the 
resolving limit of microscopes is expressed in 
terms of the smallest distance / between two points 
on the object that arc just resolved. Second, this 
limit depends on the mode of illumination of the 
object. If the illumination is incoherent, so that 
there is no constant phase relation between light 
from adiacerit points, the resolving limit is 

/ _ 061X 
n si 

where n is the refractive index of the mSteiial ( f >r 
example, oil) in the object space, and a the angle 
that the extreme rav entering the objective inalo^ 
with th^uxis of the instrument. The quantity n sin a 
is called the numetical aperture of the ohjec 
tive With coherent illumination the lesolving limit 
is given b\ this formula, with 1.0 in place of 0 61 
provided the illumination is central. When the oh 
jert is illuminated from a point slightly to one 
side, the factor ma> he reduced to 0.5. See Wmko 
sc ope. optic ai.; Spfciroscopy. 1 1 .a j | 

Bibliography : F. A. Jenkins and H. E. While. 
Fundamentals of Optics , 3d ed., 1957. 

Resonance (acoustics and mechanics) 

When a mechanical or acoustical system is acted 
upon by an external periodic driving force whose 
frequency equals a natural free oscillation ft*' 
quency of the system, the amplitude of illation 
becomes large and the system is said to be in a 
state of resonance. 

When a simple oscillator of mass m, stiffness 
constant s, and mechanical damping constant R ,s 
driven by a periodic driving force F cos 2 tt/J, H 
brates with a velocity amplitude 

y F 

" [ R 2 + (2ir/m - s/2tt/) 2 1 1/2 

This equation implies that (1) the amplitude 1* 
comes a maximum when the driving frequency ^ 
/ = ( l/2Tr)Vs/m, that is, at the natural free used 
lation frequency of the oscillator; (2) sma 
damping constants R are associated with large arr^ 
plitudes of vibration at resonance; and (3) * 
smaller R t the more rapidly the aroplft u< * e 



aea ^s as the driving frequency departs from the 
res0 nance frequency. In addition, driving any vi- 
brating system at its resonance frequency is char- 
acterized bv a maximum dissipation of power. 

A knowledge of both the resonance frequency 
and the sharpness of resonance is essential to any 
^Mission of driven vibrating systems. When a vi- 
brating system is sharply resonant, careful tuning 
h required to obtain the resonance condition. 
Mechanical standards of frequenev must be 
-liarply resonant so that their peak response rnay 
, a sil\ be determined. In other circumstances, reso- 
nance is undesirable. For example, in the faithful 
wording and reproduction of musical sounds, it 
either is necessary to have all vibrational reso- 
nates of the sYstem outside the band of frequen- 
,ips being reproduced or to employ heavily damped 
sterns See Rlsonaior, Acoustic; Sympathi-tk 
MURA I ION ; VlBRAllON. [ I .F,.K.] 

Resonance (alternating-current circuits) 

\ spec ial condition of an alternating-current cir- 
i nit (ontaining both inductance and capacitance 
Humane e is diflu ull to define in general terms, 
.im e the lesonant condition is different in seiies 
iiul paiallel ciicuits. The condition of resonance 
i. o I great impoitance in c ommunications where 
i Main frecpienc ies ma\ be either passed or le- 
im led b\ a resonant circuit A few of the man\ 
i|)|ilu ations of resonant ciicuits are filters, radio 
m pners and tiansmitters, oscillators and tuned 
implifieis. .See Alii i«naiinc-( iRRtNi c ik< un mw - 
mn 

Series resonance. Resonance in a series ciicuit 
•Mins when the inductive reactance equals the ca- 
pac line iea< tance and a condition of maximum c ur- 
rc fit results The impedance of an RLC series cir- 

fljlt is 

Z « + (Xl-XcV 
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(a) lo f (b) A fo fi f 


Fig. 1 . Series resonance — the RLC circuit, (a) Typical 
resonance curve, (b) Band width. 



Fig 2. Parallel resonance (antiresonance) occurs when 
l and E are in phase (a) Parallel circuit (b) Current 
diagram. 


fixed values only one value of f u is possible. From 
the solution ol the preceding equation 

/„ = 1 /2t v/x 

At resonance the voltages across the inductance 
and capacitance will be equal but 180° out-of phase 
and theieioie cancel each other. The value of these 
voltages will be Q times the voltage across the re 
sistance, where Q = X L 1 R . See Q. 

Another condition of resonance occurs when the 
maximum energv stored in the electromagnetic field 
of the inductance is equal to the maximum energy 
stoied in the electrostatic field of the capacitor: 


whci e R is the resistance, Xj is the inductive 
rpdi lance and Xr is the capacitive reactance. When 
\i = X ( , the impedance Z will be equal to R and 
therefore will be a minimum. The current will then 
have a maximum value of E/R , where E is the 
M>phed voltage. % 

Inductive reactance and capacitive reactaitre are 
dependent on the frequency / of the alternat- 
lf tg c urrent. 

A l = 2irfL where L is the inductance 

Xc — 

Conduce occurs when 


where C is the capacitance 


2irfL 


1 

2t rfC 


^ can be seen that resonance can be obtained by 
^nmg frequency /, inductance L or capacitance 
The frequency at which resonance occurs is 
ailed the resonant frequency / 0 . If L and C are 


ViLI„r = hCE m * 

where l m and E m are maximum values of the alter- 
nating current and voltage, respectively. 

A typical resonance curve for the series RLC cir- 
cuit is shown in Fig. la, which is a graph of the 
uns current as a function of frequency for a con- 
stant applied voltage. 

The pronounced effect of resistance, particularly 
at and near the resonant frequency /<,, is indicated 
by the two curves, one of which has twice the re- 
sistance of the other. 

The resonance curve (Fig. 16) is said to have 
a band width (BW) defined by 

BW «/ 2 -fi - A 

Vo 

where / 2 and f\ are the frequencies at which the 
current is 70.7% of its peak value. These points 
are called the half-power points because the power 
taken by the circuit resistance at these points is 
half the power consumed when the current is max- 
imum. The resonance curve is not exactly symmet- 
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(a) (b) 


Fig. 3. Examples of multiple resonance, (a) Resonant 
paths in parallel, (b) Resonant paths in series. 



Fig. 4. Resonance in the tuned radio-frequency circuit, 
(a) Tuned rf circuit, (b) Response curve. 

rical about fo. However, in the usual practical cir- 
cuit where resistance is small. Qo of the circuit is 
large and the sharpness of resonance is very pro- 
nounced. Within the band-width region the curve 
is nearly symmetrical, and f\ and / 2 are assumed to 
be separated from fo by the same frequency differ- 
ence. 

Parallel resonance. Resonance occurs in a par- 
allel circuit when the out-of-phase components of 
the branch currents / ^ and / 2 are equal and oppo- 
site (Fig. 2). For this condition to occur in the cir- 
cuit of Fig. 2 it is necessary that 

JL _ _ _ 

R 2 + X L 2 R 2 4- Xc 2 

Tf the resistances are small and can be neglected, 
then the condition is that X^ = X r which is the 
same condition as for series resonance. The reso- 
nant frequency is also the same as for series reso- 
nance: 

fo = 1/2? tVLC 

At resonance the current / of Fig. 2 is in phase 
with the voltage E. Parallel resonance is often 
called antiresonance to distinguish it from series 
resonance. 

There are many practical uses of the parallel- 
resonance phenomenon. Many circuits contain neg- 
ligible resistance in the capacitive branch, such as 
a capacitor in parallel with a coil. 

Multiple resonance. Multiple resonance is the 
appearance of more than one resonant or antireso- 
nant frequency in a circuit. Figure 3 shows combi- 
nations of L and C that give rise to multiple reso- 
nance. Each branch in Fig. 3a will show series 
resonance at a particular frequency, and each 
branch of Fig. 36 will show parallel resonance, at 
a particular frequency. As frequency is varied each 
circuit also has resonance effects between branches, 
or sections. These circuits exhibit both series and 
parallel resonance, and as frequency is increased 
from zero to a high value, the current response of 


each will have a succession of alternating maximum 
and minimum magnitudes. 

An important application involving multiple res- 
onance is the tuned circuit of Fig. 4 a. The input 
current response is shown in Fig. 46. The peaks 
resulting from the resonant frequencies of the two 
meshes can be moved closer together or farther 
apart by changing the degree of coupling between 
the meshes. [b.i..r ] 

Resonance (molecular structure) 

The term resonance is used in chemistry to express 
two concepts. It may refer to a specific quantita- 
tive mathematical procedure called the valence 
bond resonance method for calculating the energy 
levels of electrons and certain other parameters of 
molecules, but as commonly used, it refers to the 
qualitative nonmathematical application of the 
method and is therefore equivalent to the term 
mesomerism. In this sense, resonance represents a 
refinement of structural theory which allows for 
nonmtegral bonds. The qualitative use of reso- 
nance is the subject of this article. .Sec Molki IjLAH 

STRUCTURE AND SPECTRA. 

According to elementary structural theory, the 
total number of bonds of an atom in a molecule 
some small integer. For a carbon atojn, thi^ nimi 
her is always four. For example, two carbon 
atoms may be joined together by 1,2, or 3 bonds, 
such bonds are referred to, respectively, as single 
double, or triple bonds: 

II II 

— c~c— -c— c— - 

I I 

Certain chemical reactions are associated with 
certain structural features. Compounds which haw 
a carbon-carbon double bond, for example, arc 
characterized by high reactivity. They are readib 
oxidized by aqueous potassium permanganate so- 
lutions and undergo addition reactions with man\ 
reagents such as bromine: 

— C=C-~ + Br 2 Br — C — C--Br 

I I 

Resonance in benzene. From the earliest devel- 
opment of structural theory (1858-1865), ehem- 
ists have recognized that certain important coni' 
pounds such as benzene do not fit into the sinip ^ 
theory. Structurally, benzene consists of a ring o 
6 carbon atoms to each of which is attached a > 
drogen atom (or, in its derivatives, some ot er 
atom or group such as chlorine, OH, CHa, an s0 
on). F. A. Kekule suggested that the structure 
be written as (I) or (II) (for benzene, R ~ ^ 

and in order to explain why there was only 
known isomer of each ortho-disubstituted 
(R = 5 * H) instead of the two predicted, he tut 
suggested that (I) and (II) are easily 
verted by movement of the double bonds. T e ^ 
culty chemists found with this Suggest 011 l * ^ 
benzene does not have the properties common y s 
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II 
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st*r\ ed with other compounds which contain double 
bonds The discrepancies can he classed as chemi- 
( al. structural, and thermochemical. 

Chemical discrepancies. Chemically, benzene 
and its derivatives do not have the reactivity asso 
nated with simpler compounds containing double 
bonds. For example, benzene can be heated with 
peimanganate solutions without ( hange, and with 
biomine, it reacts much less readily and does so by 
substitution rather than addition. 
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gen atom. All of the atoms lie in the same plane, 
and the molecule has hexagonal symmetry. Be- 
tween each hydrogen atom and the carbon atom to 
which it is attached is localized one pair of elec- 
trons (the valence bond electrons corresponding 
to the line of the Kekule structure or to a pair of 
dots of the electionic structure). Between each two 
carbon atoms there is also localized one pair of 
electrons. These twelve pairs of electrons are 
called o* electrons. It must be emphasized that it 
is necessary to picture such electron pairs as rep- 
resenting a diffuse region of high negative charge 
density between the atoms rather than as geometri- 
cal points. The remaining six electrons, called the 
7r electrons, are then assigned a special distribu- 
tion in two doughnut shaped < louds, one on either 
side of the ring In the Kekule structures, these six 
electrons make up the second bond of each of the 
three double bonds In effect tnen, each bond of 
the ring is to be represented by l 1 ** c lassical 
bonds. Formula (III) 4iows the structure and (IV) 
is a useful schematic lepresentation. 


C 6 H„ + Br* r °'“ lv -V Cr,Hr,Br + HBr 

S triHtural discrepant ics These betaine evident 
with the development of x-rav diffraction electron 
diffraction, and spec tiosc opi< tec hmqiies foi the 
measurement of interatomic distances The C— C 
single bond distance is about 1 54 A (1.54 X 10 K 
ini) and the C C double-bond distant e is about 
1 H \ Thus, the Kekule stun tures (l) or (II) 
should have a ring with alternating long and short 
bonds pulsating perhaps as the inten (inversion 
fakes place. X-rav diffraction measurements on 
*u<h benzene derivatives as bexamethylbenzene, 
however, show that all ling bonds are of equal 
length, an intermediate 1.39 A. Furthermore, it i an 
he (onduded from the infrared and the Raman 
s l^itra that benzene has a sixfold axis of svmine- 
tiv These measurements do not allow a Kekule 
^nature, pulsating or not. 

Thermochemical discrepancies Finally, theimo- 
'hemical measurements of vaiious types show 
furthoi disci epancies. Thus, the heats of oombus- 
ll,, n of many compounds can he predicted quite 
d “uiatelv ( rfc a few kilocalories out of about 1000 
by adding up the contributions of the C- H 
n,, nds. the C — C bonds, the C — C bonds and so on. 
Tta predicted value for the heat of combustion of 
d Kekule benzene structure is about 35-40 kcal/- 
Mr greater than the observed value. In other 
v wds, benzene is much more stable in the thermo- 
dynamic sense than the Kekule structures predict. 

Resonance concept of benzene structure. For 
d bout 75 years, numerous and ingenious modifica- 
tions of structural theory were proposed in an ef- 
o f t to accommodate the facts, but it was only by 
he applying of quantum-mechanical principles to 
p p °tronic structures of molecules that a satisfactory 
^^quantitative theory was evolved about 1930. 

* be modern picture of benzene is a hexagon of 6 
Lar bon atoms to each of which is attached 1 hydro- 
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In other words, the actual benzene molecule is 
an intei mediate between the two valence bond for- 
mulas (I ) and (II) One way to describe this is to 
say that benzene is a resonance hvbrid of struc- 
tures (I) and (II), or to say that benzene exhib- 
its resonance. In the past, this terminology has led 
to some misunderstanding on two counts. It seems 
to implv that benzene is a rapidh interconverting 
mixture of structures such as (I) and (II), a con- 
clusion at variance with the physical evidence (and 
not intended by resonance theory). Also, it does 
not provide a suitable term for describing the ac- 
tual molecule. The equivalent British term meso- 
merism is somewhat better in these respects. Meso- 
merism is derived from roots meaning ‘‘between 
the forms,” thus implying that the structure is in- 
termediate, and it provides a term for referring to 
the actual molecule as the mesomeric molecule or 
the mesomeric ion. See Bfnzenf 

Resonance in other structures. Whenever two 
or more classical (or electronic) structures can be 
written for one arrangement of the atoms, then 
none of these classical structures is a good repre- 
sentation of the molecule. Instead, the actual struc- 
ture is intermediate. This intermediate structiire 
will have an intermediate chemical reactivity, in- 
termediate bond lengths, and it will have greater 
thermodynamic stability than predicted for any 
one of the classical structures. 

The following examples illustrate further the 
use of the resonance concept. Structures (Va) and 
(V6) are two electronic formulas that can be 
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R-C. (V6) 
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.°- 1/2 

R-C l (Vr) 
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written for the known arrangement of the carbon 
and oxygen atoms of the earhoxylate ion. Neither 
structure is a good representation of the ion; in- 
stead it has some intermediate structure, as de- 
picted in (Vr), in which each oxygen atom shares 
one-half of a negative charge, and each carbon- 
oxygen bond is in effect Wi bonds. The physical 
and chemical properties are in accord with (Vr). 

It is not necessary for the average to work out to 
any particular bond fraction, nor is the resonance 
concept limited to carbon compounds. For the car- 
bonate ion, there are three equivalent, although 
geometrically distinct, electronic arrangements 
that correspond to (Via). When these are aver- 


:() 

<: 
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-2'i 


(VI.) 
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V-2/J 


(M/>) 


aged, the result is (VI6) in which each carbon- 
oxygen bond is a m bond, and each oxygen atom 
has the same fractional charge (two-thirds of an 
electronic charge) . 


0- 2/3 

,1S\ +1 (Ml) 

-■ m ( / \)-2 3 

Carbonate ion can be referred to as a resonance 
hybrid of the three contributing structures corre- 
sponding to (Via), or it can be referred to as a 
mesomeric anion. 

Nitrate ion is isoeleetronie with carbonate. To 
obtain its structure, the symbol N is substituted 
for the symbol C. and a formal positive charge is 
written on the N, because nitrogen has one less 
valence electron than carbon, formula (VII). 

In the compounds considered above, all the con- 
tributing structures have been equivalent, although 
geometrically distinct. This condition is not neces- 

1) II 11 H 'j 1 

1I:C C-.OCH, 11. C:C O (H ll-C=rt( — .och, 

- + 6- b+ 

(Vfllfi) (Mil/,) (VIII, ) 

sary. Two electronic structures can be written for 
methyl vinyl ether, ( Villa ) and (VIII6). Since 
(VIIIM involves a separation of charge, it repre- 
sents a structure of higher energy than (Villa), 
As a consequence, the averaging process will 
weight (Villa) more heavily and the best that can 
be said qualitatively for (VNIr) is that there will 
be some charge separation as shown, and that the 
carbon-carbon double bond is a little less than a 
double bond and the carbon-oxygen single bond is 


a bit toward being a double bond. These factors 
help to explain qualitatively the properties of 
methyl vinyl ether. 

Bond energies. There are two mathematical 
methods which can in principle be used to calru- 
late quantitatively the energy levels and the elec- 
tronic distribution in molecules. The valence bond 
resonance method is a quantitative procedure 
based on the qualitative averaging described above. 
The term resonance came to be used since the 
mathematical methods used are those which apply 
to resonating systems in general. 

The other mathematical method is the molecu- 
lar-orbital treatment which is more widely used to- 
day. In this treatment, the system of atoms is con- 
sidered as a framework onto which electrons can 
be fitted in much the same way that electrons art* 
fitted into atomic orbitals to give atoms. If carried 
through in sufficient detail, both the valence bond 
resonance method and the molecular orbital 
method give the same results. .See Chemical bind- 
ing; Organic chemistry; Quantum chemistry. 

| n.Ki). | 

Bibliography: G. W. Wbeland, Resonant e in Or- 
ganic Chemistry , 1955. 

Resonance transformer 

An electrostatic particle accelerator iif which the 
high-voltage terminal oscillates over the voltage 
range dtV. These machines are used prim ipall\ loi 
acceleration of electrons. Electron current is al- 
lowed to pass only when the terminal voltage is 
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Fig. 1. Schematic diagram of 1-Mev resonance irons 
former manufactured by the General Electric Com 
pany. ( Genera / Electric Co.) 






Fig 2 A 2-Mev General Electric resonance trans- 
former unit showing high-voltage transformer stack 
(left) and steel tank (right) which encloses it. ( General 
Electric Co.) 


n<ar its peak value of —V. Thus, the energy spread 
of the eleitions can be held to a moderate value 
The resonant transformer consists of a low-volt- 
ape primary winding which surrounds the lower 
end ol a high-voltage roil stack. The stack is made 
tip of a number of thin flat windings called pancake 
toils, in which the multisection vacuum tube is 
(oaxially mounted. The inductance and capacitance 
of the high-voltage secondary have values such that 
the lesonant frecpiency of this circuit is equal to 
thf 4 frecpiency at which primary power is supplied. 
These machines, as manufactured by the General 
l lec trie Company, utilize 180-cycle primary power. 
The resonant transformer and accelerating tube 
dre housed in a steel tank, and high-voltage insula- 
tion is provided by the use of sulfur hexafluoride 
See Particle accelerator. 

Resonance transformers are manufactured in 
three different sizes: a 1-Mev, 5-ma unit (Fig. 1), 
a 2-Mev, 6-ma unit (Fig. 2), and a 3.5-Mey,*8-ma 
unit They are used for industrial radiography, 
lor x-ray therapy, for food and drug sterilization, 
and for the processing of plastics. See Cockcroft- 
Waiton ACCELERATOR. [R.G.H.] 

Bibliography. See Van de Graaff Generator. 

Resonator, acoustic 

^ device consisting of a combination of elements 
" av ing mass and compliance whose acoustical re- 
stances cancel at a given frequency. Resonators 
often used as a means of eliminating an un- 
desirable frequency component in an acoustical 
s y R tem, In other instances resonators are used to 
P r °diH'£ an increase in the sound pressure in an 
acou ^c field at a particular frequency. 

Resonators are useful most often in the control of 
^•frequency sound. They are of particular value 


Resonator, acoustic MS 

in reducing the noise from sources having constant 
frequency excitation. For example, a reciprocating 
air compressor driven at constant speed produces 
single-frequency sound waves which can be attenu- 
ated most effectively by resonators. 

Resonators have also found considerable applica- 
tion in architectural acoustics. It is often difficult 
to obtain adequate Control of reverberation time 
at low frequencies in a large studio or auditorium 
using conventional acoustical materials. A number 
of designs for these spaces have included the con- 
struction of resonators behind walls or in the ceiling 
to obtain increased low-frequency absorption and 
thus provide more satisfactory reverberation char- 
acteristics. Since the frequency range of efficient 
absorption is generally restricted for any given 
resonator, many different units, often with different 
resonant frequencies, are employed. In this way 
fairly broad frequency-range absorption i9 ob- 
tained, providing a relatively uniform reverberation 
time-frequency characteristic for the room. 

The Helmholtz resonator, illustrated below, is 
the simplest and most often utilized acoustical 
resonator. The unit consists of a straight tube of 
length / and cross-sectional area S, connected to a 
closed volume V. This combination is directly 
analogous to the simple series LC electrical circuit. 

Resonant frequency. In analogy to the electri- 
cal circuit, the roonant frequency, /o, of the Helm- 
holtz resonator is given by the equation 



where c is the speed of sound and Z e is the effective 
length of the tube, approximately equal to l + 
0.8\/5 The computation is normally valid if the 
linear dimensions of the tube are small compared 
to the wavelength of sound at the resonant fre- 
quency A.O. This value is given by Ao = c//o. At 
higher frequencies the performance of the resona- 
tor must he computed from a distributed param- 
eter, or wave-analytical, point of view. 

Damping. In addition to the resonant design 
frequency, the damping of acoustical waves by the 
resonator is of interest. The damping may be de- 
scribed in terms of the quality factor Q in analogy 
to the quality factor in an electrical circuit (see 
Q). This factor describes the ratio of energy stored 
to the energy dissipated, per cycle, in the resonator. 
The ideal, dissipationless resonator would have an 
infinite value of Q . In reality, viscous losses in the 


area S 



< a > (b) 

(a) Helmholtz resonator; (b) lit electrical analog. 
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Resorcinol 


air passing through the neck of the resonator limit 
the value of Q to a maximum given by Q m AX 
270 /o“ 1/4 . 

Energy absorption. The presence of dissipation 
tends to make the resonator tune over a narrow 
range of frequencies about the resonant frequency 
rather than solely at the resonant frequency itself. 
In the case of a resonator used as an absorber, the 
value of Q defines the frequencies /i above and fv 
below the resonant frequency at which the efficiency 
of energy absorption is just one-half that at the 
resonant frequency. This relation is given by 
<? = /o/(/i -/*)■ 

The maximum value of resonance energy absorp- 
tion in a resonator, W' Q% is given by U r tl = /A<r/47r 
where / is the intensity of the incident acoustic 
wave. The inherent dissipation in a resonator may 
be increased by placing an acoustical resistance, 
such as a porous cloth, across the opening of the 
neck. In most applications this is a desirable fea- 
ture because the resonance absorption can be main- 
tained at a high value, but the frequency bandwidth 
over which the resonator will perform efficiently 
is increased. See Filter, acoustic; Impedance, 
acoustic; Muffler. [w.j.c.J 

Resorcinol 

A dihydric phenol in which the two hydroxyl 
groups are located meta to each other on the ring 

OH 




II 

Graphic formula Simplified 
formula 


of carbon atoms. It is produced by the disulfona- 
tion of benzene, followed by fusion of the product 
with caustic soda. 


C»H, QH 4 (SO,H), - Nb — . C,H 4 (OH ) 2 

fuse 


It reacts with formaldehyde to form resinous ma- 
terials used as cold-setting adhesives. It is also an 
intermediate used in the manufacture of azo dyes 
and of fluorescein, a fluorescent compound from 
which dyes are made. Resorcinol is also used to 
prepare hexylresorcinol, an antiseptic. See Phe- 
nol. [r.b.c.1 


Respiration 

Originally, this term meant breathing, but now it 
describes the over-all process by which the individ- 
ual cells of an animal are supplied with oxygen 
from and in turn give off carbon dioxide to the en- 
vironment. Oxygen is important as the ultimate 
oxidizing agent in the energy-producing metabolic 


processes. Carbon dioxide is an end product in these 
oxidations (see Krebs cycle). Oxygen and carbon 
dioxide are not secreted by animal cells ; that is, the 
gases are not made to move to a region of higher 
partial pressure by living processes, although 
there are thought to be some rare exceptions. 
Respiratory exchange is therefore dependent upon 
diffusion and forced movement of either gas or 
fluid. The* rate of diffusion of a gas in a fluid, per 
unit difference in gas partial pressure, is propor- 
tional to the solubility of the gas. Because carbon 
dioxide is about 20 times as soluble in water as is 
oxygen, its rate of diffusion in water and in animal 
cells is 20 times as rapid. Therefore it is usually the 
diffusion exchange of oxygen and not carbon diox- 
ide which is the greater problem in respiration. 
Because of its greater solubility, the environment 
of aquatic animals has a greater capacity for car- 
bon dioxide than oxygen. 

Diffusion respiration. In the case of small or- 
ganisms. less than about 1 mm in diameter, the 
distance from the surface to the center of the in- 
dividual cells is so short (Fig. la) that diffusion 
alone will exchange the gases with the environ 
ment at a rate sufficient to support their metabo- 
lism. In larger animals, however, extensive gas- 
transport systems haw* developed to ear^ry the gase^ 
over the relatively great distanc es from the body's 
surface to its cells. The simplest improvement ovei 
diffusion alone is to conduct the environmental 
mediuirt to the vicinity of the individual cells 
(Fig. le). Some Coelenterata circulate ambient 
water through interior canals to accomplish this 
pui pose. Another outstanding example is the ex- 
tensive system of narrow gas-filled tubules or 
tracheae of the Arthropoda which supply hne 
branches to the body cells. Because the diffusion 
coefficient of oxygen is about 1,000,000 times as 
great in gas as in water, these tracheae facilitate 
the respiration of cells within the animal. In spite 
of this the rate of gas diffusion within the tracheae 
places a definite upper limit on the size of these 
animals. Aquatic insects possessing air-filled tra- 
cheae must seek the surface of the water inter- 
mittently to breathe. Some carry bubbles down with 
them to act as an air store. A number of aquatic 
insect larvae have developed closed gas-filled tra- 
cheal systems. Gas exchange in the tracheae with 
that in the water occurs through special respiratory 
surfaces, tracheal gills, analogous to the gills of 
fishes but filled with gas rather than blood (Fig. 
1 b,h). 

Diffusion and circulation. Another development 
in gas transport is that of a closed circulation in 
which a fluid is moved throughout the animal, n* 1 " 1 
convection aids the exchange of gas between t ie 
surface of the animal and its various comp onen 
cells. In spite of the absence of any special respira 
tory organs, sufficient gas exchange takes p ar ^ 
between the circulating “blood” and the environ^ 
ment. An example is the earthworm. Even in son^ 
large animals, gas exchange across the mteguroen 
is important. 



Circulation and respiratory organs. The most 
hiphly developed system for gas exchange consists 
of specialized respiratory organs in which oxygen 
and carbon dioxide are exchanged between the 
emironment and blood, and a circulation which 
tarries this blood to the various body cells, wlieie 
the oxvgen is given up and c arbon dioxide ab- 
sorbed. The respiratory organs expose the blood to 
the environment in vessels, the rapillaiies, so small 
in diameter that gas exchange with the environ- 
ment can take place by diffusion alone in a very 
short time (Fig. 2). The total surface area of these 
uipillaries must be relatively large in order to 
permit the whole respiratory gas exchange of the 
animal to take place through them. Such a large 
(jpillary surface area can he produced eithei by 
(omplex infolding of the body surface, in which 
case the oigans are called lungs, or an outward 
extension of the blood vessels, in which case the 
oigans are c ailed gills. 

lung*' These structures consist of a space lined 
with blood capillaries within the body of an animal. 
1 lie space mav he a single cavity, as in the case of 
ampler lungs, or ma> have many millions of minute 
MilKlivisions, the alveoli, as in mammalian lungs 
ivr I i nc, ) In mammalian lungs the small c apt I- 
ljnes are of the oidei of 0.01 mm in diameter and 
il ie ilveoli are ol the order of 0.1 mrn in diameter, 
lungs die usiiallv air filled, hut structures like the 
nspiratorv tree may he water filled as in some 
aquatic animals, for example, the sea cucumber 
ihg 1/). In the case of air-breathing animals, 
lungs have the advantage over exposed gills of pre- 
venting excess fluid loss by evapoiation. \ir may 
be nio\ed in and out of the lungs by mechanical 
iflort in ventilation lungs such as mammals have, 
"i owgen may he allowed to move into and carbon 
dioxide out of the lungs bv diffusion alone in dif- 
fusion lungs like those of scorpions. Diffusion lungs 
ire much less efficient than ventilation lungs and 
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^9 1. Types of respiratory mechanisms in anfimals. 
lQ ) Protozoan, diffusion through cell wall, (b) Mayfly 
n ^pH, tracheal gills, (c) Salamander, blood gills. 
^ Mosquito larva, aquatic with tube for breathing 
* re ® air, (e) Earthworm, diffusion through moist body 
to blood vessels, (ft Land snail, moist lung inside 
° dy - (g) Land vertebrate, pair of moist lungs inside 
dy - (M Insect, tracheae throughout body. (From T. I. 
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are confined to smaller animals. Air may be moved 
in and out of ventilation lungs by positive pressure, 
as in the frog which forces air into the lungs by 
swallowing, or by expanding the space about the 
lungs as in mammals. In man, inhalation by the 
lungs is the result of the expansion of the bony 
framework of the chest through rib, muscular ac- 
tion and downward movement of the diaphragm, 
the transverse sheet of muscle which separates the 
abdomen from the chest. The breath is normally 
expelled by relaxation of these muscles. 

The transport of carbon dioxide in higher ani- 
mals is accomplished by the reaction of carbon di- 
oxide with chemical buffers in the blood, a process 
in which hemoglobin is of primary importance (see 
HfcMoc.r chin ) . For the function of blood in the 
transput t ol oxygen, see Respiratory pigments. 

Gills. Functionally, the gills consist of hne blood 
vessels which are exposed externally to the environ- 
ment (Fig. lc). They are generally confined to 
water-dwelling animals, because they need the me- 
chanical support of the fluid. However, they may 
also be present in air breathers, and in some ani- 
mals are used both for air and water breathing. 
Because ga^ diffusion is so slow in fluid, it is es- 
sential that the water which envelopes the gills be 
stirred. This is accomplished in the vertebrates by 
placing the gills so that they are exposed to the 
water through which the animal moves. Because the 
efficiency of gas exchange depends in part on the 
rate of fluid movement past the gills, it is necessary 
for some fish such as mackerel to keep swimming 
constantly to stay alive. See Swim bladder. 

Othei special respiratory organs exist but are 
not of equal importance to lungs and gills. Portions 
of the alimentary canal may he adapted for respira- 
tory exchange; for example, the swim bladder in 
fish can store oxygen undei some circumstances. 

Oxygen requirements. Animal energy is derived 
from foodstuffs in a sequence of oxidation-reduc- 
tion steps, the last of which is the reduction of 
molecular oxygen. Although oxvgen is the ultimate 
oxidant in this sequence, animal life can be sup- 
ported by the energy liberated in a sequence of 
these steps which does not require oxygen. An 
aerobic animal is one that does require oxygen; it 
completely oxidizes its foodstuffs and produces 
carbon dioxide. Most animals are aerobic. An an- 
aerobic animal is one that doe9 not require oxygen. 
Most animals, even those that are aerobic, are able 
to derive at least part of their energy anaerobically 
for short periods of time or at different stages of 
development. Under certain circumstances, such as 
during activity, the availability of oxygen in the 
cells of the aerobic animal may be insufficient Jo 
meet its energy demands ; the deficit can be met by 
anaerobic processes. The difference is called an 
oxygen debt and must be repaid after restoration of 
normal conditions by aerobic reactions which dis- 
pose of the end products of the anaerobic reactions 
and replenish any depleted oxygen stores. The oxy- 
gen debt after severe exercise can reach 11 liters in 
man. 
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Fig. 2. Equivalent nature of various respiratory mech- 
anisms in different animals living in water or air; 
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diagrammatic. ( From 7. I. Storer and R. L. Usinger , 
General Zoology , 3d ed., McGraw-Hill , 1957) 


Oxygon consumption. The number of milliliters 
of pure oxygen consumed by an animal per minute 
is known as the oxygen consumption. In aerobic 
animals it is a measure of the metabolic rate, be- 
cause the source of their energy lies in the reaction 
of oxygen with the foodstuffs. The energy produced 
hy the consumption of 1 liter of oxygen varies with 
the type of food consumed, being 5.1, 4.5, and 4.8 
kcal/liter for carbohydrate, protein, and fat, respec- 
tively. Because the oxygen consumption of an ani- 
mal depends on its metabolic rate it will vary with 
the factors that influence the latter, such as activity, 
body size and temperature, nutritional state, spe- 
cies, season, and sex (see Metabolism ) . 

Respiratory quotient is the ratio, rate of carbon 
dioxide production/rate of oxygen consumption. 
Its importance lies in the information it gives con- 
cerning the type of food being oxidized in the ani- 
mal. The respiratory quotient has a value of 1.0 
when carbohydrate is burned, 0.79 when protein 
is burned, and 0.71 when fat is burned. The normal 
respiratory quotient in man is about 0.80. 

Availability of oxygen. Because oxygen enters 
the animal’s body by diffusion, the partial pressure 
of oxygen in the environment must be greater than 
that in the animal at the point of entry. Only that 
part of the oxygen in the environment which is at a 
partial pressure greater than that in the animal can 
be absorbed. The atmosphere contains about 21% 
oxygen, corresponding to a partial pressure of 160 
mm Hg in dry air at sea level. Although air at 
higher altitudes also contains 21% oxygen, the 
total pressure is greatly reduced and animal life 
becomes limited. Aquatic animals depend upon 
oxygen dissolved in the water. However, oxygen is 
relatively insoluble so that, whereas at sea level 
5 ml of air contains approximately 1 ml of oxygen 
at standard conditions, it takes 154 ml of water 
equilibrated with air at 20°C to contain an equiva- 


lent amount of oxygen. Because the oxygen in anv 
body of water comes from the air originally, if the 
deeper waters are not mixed with the surface waters, 
their oxygen content may be decreased below that 
necessary to support life, particularly if any oxi- 
dative processes are going on, such as decomposi- 
tion oi^egetation. .See Fresh water ecosystem. 

Elimination of carbon dioxide also occurs by 
diffusion and depends on the tension of the gas in 
the animal being greater than that in the environ- 
ment, which is approximately zero under most cir- 
cumstances. Some natural waters containing car- 
bonates may have considerable amounts of carbon 
dioxide in solution. 

Oxygen utilization is the percentage of the total 
oxygen in the air or water passing over the respira- 
tory surfaces that is absorbed. Some clams have an 
oxygen utilization of several per cent; that in rest- 
ing man is 21%, and the normal value in trout ap- 
proximates 80%. Although the oxygen utilization is 
to some extent a measure of the efficiency of the 
respiratory mechanisms, it also depends on the 
partial pressures of oxygen in the animal and in 
the environment, and upon the rate of air or water 
flow over the respiratory surfaces. 

Oxygen partial pressure and consumption. 
Some animals show an increased oxygen consump- 
tion with increasing ambient oxygen tension. How- 
ever, many others, such as the warm-blooded ani- 
mals, are able to maintain approximately constant 
oxygen consumption over the wide range of en- 
vironmental oxygen tensions which are compatin e 
with life. This adaptability depends in part on con- 
trol of respiratory movements which try to com- 
pensate for the environmental lack, in part on t e 
efficiency of the respiratory pigments in transp 0 ^ 
ing oxygen, and in part on the characteristics 
the respiratory enzyme system, whose rate of 
gen reduction is relatively independent of oxyg e 



ressure (see Cytochrome). In addition there are 
liinals whose oxygen consumption responds to 
ranges in ambient oxygen pressure in a manner 
itermediate between these two extremes. As en- 
iionmental oxygen pressure increases, oxygen con- 
jmption increases until a certain oxygen pressure 
, reached, above which it becomes relatively con- 
:ant. This oxygen partial pressure is called the 
ntical tension. An animal may respond to ex- 
osure to an environment containing reduced oxy- 
en in several ways. A completely aerobic animal 
iav show a decrease in vital processes, possibly 
ell death. An aerobic animal with some anaerobic 
rocesses may develop an oxygen debt. A true 
naerobe will obtain its energy from anaerobic 
rocesses indefinitely. 

Regulation of respiration. In an aerobic animal 
espiration must be regulated ultimately by its rate 
f energy consumption. The vaiiables which control 
espiratorv activity are oxygen tension, and in 
ughei animals, carbon dioxide tension, inside the 
inimaTs body, because if respiration is inadequate 
ompared to metabolic rate, oxygen tension will 
all and carbon dioxide tension rise. 

I ertebrates. In the higher veitebrates, rhythmic 
ireatbing movements are produced by nervous 
stimuli to the muscles of respiration originating 
rorr a legion in the brain, the medulla, which is 
ailed the respiratorv center. An increase in the 
partial pressure of carbon dioxide in the blood acts 
iirectly upon the respiratory center to increase the 
ml ume of gas breathed per minute, which tends to 
return carbon dioxide pressure of the blood to- 
ward normal. This mechanism is very sensitive: a 
r^e in pressure of several millimeters of Hg will 
produce a doubling of volume rate of hieathing in 
man This mechanism is normally in control of 
respiratory movements and is probably a rec ent 
phylogenetic development. 

A reduction in the partial pressure of oxygen dis- 
s Mved in the arterial blood acts upon chemical lv 
sensitive bodies, chemoreceptors, located on the 
aorta and arteries in the neck to produce an in- 
1 roast* in volume rate of breathing, which tends to 
aorate the blood better and return its oxygen ten- 
don to normal. This mechanism is less sensitive 
l han that for blood carbon dioxide tension; it is 
nnt activated until blood oxygen tension falls on the 
wder of 10 100 mm Hg in man. It is much more 
ru Rged and appears to be an emergency control. 
^ Aortic body; Carotid body. 

There are numerous nerves in the lungs which are 
Simulated by changes in lung distention and send 
impulses to the respiratory center. Although 
thps, e impulses are able to modify the breathing 
Movements, they are not intrinsically rhythmic and 
re gulated breathing can exist in their absence, al- 
to () ugh the individual breaths may be considerably 
a hn*ed in form. 

Ihe respiratory center is sensitive to tempera* 
tUre * an increase of which produces an increase in 

bathing. In addition, increased body temperature 
leases the metabolic rate, which will produce 
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an increase in breathing through respiratory regu- 
lation. See Thermoregulation. 

Certain animals have modification of the control 
mechanisms discussed above. Diving mammals and 
birds are relatively insensitive to increases in arte- 
rial carbon dioxide tension in order to permit them 
to remain under the surface for long periods. Some 
mammals have tremendously reduced respiration 
during hibernation, largely as a result of the de- 
crease in body temperature. See Hibernation. 

The lower vertebrates have not been studied in as 
much detail, but some type of respiratory center is 
generally present in the central nervous system. 
The relative importance of oxygen lack as com- 
pared to carbon dioxide excess in the blood in 
regulating breathing has not been well established. 

Invertebrates. In invertebrates, a reduction in 
oxygen tension is a more important factor in con- 
trolling t espiration than is carbon dioxide excess. 
Regulation of respiration in these animals may take 
many forms. The more piimitive varieties avoid 
regions of low oxygen tension. In mollusks the rate 
of pumping of water through the body increases at 
lower oxygen tensions. In insects, the orifices of 
the tracheae on the body surface can be opened, 
and in some, the mechanical ventilation of the 
tracheae increases when oxygen tension in the 
enviionment falls. [r.E.F.] 

Bibliography: A. Krogh, The Comparative Phys- 
iology of Respiratorv Mechanisms , 1941; C. L. 
Prosser (ed.l. Comparative Animal Physiology , 
1950 

Respiration, external 

The processes by which oxygen (0 2 ) is carried into 
living cells from the outside environment and by 
which carbon dioxide (COj) is cairied in the re- 
vel sc direction. In the simplest organisms, this ex- 
change is accomplished bv diffusion of these gases 
directly between the cell and the outer environment 
to which it is exposed. In higher animals the route 
is more devious. In man and other mammals, breath- 
ing moves gas between the outer environment and 
the alveoli of the lungs. The gas in the alveoli is 
separated from the blood in the pulmonary capil- 
laties by a thin membrane. Transfer of gases be- 
tween alveoli and blood occurs across this mem- 
brane by diffusion of gases in physical solution. “ 
Diffusing capacity of lung. The ability of the 
lungs to transfer a gas between alveoli and blood is 
expressed by the diffusing capacity of the lung, 
which is defined as the amount of gas that will be 
transferred per unit time per unit of mean pres- 
sure gradient, for the particular gas, between alveo- 
lar gas and pulmonary capillary hlood. The dif- 
fusion process is normally so effective that gases in 
the alveoli are almost in equilibrium with the gases 
in the blood leaving the lungs; that is, the partial 
pressures of a given gas in the two phases are 
nearly identical. See Lung. 

Since there is no appreciable exchange of gases 
along the systemic vascular tree until the afferent 
end of the tissue capillaries is reached, the partial 
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pressures of Oa and CO 2 in the blood entering these 
capillaries depend mainly on the composition of 
alveolar gas. The latter in turn is dependent on 
(1) the rate at which gas is transferred between 
lung and blood, (2) the rate at which the alveoli 
are ventilated, and (3) the composition and baro- 
metric pressure of gas with which the lung is venti- 
lated. If the composition of inspired gas is kept 
constant, the partial pressures of CO 2 and O 2 in the 
alveoli depend on the ratio of COj output to alveo- 
lar ventilation and of Oj uptake to alveolar ventila- 
tion respectively. 

Alveolar ventilation. By various feedback mech- 
anisms the activity of the muscles of breathing and 
hence the alveolar ventilation is so precisely regu- 
lated that the partial pressures of these gases in the 
alveoli and, consequently, in the blood entering the 
tissue capillaries are kept relatively constant. 

The alveolar ventilation is always less than the 
total ventilation because only a part of each breath, 
called the tidal volume, actually reaches the alveoli. 
Some of it is left, at the end of inspiration, in the 
conducting airways in which no gas exchange with 
the blood occurs and fiom which it is displaced to 
the outside during the ensuing expiration. This part 
of each breath is called the dead space volume. 
Thus, alveolar ventilation is equal to total ventila- 
tion minus dead space ventilation 

In carrying out the breathing movements that re- 
sult in pulmonary ventilation, the muscles of breath- 
ing are helped or hindeied hv several types of 
forces. The chest and lungs are elastic in nature 
and must he stretched as the volume increases din- 
ing inspiration. The energv used for this purpose 
is stored and is available for accomplishing, or as- 
sisting. expiration Energy is also required, during 
both inspiration and expiration, to overcome the 
viscous resistance of gas flow through the tubes 
composing the respiratory tract and to produce 
plastic deformation and sliding movements of tis- 
sues. Energv so used is not recoverable but is dis- 
sipated as heat. Since the s>stem is almost con- 
stantly being accelerated and decelerated, inertia 
is also a factor but under most circumstances it is 
negligible. 

The rate of flow of gas in or out of the alveoli 
at any moment depends on the magnitude of the 
pressure gradient between the alveoli and the outer 
environment (alveolar pressure) and on the resist- 
ance to flow offered b> the conducting airways. The 
volume to which the lung is distended at any mo- 
ment depends on the magnitude of the pressure 
gradient between the inside of the alveoli and the 
outer surface of the lung ( transpulmonary pres- 
sure) and on the compliance of the lung. The sum 
of the alveolar pressure and the transpulmonary 
pressure is called the intrapleural pressure. 

In the blood. O 2 and CO 2 are carried partly in 
physical solution and partly in readily reversible 
chemical combinations. Exchange of gases between 
capillary blood perfusing the tissues of the body 
and the cells composing these tissues occurs by dif- 
fusion. For this exchange to occur at an adequate 


rate, partial pressures of the gases in capillary 
blood must be maintained at levels such that the 
appropriate diffusion gradients are maintained 
Factors determining the partial pressure of a ga* 
in a tissue capillary are the concentration of thf 
gas in the hlood entering the tissue capillary, the 
rate at which the gas is produced or consumed bv 
the tissue cells, the rate of blood flow through the 
tissue, and the chemical affinity and solubility oj 
the gas in the blood. See Respiratory sysifm. 

I a.h o | 

Bibliography : J. H. Comroe et al, The Lung 
1955. 

Respiratory pigrftents 

Colored, metal-containing proteins which combine 
reversibly with oxygen, found in the body fluids or 
tissues of invertebrate animals. These pigment* 
aid in the transport and temporary storage 1 oj 
molecular oxygen. Thus they are distinguished 
from lespiratory enzymes which are concerned 
with the metabolic consumption of oxygen Four 
distinctly colored groups of respiiatory pigment 
exist among invertebrates: hemoglobins (purple* 
become orange-red with oxygen), chlorocruoim* 
(green, become red when concentrated), liemen 
thrins (colorless, become red with eweygen), and 
hemocyanins (colorless, be< orne blue with owgen) 
Formeih invertebrate hemoglobins were called 
ei ythroci uorins to distinguish them from similar 
yet distinct pigments of vertebrate bloods Those 
hemoglobins confined to muscle cells are t ailed 
myoglobins. See Hf mooi obin. 

Composition. Each of the pigments is composed 
of two parts, a large piotein molecule to which is 
bound one or more small moieties called prosthetic 
gioups eath of which contains a metal. It is the 
metal which binds the oxygen, and this binding 
imparts the characteristic coloi to the pigment. In 
hemoglobins the prosthetic group is an iion 
porphyrin compound called heme. Chlorocruorni 
contains a similar iron porphyrin which differs 
only in that a vinyl group in the molecule is re 
placed hv formyl. The prosthetic group of herein 
rhrin consists of two adjacent iron atoms whuh 
hind an oxygen molecule between them, a thud 
iron atom is present but it does not participate m 
the oxygen binding. The prosthetic group of henio 
evanin is analogous and consists of two adjacent 
copper atoms. Figments containing vanadium have 
been found in tunicates but these substances do not 
combine reversibly with oxygen and so cannot ^ 
considered respiratory pigments. 

The protein part of the pigment confers rever 
bility upon the combination of the metal wi 
oxygen. In the absence of protein, the prost et 
groups lose their capacity to combine with WS* 
reversibly. Instead the metals are irreversibly 
dized. In hemoglobin the iron remains ferrous * 
combined with oxygen. For this reason 
nation of hemoglobin with oxygen is descri c 
an oxygenation rather than an oxidation. T e 
tein is also responsible for certain phy® 10 0 



adaptations of the pigment to the environment. 
Thus the affinity of the pigment for oxygen is often 
highest in those animals which inhabit environ- 
ments with the lowest oxygen content. 

Distribution. Hemoglobins are widely distrib- 
uted among invertebrates. Some are primarily cir- 
culatory; that is, they aid in oxygen transport. 
These release their oxygen to the tissues at rela* 
ti\elv high pressures. Others appear to be primarily 
storage or intracellular transfer hemoglobins; 
these have extremely high oxygen affinities. Myo- 
globins belong to the second category; they pick 
up oxygen released by the blood pigment and 
facilitate the transport of oxygen from muscle cell 
surface to the respiratory enzvmes of the rnito- 
diondria which consume the oxygen. Some animals 
possess hemoglobins for which a function is not 
appaient. Some of these animals survive for weeks 
f\cn though their hemoglobin is rendered inc apable 
of binding oxygen. Others possess hemoglobins 
with such high affinities for oxvgen that the hemo- 
globin never ideases any to the animal. See Muo 
i ho \oria. 

Mt( root gani sms Among microorganisms hemo- 
globin is found in certain protozoa (Paramedum 
md Tetrahvmena ) , in \east, and the mold Ncuro 
\pora The root nodules which fix molec ular nitro- 
gen in leguminous plants are pink as a result of the 
picscnce of hemoglobin. Both the fixation ptocess 
and the occuirence of hemoglobin require the 
nrcsenee of the symbiotic bacterium Rhizobiurn. 
IJecdiise hemoglobin is present onlv during periods 
nf active fixation, it is possible that hemoglobin 
might plav some lole in the fixation process These 
fads suggest the possibility that there may he 
functions of hemoglobin other ihun the transport 
ur storage of oxvgen. They might function as oxida- 
tion reduction catalysts, since the iron ol hemo- 
globin can be reversibly oxidized to produc e inet- 
htmoglobin (a feme hemoglobin) These mictobial 
hemoglobins appear to be much more sensitive to 
oxidation than are the blood hemoglobins ol multi- 
odlulai animals. Certain bacteria possess an 
m/vme, hydrogenase, which is concerned with the 
metabolism of molecular hydrogen. This en/yme 
may be related to respiratory pigments bemuse it 
combines reversibly with oxygen and contains iron 
however, the presence or absence of heme or an- 
other porphyrin has not been conclusively deter- 
mined. 


Multicellular organisms. Among multicellular 
invertebrates hemoglobins are distributed in ever> 
foajor phylum except those of the sponges and 
c Menterates. The pigment occurs in the paren- 
c hvma of the flatworrn Phaenocora and in the 
Wood celh of a few nemertean worms. Hemoglo- 
mns occur in several parasitic nematodes including 
Nippostrongylus, and Strongylus. Each of 
l nese pigments possesses an extremely high affinity 
^ °xygen and dissociates its oxygen very slowly, 
it takes about 150 seconds to deoxygenate 
hemoglobin of the perienteric fluid of A scans; 
u nder the same conditions the dissociation time 
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for sheep hemoglobin is 0.008 seconds. Strongylus 
hemoglobin binds oxygen so tightly that the worms 
die of anoxia when placed in an anaerobic environ- 
ment before their hemoglobin loses its oxygen. 
This fact suggests that the hemoglobin may not be 
functional. However, the hemoglobin in the body 
wall of Asraris may be functional, for all body mo- 
tion stops when the deoxygenation of the pigment 
starts. 

Among mollusks hemoglobin is found chiefly in 
the gastropods but has been found among a few 
lamellibranchs. It also occurs in the muscles of those 
mollusks whose blood pigment is hemocyanin. The 
whelk, Busy(on % has muscles with a greater myo- 
globin content than dog heart muscle. Hemoglobins 
are found in many annelid worms. In those worms 
with a closed circulation the hemoglobin is usually 
dissolved in the plasma; in those with less well- 
developed circulatory systems the hemoglobin is 
usually in cells confined to the coelomic fluid. In 
two, Terebe/la and Travisia, hemoglobin apparently 
o< ( urs both in the plasma and in the cells of the 
coelomic fluid Hemoglobins o< eur in the blood 
plasma of sevei al crustaceans, including cettain 
spec ies of the water flea, Daphma. Its presence in 
Daphma depends on the oxvgen content Jif the 
water; the lower the oxygen content the greater is 
the quantity of hemoglobin synthesized. The ovaries 
and parthenogenctie eggs of these Daphnia contain 
a high concentration of hemoglobir which may 
help the eggs survive periods which are low in oxy- 
gen. The sea cucumber, Thyone , an echinoderm, 
contains a hemoglobin in the cells. Hemoglobin 
has been found in only a few adult insects, all of 
which are aquatic, and in two larval insects, each 
of which develops in an aquatic low-oxygen envi- 
ronment The tracheal tubes of the backswimmers, 
Buenoa and Amsops , are surrounded by clusters of 
cells which contain hemoglobin. It occurs in the 
tracheal cells of the larva of the hot fly, Castro- 
philusy which is found in horse stomachs. It also 
occur*- m the water boatman, Macrocorixa , and in 
the bodv fluid of the larva of the midge. Chirono - 
mus. No hemoglobin has yet been discovered in 
any protochordatc. Sec Circulation. 

Structure. Hemoglobin molecules are usually 
either relatively small with molecular weights 
68,000 or less and enclosed in cells, or else they are 
extracellular and very large with molecular weights 
ranging from 400,000 to 3,000,000. For example, a 
hemoglobin with a molecular weight of 3,000,000 
occurs in the plasma of the lugworm, Arenicola. 
However, another polychaete, Notomastus , has a 
cellular hemoglobin of molecular weight 32,000. 
The larger the molecule, the greater is the number 
of heme prosthetic groups which are bound to it. 
Thus Notomastus hemoglobin has 2 hemes, whereas 
Arenicola hemoglobin has about 180. Perhaps the 
confining of the small molecules in cells is a device 
which prevents their loss. It is also possible that 
the large hemoglobin molecules in free solution in 
the body fluids of various marine animals helps 
them to maintain an osmotic balance of salts. 
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Oxygen-carrying capacity. The oxygen-carrying 
capacity of bloods is greatly increased if they con- 
tain hemoglobin. In the absence of any pigment the 
maximum amount of oxygen which 100 ml of blood 
can physically dissolve is only about 0.3-0.5 ml. 
The blood of Arenicola has a capacity of up to 10 
ml of oxygen /100 ml of blood. Thus the hemoglo- 
bin accounts for at least 95% of the oxygen carried 
by the blood of this animal. If a blood pigment is 
to be efficient as a transport agent it must not only 
bind oxygen but must also be capable of releasing 
it at sufficiently high pressures to meet the needs 
of the animal. The higher the oxygen pressure at 
which the pigment unloads its oxygen the better 
will be the supply of oxygen in the tissue capil- 
laries. The more active a particular species of 
animal the greater, in general, is the oxygen pres- 
sure at which its blood unloads its oxygen. An in- 
creased temperature lowers the affinity with which 
all blood pigments bind oxygen. Thus, an increased 
temperature not only accelerates metabolism gen- 
erally, but also tends to make more oxygen avail- 
able by raising the pressure at which the hemoglo- 
bin delivers oxygen to the tissues, provided that the 
hemoglobin is capable of becoming fully saturated 
with oxygen at the pressures existing in the region 
where oxygenation occurs. 

Many hemoglobins aid in the transport not only 
of oxygen but also of carbon dioxide. Vertebrate 
blood hemoglobins have a lower oxygen affinity in 
the presence of carbon dioxide than in its absence. 
This phenomenon, the so-called Bohr effect, is also 
found in many, although not all. invertebrate 
blood pigments. The effect facilitates the unloading 
of oxygen in the tissue capillaries, and the dis- 
charge of carbon dioxide at the gills or other gas- 
exchanging surfaces. \ pronounced Rohr effect is 
absent from most high-affinity storage hemoglobins. 

The distribution of hemoglobins among inverte- 
brate animals does not fit any phylogenetic scheme. 
It appears as if hemoglobins have arisen inde- 
pendently many times in the course of evolution. 
In some species the hemoglobins appear to be es- 
sential for the animal’s survival, in others the ad- 
vantages appear marginal at best, and perhaps their 
occurrence is fortuitous. This may be partially 
explained by the fact that closely related com- 
pounds (the respiratory enzymes) are found in all 
animals, and that the heme prosthetic group is 
present in every aerobic organism. 

Hemocyanins. Hemocyanins are found only in 
mollusks and arthropods other than insects. How- 
ever, they are not the only copper proteins which 
combine reversibly with oxygen. The enzyme ascor- 
bic acid oxidase, found in plants, has about the 
same copper content. In the presence of oxygen 
this enzyme is blue, as is hemocyanin, and when 
the oxygen is removed the pigment becomes color- 
less exactly as does hemocyanin. Hemocyanin itself 
has no oxidase activity. Hemocyanins always occur 
in rhe plasma, never in cells. The molecular weights 
are as high as 7,000,000. The pigment is found in 
many of the higher crustaceans such as crabs and 


lobsters, in the horseshoe crab, Limulus , and in 
scorpions. Among the mollusks it occurs in both 
the cephalopods (squid and octopus) and in cer- 
tain gastropods. The squid is an active carnivore 
and requires well-aerated sea water for survival. 
Both the squid and the octopus possess bloods with 
about the same oxygen capacity, yet the two hemo- 
cyanins have very different properties. The hemo- 
cyanin of the squid is half-saturated with oxygen 
at a pressure of about 36 mm Hg, whereas octopus 
hemocyanin is half-saturated at an oxygen pressure 
of only 3 mm Hg. This large difference reflects the 
fact that the squid is a more active animal than the 
octopus. About 92^ ,of the oxygen of the arterial 
blood of the squid {*. normally removed during 
circulation through the tissues; in man no more 
than about 30% is so removed. Thus, the squid is 
poorly adapted to survive even very short periods 
in an environment with little oxygen. JAmtdus , on 
the other band, survives weeks with all of its hemo- 
cyanin removed. 

The study of hemocyanin has had a curious 
history. Most of the people who have studied it had 
previously studied hemoglobin and rnanv of ilu 
properties of hemoglobin were unconsciously as 
sumed also to hold for hemocyanin. Because hemo 
glohin combines with carbon monoxide* it was as 
sumed that hemocyanin would do likewise. The fa< t 
that the color and optical absorption spectrum of 
the supposed carbon inonoxide-hemocyanm com 
pound i^as identical with that of hemocyanin with- 
out carbon monoxide was ignored. Hemoglobin 
may be oxidized to form a compound called 
methemoglobin; oxygenated hemocyanin was as 
sumed to form a green “merheinocyanin” upon ic 
action with the oxidizing agent, ferricyanide, which 
is yellow. The fact that the mixture of any blue and 
yellow pigments will produce a green mateiial was 
ignored. However, treatment of deoxygenaled hemo- 
cyanin with one equivalent of hydrogen peroxide 
per copper atom results in a product called melhc- 
mocyanin which lacks the ability to bind oxygen. 
Hydrogen peroxide has no such effect on oxygenated 
hemoglobin. 

The unconscious attempt to fit hemocyanin into 
the hemoglobin mold thus helped to delay for at 
least 20 years the discovery that the oxygen of 
hemocyanin is bound between two copper atom 4 ’ 
which are initially reduced (cuprous). The bine 
color of hemocyanin appears to be the result of the 
reversible transfer of an electron from at least one 
of the cuprous atoms of the oxygen; thus at least 
one of the cuprous atoms becomes cupric. Studies 
of the displacement of the copper by mercury com- 
pounds indicate that each copper atom must be 
bound to sulfur in the protein. 

Chlorocruorin. Chlorocruorin has properties 
very similar to hemoglobin. It is restricted to cer- 
tain sessile marine annelids. One genus, Spirorbi * , 
contains several species of which one contains 
chlorocruorin in its blood, another has hemoglo j n 
and a third has no pigment at all* Another close y 
related worm, SerRula , has both chlorocraorfr* 



hemoglobin dissolved in the blood. This is the only 
animal known to have two blood pigments. Because 
each of these worms lives in a similar environment, 
no functional reason for these differences has been 
b uggested. The oxygen affinity of chlorocruorins is 
much lower than most hemoglobins. 

Hemerythrin. Hemerythrin is similarly re- 
stricted, and is found in a few annelid and gephy- 
rean worms, and the brachiopod, Lingula. It is 
found only in cells and has a molecular weight of 
68,000. As in hemocyanin, the oxygen is bound 
between two metal atoms each of which appears to 
be linked to sulfur atoms in the protein. The differ- 
ence is that the metal is iron in hemerythrin and 
copper in hemocyanin. [ a.t- .r. | 

Bibliography : D. L. Fox, Animal Biochromes 
and Structural Colours , 1953; S. W. Fox and J. F. 
Foster, Introduction to Protein Chemistry , 1957; 

F Haurowitz, Chemistry and Biology of Proteins , 
1950; C. L. Prosser (ed.), Comparative Animal 
Physiology , 1950. 

Respiratory system 

Hie system of oigans involved in the acquisition of 
oxvgen by an organism The lungs and gills are the 
two most important structincs involved in the phase 
known as external respiiation in which gaseous 
exchanges occur between the blood and environ- 
ment Internal respiration tefers to the gaseous ex- 
changes which occur between the blood and cells. 
Ceitain other structures in some species of verte- 
Inates serve as respiratory organs; among these 
aie the integument or skin of fishes and amphibians, 
fhe moist, highly vascular skin of anuran amphib- 
ian is important in respiration. Certain species of 
fish have a vascular rectum which is utilized as a 
respiiatory structure, water being taken in and 
ejected regularly by the animal. Sad ike cloacal 
structures occur in some aquatic species of turtles. 
These are vascular, and are intermittently filled 
'vith and emptied of water. It is thought that they 
mdv function in respiration. During embryonic life, 
the yolk sac and allantois are important respira- 
tory organs in certain vertebrates. 

Structurally, respiratory organs usually present 
a vascular surface that is sufficiently extensive to 
provide an adequate area of absorption for gaseous 
exchange. This absorptive surface is usually moist 
and thin enough to allow for the passage of gases. 
Thi -5 article treats the embryology and physiology 
°f the gills and embryology, anatomy, and histology 
°f the vertebrate lung and vertebrate respiratory 
Physiology. See Allantois; Gill (anatomy); 
Hemoglobin ; Lung; Respiration, external; 
KrspiRATORY pigments; Yolk sac. 

GILL DEVELOPMENT 

Primitive chordates. In the most primitive 
r hordates, the Acrania, there are really no gills at 
jH However, in all these animals, except one genus, 
A habdopleura , there is a pharyngeal region in 
, Uc h there are one or more (usually many) paired 
Vls ceral clefts with delicate intervening strands of 


Respiratory system 513 

tissue which constitute the primary bars or arches ; 
these are greatly augmented in some cases by 
the down-growth of tongues of tissue between them, 
which are termed secondary bars. There are also 
transverse connecting strands termed synapticulae 
in some species, such as Amphioxus. The bars and 
synapticulae usually contain supporting gelatinous 
or chitinoid rods; in Amphioxus the primary bars 
contain prolongations of the dorsal coelom. Most 
important, blood circulates through the bars and 
synapticulae during respiration and is aerated by 
water drawn in through the oral opening by the 
ciliated endoderm and passed out through the 
interstices of the basketlike structure. This arrange- 
ment also acts as a strainer to retain food particles, 
a situation duplicated by the animals with gills 

(Fig. 1). 

The gills of chordates are located in the pharyn- 
geal region. They are always related to the visceral 
arches and clefts. The latter structures are so de- 
fined because in vertebrates that respire entirely 
with lungs, the arches and clefts, or incipient clefts, 
lack gills, which exist only in the embryo and dis- 
appear or are highly modified in the adult. They 
always arise by the outpushing of pouches of 
endodeim, which are usually dorsoventrally elon- 
gated, through the mesoderm, which contact cor- 
responding in pushings of ectoderm. Where these 
meet and break through, clefts are formed and the 
intervening concentrations of mesoderm form the 
arches, which are covered internally by endoderm 
and externally by ectoderm. The number of clefts, 
the eventual content of the arches, and the extent to 
which the latter develop gills of one type or another 
will be indicated in the following diseussion. 

Visceral arches m craniates. In this group the 
typical number of paired visceral arches and 
pou< hes or clefts is six including the mandibular 
and hyoid arches with the intervening spiracle. 
However, the number mav be greater in some elas- 
mobianchs and cyclostomes, and less in some of the 
animals where these structures occur only in the 
embryos. In these cases the number of pouches 
which actually become clefts is usually very lim- 
ited ; for example, there are three pairs in the 



(«) to 


Fig. 1 . Amphioxus lanceolatus. Transverse section of 
(a) pharyngeal region, ( b ) intestinal region. (From T. J. 
Parker and W. A. HaswelJ, A Textbook of Zoology , 6fh 
ed., Macmillan, 1956 ) 
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chick, one pair in the cow, and normally none in 
the pig and man, in which the number of arches is 
reduced to five with the last vestigial. The blood 
vessels found in the arches in animals other than 
fish are of considerable phylogenetic interest. Thus, 
the vessels in the third visceral arches become the 
roots of the internal carotids, those of the fourth 
form a pair of aortae in amphibians and reptiles, 
or one of this pair an aorta in birds and mammals, 
whereas those in the fifth pair give tise to the 
pulmonary arteries. The pulmonary arteries are 
really the sixth pair of aortic vessels because a 
vestigial fifth pair occuis, together with the sixth, 
in the fifth visceral arches. 

In fishes, the aorta in each of the arches which 
bear gills, commonly four pairs, becomes altered 
and augmented to form the afferent and efTeient 
vessels of the gills of that aich. The precise method 
of alteration and final condition vanes somewhat in 
different groups of fish. 

In the elasmobranchs the ventral two-thiids of 
the original aortic arch persists as the afferent 
vessel. This heroines disconner ted from the dorsal 
third from which two vessels grow ventral! v. These 
and the dorsal third thus become the efTeient aortic 
arteries, and are connected with the affcient vessel 
through gill capillaries in a manner to he des< ribed 
below (Fig. 2b). The more anterior of the two 
growing vessels drains the posterior half of the 
arch preceding it, while the posterior half drains 
the anterior half of the arch following. In each 
arch the two efferent vessels have transverse con- 
nections midwav between them, and all the efTeient 
vessels on a ^ide are eventually united by a ventral 
vessel. The teleost condition represents essentially 
the reverse of what occurs in the clasmobram hs 
with respect to the origin of the afferent and effer- 
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Fig. 2. Diagrams illustrating development of adult 
branchial vessels in various fishes, (a) Original contin- 
uous embryonic arch cross lined. ( b ) Selachian, (c) In- 
termediate form such as Acipenser. (d) Teleost; newly 
developed vessels, white. In (b), (c), and ( d ) the original 
arch is interrupted. (From E. S. Goodrich , Studies on 
the Structure and Development of Vertebrates, reprint, 
2 vo Is., Dover, 1958 ) 
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Fig. 3 Section across gill-bar of Scylhum camcu/a, 
late embryo 32 mm long, showing blood supply to 
lamellae (From E S Goodrich, Studies on the Structure 
and Development of Vertebrates , reprint, 2 vo/s., Do- 
ver , 1958 ) 


ent vessels. Thus, in the teleost it is a new up 
growth from the base of the original arch whiih 
comprises the afferent vessel. whereas most of tin 
original aortic art h forms the efferenf vessel In 
this case also there is only one efferent vessel in 
each visceial arch (Fig. 2d). K situation whit h i“ 
intermediate with respect to the origins and thar 
acter of these vessels will he found in Fig 2< , a 
condition occurring in A(ipen.scr % Anna , and Lcpi 
dosteus . although in detail these situations are not 
precisely as shown in the diagram. 

Branchial gills. The term branchial gills is used 
because there are gills and structures functioning 
as gills which arc not alwa>s in the pharyngeal 
region. There are generally considered to he two 
kinds of branchial gills, external and internal. In- 
ternal gills are partly distinguished from external 
gills by a cover or operculum. Because the teleo 
stome internal gill is apparently derived from the* 
elasmohranc h type, the elasmobranch gdl will he 
discussed first. 

Elasmobranch gill. The mesodermal core of 
each branchial arch in these fish soon develops 
within it a delicate cartilaginous bar slightly proxi 
mal to the vessels in addition to the median afferent 
and two lateral efferent vessels already mentioned 
The arches also become supplied by branches of 
the ninth and tenth cranial nerves (the hyoid bv 
the seventh), and acquire muscle fibers derived 
from the walls of coelomic extensions with which 
the arches are temporarily invaded. From the outer 
side of each arch there now grows along its dorso 
ventral extent a thickish sheet of tissue which de- 
velops along its border two indentations or cleft*'* 
tending to divide the single sheet into an anterior, 
median, and posterior layer. The indentations never 
become very deep, however, so that these layers are 
essentially one. The middle layer or part of * 1 
sheet becomes the septum, consisting of connective 
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tissue and a little muscle and covered, where it is 
free, with epithelium. The anterior and posterior 
layers on each side of the septum then become half 
gills or hemibranchs and the whole structure a 
holobranch (Fig. 3). 

Along the surface of each anterior and posterior 
layer there arises a series of transverse folds of 
tissue extending outward from the arch (Fig. 4). 
These are primary lamellae covered by an epithe- 
lium, flat for the most part, but with some colum- 
nar or cuboidal secretory cells. Between the epithe- 
lial cells there is connective tissue which contains 
throughout each lamella a loop from the afferent 
and adjacent efferent vessel of the arch. Another 
series of folds transverse to these lamellae develops 
next on the dorsal and venlral surface of eac h pri- 
mary lamella. They are the secondary lamellae, 
whose internal surfaces are connected by numerous 
columnar cells which send out delicate protoplas- 
mic strands beneath the epithelium of the folds. 
They are termed pilaster cells, and a network of 
capillaries runs among them connecting the affer- 
ent and efferent loops in the respective lamella 
(Fig. 5). A cartilaginous ray extends outward 
along the base of each primary lamella at the 
boundary between the posterior layer or hemi- 
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^9- 4. Diagrammatic representations, (a) Posterior 
view of gill arch and gill (hemibranch) from right side* 
°l the head of an elasmobranch. (b) Same view of 
teleost arch and gill, (c) Horizontal section along the 
* e ngth of a pair of primary lamellae and the septum of 
holobranch of an elasmobranch. (d) Horizontal sec- 
’ !0n through three tissue layers between primary lamel- 
* Ce of an elasmobranch. (e) Horizontal section along 
’he length of a pair of filaments of a teleost holo- 
h f anch. (f) Horizontal section between the filaments of 
Q teleost holobranch, hence through the arch and re- 
^ains of the septum only. 



Fig. 5. Diagram of a section through a part of a sec- 
ondary lamella, showing connection with a primary 
lamella. ( Modified after Goodrich ) 


branch and the septum and helps to support the 
entire gill (Figs. 3 and 4r). In the elasmobranch 
gill the young primary lamellae of the posterior 
hernibranch grow outward as filaments beyond the 
edge of the special type of elasmobranch operculum 
(Fig. 3). These temporary filaments are therefore 
essentially external gills, although in both origin 
and structure they are unlike the “true” external 
gills, described below. Because they occur only in 
the unhatrhed fish, where they float in the albumi- 
nous fluid of the egg. they are probably as much for 
food absorption as respiration. The septum of each 
holobranch grows out beyond the gill in these fish, 
and turns posteriorly beneath the outer skin to the 
posterior edge of the following cleft, thus forming 
for the latter an individual cover, or operculum. 
Each branchial arch develops an anterior and 
posterior row of papillae on its internal border, 
sometimes covered with enamel. These are the gill 
rakers. They act as strainers to prevent the escape 
of food (Fig. 3) . 

Gills of Holocephali. In this subclass, the gills 
are similar to those in the elasmobranchs, although 
arranged slightly differently with respect to the 
arches. 

Cyclostome gill. Although this class may be 
considered to be the most primitive of all the 
craniates, its consideration has been delayed be- 
cause the gills present a highly specialized condi- 
tion most easily described as a variant of the elas- 
mobranch and holocephalic type. The beginning 
development is similar to that in the two former 
classes. The septa are soon drawn out. however, So 
that the clefts become elongated tubes that some- 
times open separately, as in Bdellostoma , or unite 
to open through a single orifice, as in Myxine . The 
gills proper have primary and secondary lamellae 
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as in the elasmobranchs, and occur as hemibranchs 
on the sides of the septa near the pharynx where 
the tubes become enlarged into spherical pouches. 
The pouches open directly either to the pharynx 
or through very short ducts. The pharyngeal region 
becomes divided during development in the lam- 
preys into an upper esophageal portion and a 
ventral respiratory tube with a blunt posterior end- 
ing. It is this ventral portion which gives rise to the 
gill slits. The number of slits, eventually pouches 
and ducts, varies greatly in this class ranging from 
6 to 14 in different species of Rdellostoma ( Fig. 6) . 

Teleostome gill. With a few exceptions to be 
noted below, it is possible to describe the gill 
situation in most of the teleostomes by indicating 
the ways in which it differs from that of the elas- 
mobranchs. Although the holobranchs start to de- 
velop from the four branchial arches, as in the 
latter group, the teleostomes generally lack an 
open spiracle and the hemibranch related to it. In- 
stead there is often a so-called pseudobranch which 
is probably glandular; usually no temporary fila- 
mentous external gills occur; the septum grows 
out only a very short distance, and the anterior 
and posterior hemibranchs continue to grow out, 
not as sheets, but as numerous free filaments, cor- 
responding to the primary lamellar folds (Fig. 
46, e, /). The secondary lamellae develop in the 
same way from these and with the same histological 
character as in elasmobranchs. Although there is 
only a single efferent artery in the arches of most 
teleostomes (Fig. 2d ), the circulation in the fila- 
ments and secondary lamellae is similar to that in 
the primary and secondary lamellae of the former 
class. Another difference is that instead of a single 
ray extending between each primary lamella of the 
posterior hemibranch and the septum there is a ray 
in each pair of filaments of a liolobranch (Fig. 
46, c). Lastly there is a single operculum on each 


side, attached anteriorly to the hyoid arch, and 
covering all the gills. Each operculum is a sheet 
of tissue in which are embedded three flat bones 
the operculars. Gill rakers are present in one or 
more (often two) rows, sometimes supported by 
ossifications (Fig. 6rf). 

There are a few exceptions to the situation just 
described. The gills of Acipenser are about half- 
way between those of elasmobranchs and typical 
teleostomes, whereas the gill filaments of the lopho- 
branchs consist of tufted processes. 

Dipnoian gill. The Dipnoi may be considered as 
a sort of connecting link between the fishes and the 
amphibians. In Diprtpi there are both internal and 
apparently true external gills. These latter gills 
exist in the embryos of all the Dipnoi, and vestiges 
of them persist in the adult where they are attached 
to the last three pairs of arches. The internal gills 
in this group arc reduced in correlation with the 
accessory respiration furnished by the lung or 
lungs. The septa are somewhat diminished, caus- 
ing the primary lamellae to become partly fila- 
mentous, but without rays. The two to four pairs of 
holobranchs sometimes have hemibranchs on the 
hyoids. on the last pair of branchial arches, or both. 

Other respiratory devices of fish. In addition to 
pharyngeal gills of the types indicate^, there are 
also other aquatic respiratory mechanisms, which 
sometimes occur in quite different locations. One 
such organ, although still associated with the 
pharyi}$, is found in Anabtis , tire climbing perch. 
In this fish some of the pharyngeal bones are de- 
veloped into folded plates covered with vascular 
epithelium through which respiration ran omn. 
This arrangement is covered by the operculum, and 
can be kept moist for extended periods out of watei. 
In one of the phyostomes, Amphinous , anothei 
pharvngeal derivative acting as a gill consists of 
vascular sacs opening out through the spiracles 
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Fig. 6. Diagrams of head, (a) Bdellostoma. ( b ) Myx/ne. 
(c) A selachian, (d) A teleost. Dorsal view partly dis- 
sected to show arrangement of gills. ( From E. S. Good- 


rich, Studies on the Structure and Developing 
Vertebrates, reprint, 2 vo/s., Dover, 1958) 
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Another peculiar structure used for respiration is 
the tail fin of an Indian Ocean fish which is im- 
mersed while the fish basks out of water. One of 
the Dipnoi, Lepidosiren , despite its lungs, appar- 
ently develops respiratory filaments on the paired 
hns. One of the siluroids practices rectal respira- 
tion by slicking in and expelling water from the 
anus. 

Gills in Amphibia. Almost all amphibians have 
gills at some time during development, and some- 
times as adults. At least part of the time these are 
of the true external type as compared with the fila- 
mentous variety previously mentioned. Although 
some authorities consider that the diffei cnees be- 
tween the internal gills and what are termed true 
external gills are not very significant, it seems that 
in this class of animals these differences are suffi- 
cient to demand some notice. Generally speaking 
true external gills in amphibians may be distin- 
guished from the gills, internal or external, already 
disc ussed in that they arise from the outer borders 
of the gill arches rather than the sides, they differ 
in certain details of structure, and they are covered 
bv an operculum. 

Each gill of the type under consideration is com- 
posed of a rather heavy main stem or rachis which 
anses first. This is much thicker than the filaments 
of ieal internal gills, and has been compared to the 
modified septum of such gills, which is otherwise 
entirely lacking in the variety now being desc ribed. 
In those amphibians in which external gills are 
entirely larval, this rachis usually gives rise to 
further rather blunt, short, fingerlike pro< esses 
The epithelium of such gills is ciliated, and within 
the rachis, at least, are muscle fibers o that the 
pills can he moved. The rachis also contains an 
arterial loop with extensions into ea< h branch 
(Fig 7). Gills of this type which are typically 
found in an anuran, such as the frog, spring from 
the upper parts of the first thiee pairs of branchial 
anhes, those from the first pair are the most 
prominent, overlapping and concealing the other 
two pairs. 

These external gills in the anurans and manv 
urodeles soon begin to be absorbed and are covered 
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^'9 7. (o) Relations of external and internal gills. 

External gill development* ( After Maurer , from E S, 
Goodrich, Studies on the Structure and Development of 
Vertebrates, reprint, 2 vo ls„ Dover, 1958) 



Fig. 8. Head and gill form, (a) Pseudobranchus 
stnatus ( b ) Siren lacertina. Drawn from living speci- 
mens approximately 6 in in total length. (From G. K. 
Noble , The Biology of the Amphibia , Dover , 1954) 

by hack-growths of tissue from the hyoid arches, 
which are continuous across the ventral side of the 
throat. This tissue contains no cartilaginous or 
bony plates and constitutes an operculum which 
fuses with the body wall everywhere* posterior to 
the gill slits, except for one or two small openings 
termed spiracles through which water from the 
clefts leaves the branchial c hainber. These spiracles 
are not at all homologous with those previously 
mentioned. 

Meanwhile as the operculum is completed the 
external gills are absorbed, and in the Anura 
double rows c>f outgrowths on the borders of the 
first three pairs of branchial arches and a single 
row on the anterior border of the fourth are de- 
veloped in their stead. These processes are quite 
similar to the processes which arose from the main 
rachis of the external gills, except they are shorter. 
They are termed internal gills, chiefly because they 
are covered by an open ill urn. but they are still not 
highly filamentous, and lack anv part of a septum. 
Hence they may be regarded as reduced external 
gills which are covered (Fig 7) There are, never- 
theless, parts connected with these gills which 
appear to lie closed v related to similar parts con- 
nected with the internal gills of fish. The inner 
margins of the gill arches bear double rows of 
papillae whieh correspond, at least in function 
fading as strainers), to the gill rakers of the 
former group. 

In certain of the urodeles. such as Necturus and 
others, the original gills are never covet ec^, nor 
absorbed, but persist throughout life as actual ex- 
ternal structures. In these cases, however, they 
differ somewhat from the larval external gills just 
described. The rachis is larger and heavier, and the 
secondary branches give rise to numerous fine, short, 
tertiary outgrowths, giving the whole structure a 
bushv effect (Fig. 8). Although apparently un- 
necessary, some of the clefts between these sets of 
gills remain open, for example, one pair in Pseudo - 
hranrhus , two pairs in Necturus , and three in Siren . 
This retention of the gills and clefts in such forms 
has been regarded as an example of neoteny, that 
is. the persistence of larval characters in sexually 
mature animals. See Neoteny. 
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Other amphibian respiratory devices. In the 

amphibians as in fish there are various peculiar 
structures which act as gills. Thus, in the marsupial 
frog the two anterior pairs of gills are transformed 
into vascular wrappings which surround the body, 
whereas the balancers of some salamanders have 
been said to have a partly respiratory effect, al- 
though this is doubtful. The skin in amphibians 
certainly has a respiratory function, and that of 
Cryptobranch us is thrown into vascularized folds 
which are waved about. Also in the hairy frog the 
skin of the breeding male develops filamentous 
processes which aid in respiration. 

Gill ectoderm and endoderm. It has been 
claimed that the epithelium of internal gills is 
endodermal, but because the boundary between 
endoderm and ectoderm is indistinguishable by the 
time the gills arise, this is difficult to prove. It has 
also been stated that the ectoderm glows inward 
and covers the areas from which the gill lamellae 
and rakers develop, thus making the epithelium of 
these parts ectodermal. This would at least account 
for occasional rakers with enamel, a substance sup- 
posed to he derived only from ectoderm. The point 
of origin of gills designated as truly external marks 
their epithelium as clearly ectodermal; this is also 
probably true of the later internal gills of those 
amphibians which have them. [k.s.m. | 

COMPARATIVE PHYSIOLOGY OF GILLS 

The functions of gills in fish are considered be- 
cause these animals have been studied more ex- 
tensively than others. The gills of fish serve for the 
exchange of materials between the blood and water. 
They are permeable to certain substances ol im- 
portance to the economy of the organism, notably 
oxygen, carbon dioxide, and the nitrogenous wastes, 
ammonia and urea. These are transferred through 
the gill bv simple diffusion. In addition the gills 
are somewhat permeable to water, a circumstance 
for which most fish must compensate by the active 
transport of certain ions to maintain their osmotic 
balance. A significant part of this latter function is 
also carried out bv the gills. The gills cannot be 
considered by themselves alone, because their func- 
tioning depends as much on the systems which 
bathe their external surface with water and their 
internal surface with blood as it does on the gills 
themselves. 

Gill filament. The fundamental unit of the gill is 
the gill filament. The filaments are long, flattened, 
slightly crescent-shaped structures extending later- 
ally from openings in the side of the pharynx. Fila- 
ments on the opposite sides of a given pharyngeal 
opening arch towards each other, at least at their 
lateral extremities, their tips meeting and thus 
enclosing a space between the filaments and the 
pharyngeal opening that may be termed the pre- 
branchial chamber. External to the arched free 
portions of the filaments is a postbranchial chamber 
that communicates with the exterior through an 
opening in the body wall. 

Lamellae. The gill filaments bear two important 
types of structure. The first of these is the second- 


ary lamella which provides the actual surface for 
diffusion. The lamellae are almost microscopic, 
somewhat semicircular, leaflike extensions trans. 
verse on the flat faces of the filament. They consist 
of a loose web of supporting tissue so that there are 
extensive blood lacunae within them. They aie 
covered by an epithelium of a single layer of celjs 
a circumstance which provides the least barrier to 
diffusion. The lamellae do not extend completely 
across the filament but stop short of its post- 
branchial edge. Thus, even in those groups m 
which the filament is fixed, a septum extends along 
most of its postbranchial margin and there is a 
channel beyond the lamellae that leads to the post- 
branchial chamber. There are 10-30 secondary 
lamellae per millimeter of gill filament, and the 
lamellae of adjacent sides of two neighboring fila- 
ments interdigitate. The effect of the whole array 
of filaments is that of a mesh of tiny channels 
between the interdigitated lamellae. Water is 
pumped through this mesh from the prebianc liial 
to the postbranchial chamber. 

Blood enters the lamella at the postbranchial 
end ol its base and leaves at tin* prebraneliial side 
where it is collected by the efferent blood vessel, 
a prominent feature in gills as ordinarily seen in 
injected specimens in the anatomy labor atm \ 
Blood and water thus travel in opposite direction^ 
as the blood flows through the lamellae and the 
water through the tiny spat es between them. This 
arrangement provides for a highly efficient transfer 
system. Up to at least 80% of the oxygen content 
of the water may be removed as it passes over the 
gills of a quietly breathing fish. It may he pre- 
sumed that the other diffusible substances air 
transferred with similar efficiency. 

Chloride-excreting cell. The other type of stria 
ture of importance to the special func tions of the 
gill is the so-called chloride-excreting cell. These 
are columnar acidophilic cells that are concen- 
trated in the postbranchial region of the filament 
and associated with the afferent blood supply. They 
are clustered about the bases of the lamellae and 
occur on the face of the filament itself. 

Osmotic and ionic regulation. There is a mn 
stant loss of water in marine fish, except for the 
hagfishes and the elasmobranchs in which, for 
different reasons, the blood is isosmotic with sea 
water. The loss is made up by swallowing sea watei 
Univalent ions absorbed in the sea water are 
excreted through the gills; and the agent for this 
excretion is considered to be the chloride-excreting 
cell. In fresh water, the osmotic shift of water i*» i n 
the reverse direction. In this case, the excreting 
cells reverse their polarity and transfer chloride 
from water to blood. It has been suggested that 
there may actually be two types of chloride cell, at 
least in the cyclostomes, one type regressing an 
the other type developing as the fish passes from 
salt to fresh water, rather than the reversal of the 
action within the same cell. 

Branchial system. There are comparative di * 
ferences in each component of the branchial system- 
There are wide quantitative differences in th e arca 



of the gill surface and in the dimensions and the 
spacing of the lamellae. Such differences are largely 
associated with adaptive radiation. Active pelagic 
species tend to have large, finely divided surfaces 
while more sluggish demersal species tend to have 
less lamellar surface and somewhat coarser chan- 
nels. Those fish which have organs for bieathing 
air, in addition to gills, have reduced gill surfaces. 
There are also wide quantitative differences in the 
oxygen capacity of the blood and in the nature of 
the loading curve of the hemoglobin which also 
appear to he of adaptive significance. Active fish 
tend to have blood of higher oxygen capacity; the 
blood of those which live in well-aerated waters re- 
quires a relatively high partial pressure of oxvgen 
for saturation. There are also major differences in 
the sensitivities of fish bloods with respect to the 
effect of the presence of carbon dioxide on the 
oxvgen capacity. These, too, probably have their 
part in fitting the various species for the environ- 
ments in which they are found. 

'Hie major phylogenetic change in the gill system 
has been in the means of irrigation. In the marsipo- 
branths and the elasmobranchs there is a series of 
individual brant hial t hambei^ to the walls of whit h 
the gill filaments are fixed for the majoi length of 
their postbianchial margin. Each chamber also has 
its own exteinal aperture with its own valve (except 
in the thimaerids) Thus, in these groujis there 
is a very rest rit ted posthiaiu hial thamhei. In the 
highei fishes the gills are no longer in a series of 
sepaiate chainbeis; the walls have been reduced 
to an arch which hears the blood vessels and the 
supporting cartilages, and a new structure, the 
<>j>er< ilium and the branchiostegial apparatus, has 
evolved as a posterior extension of the head to 
cover the otherwise exposed gills. This new stru - 
hire allows for an extensive posthranchial ehambei 
and forms an important addition to the system 
for passing water over the gills. In the more primi- 
tive forms water is forced through the interlamellar 
mesh largely by pressure exerted by decreasing the 
>olume of the oral cavity. In the highei forms with 
the extensive posthranchial chamber, water is 
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drawn through the gills by the expansion of this 
chamber as well as forced through them by the 
constriction of the oral cavity. These two processes 
of suction and pressure are synchronized to permit 
the intake and expulsion of the respiratory water 
to take up but a minor fraction of the total respira- 
tory cycle and thus to allow an almost continuous 
passage of water over the gills. The freeing of the 
filaments from the walls also makes for a less 
restricted passage for the respired water. The suc- 
tion pump appears to he most highly developed in 
demersal species. When fish are swimming, water 
may he passed over the gills simply by the fish’s 
leaving the mouth and the external branchial pas- 
sages open. Thus, in pelagic species, the pumping 
apparatus, whatever its nature, may be reduced. 
It is possible that any advantage the more efficient 
pumping system may confei on the higher fishes 
operates only under conditions of rest or when they 
aie recovering from exercise. [f.l.j.f.] 

EMBRYOLOGY OF THE LUNG 

Lung. The lung is an organ adapted to respira- 
tory exchange of gases between air and the blood of 
vertebrates. It ranges from the simple swim bladder 
of dipnoid fish to the large spongy, compound air 
sac of man. The story of the lung includes the 
evolution of certain vital ac< essories to respiration, 
the diaphragm and thoracic wall. All lungs cor- 
respond in originating as a pocket fmm the 
phaiynx near the level of the sixth aortic arches 
which furnish tin* blood supply, in innervation by 
rhe vagus nerve, and in their embryonic position in 
the abdomen. This position is retained in the adult 
of fish, amphibians, and leptiles and partially re- 
tained in birds, but in mammals the lung is segre- 
gated from the abdomen in fetal life into a new- 
formed thoracic cavity (Fig. 9a, 6, and r). See 
Phxrvnx; Swim hladder. 

Extrusion of the lung. In the extrusion of the 
lung from the abdominal cavity it first invaginates 
the cervical aponeurosis of the abdomen and in so 
doing enters the space being formed between the 
inner and middle layers of the body wall, the pleural 



^‘9- 9. Position of the lung, (a) Fish and amphibians. 

Birds, (c) Mammals. (After Keith by permission of 
J D- Boyd and the Cambridge University Press ) 
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Fig. 10. Diagram showing lung in an amphibian 
(Surinam toad) and muscles from which the diaphragm 
is evolved. (After Sir Arthur Keith by permission of Ed - 
ward Arnold Ltd.) 




Fig. 11. Lung extrusion in (a) amphibians, (b) birds, 
(c) mammals. (After Keith by permission of J . D. Boyd 
and the Cambridge University Press) 


cavity. These events bring the lung to an anterior, 
thoracic position, and also allow it to develop an 
apex, both important in respiration. In amphibia 
(Fig. 11a) the lung comes to lie in the pleuro- 
peritoneal cavity. It is infrapericardial, with both 
the root and apex in the same plane. Figure lib 
represents the condition in birds in which an apex 
grows cranially beyond the root of the lung. Thus, 
the entire lung remains abdominal, because the 
apex carries forward the entire cervical aponeuro- 
sis. The human lung becomes supradiaphragmatic 
(Fig. 11c). The diaphragm is represented by only 
a thin layer of the aponeurosis that is carried for- 
ward (Gibson’s fascia) and the remainder of the 
aponeurosis serves to close the passageway. More- 


over, the root also is carried forward, and in man it 
becomes closely bound to the pericardium (Fig. 12). 

The pericardial bond is of primary importance in 
man and the great anthropoids because the peri, 
cardium is bound also to the central tendon and 
diaphragm (Fig. 12). The part of the lung above 
the pulmonary root is relatively large, and the apex, 
located at a fixed point at the level of the neck of 
the first rib, can expand when the diaphragm con- 
tracts and pulls the root and heart in a downward 
and forward direction (Fig. 13). Upon expiration 
they move in the reverse direction. In the typical 
mammal, there is little or no contact of the dia- 
phragm with the pericardium, and the part of the 
lung above the root relatively small (Fig. 14). 
Here the descent of the diaphragm has little effect 
on the movement of the heart and pulmonary roots. 
Instead, the azygos lobe expands between the 
esophagus and inferior vena cava into the subperi- 
cardial space beside the pericardial mesentery. 

The body wall becomes an inspiratory mechanism 
in reptiles, as a result of the ribs, sternum, and 
intercostal muscles which evolve in the middle laver 
of the wall. In phylogeny the first interimisrular 
septum to extend completely to the median ventral 
line is that behind the seventh segment of the rectus 
abdominis in the amphibian Necturus maculatm 
In this septum the first sternal rib tfevelops in 
typical reptiles and mammals. 
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Fig. 12. Diagram to show connections of the dia- 
phragm, pericardium, and root of the lung in man. 
(After Keith by permission of J . D. Boyd and the Cam 
bridge University Press ) 




Fig 13 Diagram showing the actual respiratory move- 
ments of the diaphragm, pericardium, and root of the 
lung in higher mammals. Broken lines show change in 
position of thorax and viscera during inspiration. ( After 
Keith by permission of J. D. Boyd and the Cambridge 
University Press 1 

Amphibian lung. The amphibian lung is bifid 
and each half piojects into the abdomen above the 
pericardium and liver (Fig. 10). The inner surface 
of the lung presents folds and ridges which in- 
crease respiratory surfaces. Air is pumped into the 
lung by pharyngeal muscles and in the absence of 
nils is forced out by abdominal muscles. 

Reptilian lung. The collapsed lung of Iguanodon 
iFjg. 15), extends forward to the cervical aponeu- 
rosis. The 8th to 14th ribs are complete, and three 
cervical ribs can both expand and compress the 
^pex of the lung. The sternum is a stiong fulcrum 
fot the costal cartilages. The cervical part of the 
lr unk is increased in length so that the head and 
pharynx are carried away from the heart. Whereas 
,n amphibians the swallowing of air tends to force 
Pulmonary blood out of the lungs, in the lizard the 
negative pressure produced by its costal mechanism 
draws both air and blood into the lungs. 

Birds. Lungs in adult birds are extra-abdominal, 
ex < ?pt the posterior ends which are dilated to form 
ahdoniinal air sacs. However, the avian lungs have 
Brown through the cervical aponeurosis of the 
a ^domen into a new space in the body wall, the 
Plural cavities (Fig, 16). Air sacs develop in this 
a Poneurosis and the septum is divided by these into 
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two layers, the dorsal or pulmonary, and ventral or 
abdominal (Fig. 16). If these lungs were removed 
from the thorax and the avian septum were re- 
placed against the dorsal wall, the 3-layered body 
wall of the amphibian would be restored. Although 
the lungs are in the thorax, the air 9acs remain in 
the abdomen. 

Human embryo. The lung in the 5-week human 
embryo lies in the abdomen. The septum transver- 
sum in man consists of a ventral part (Fig. 176,c) 
representing the entire septum of amphibians 
(Fig. 11a), and a dorsal part representing a fusion 
of the amphibian cervical aponeurosis with the 
dorsal wall of the pericardium. The common car- 
dinal vein (Fig. 176,c) runs in the anterior part of 
the septum next to the wall of the pericardium. The 
lung (Fig. 17 b,c) lies medial to the Wolffian fold 
which is attached to the mesonephros dorsallv, the 
liver ventrally, and the septum in front with its free 
border looking backward. In the amphibians the 
lungs grow backwards in the abdomen and are 
attached to the mesentery between the aorta and 
esophagus above and liver and stomach below. In 
the human embryo they advance medial to the 
septum (Fig. 176,c), then evaginate laterally into 
the dorsal part of the septum between its anterior 
part which contains the common cardinal vein 
next to the pericardial roof, and the posterior part 
which develops to become the pleuroperitoneal 
membrane. 

After this extrusion of the human lung from the 
abdominal cavity, the lung lies next to the medial 
surface of the middle layer of the bodv wall. Upon 
removal of the body wall, the lungs are exposed. 



Fig. 14. Diagram showing discontinuity of the dia- 
phragm with the pericardium and hilum of the lung in 
the typical mammal (rabbit). {After Keith by permission 
of J . D. Boyd and the Cambridge University Press ) 
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Fig. 15. Diagram of the reptile, iguanodon sp., show- 
ing the abdominal lung. (After Keith by permission of 
J. D. Boyd and the Cambridge University Press ) 


The lungs can grow in a forward or backward di- 
rection, and ventrally between the inner and middle 
layers of the body wall pari passu as these open 
up. The site of extrusion (pleuroperitoneal open- 
ing) need only close, and the lung will occupy new, 
completely enclosed, pleural cavities. 

ANATOMY 

The shape and volume of the lung, because of its 
pliability, conforms almost completely to that of 
its cavity. The lungs are conical (Fig. 18) : each 
has an apex and a base, two surfaces, two borders, 
and a hilum. 

Thoracic cavity. The apex extends into the 
superior limit of the thoracic cavity. The base is 
the diaphragmatic surface (Fig. 18). The costal 
surface may show hulgings into the intercostal 
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Fig. 16. Diagrammatic cross section of the thorax 
(lung), abdomen, and pericardium in the pigeon. 
(After Keith by permission of J. D. Boyd and the 
Cambridge University Press ) 



Fig. 17. (a,b) Diagram of human embryo of 5 

weeks to show initial process of lung extrusion. (c) Hu- 
man embryo of about 7 weeks showing extrusion into 
the cervical aponeurosis. (After Keith by permission of 
J. D. Boyd and the Cambridge University Press) 


spaces. The medial surface has a part lying in the 
space beside the vertebral column, and a part im- 
printed by the form of structures bulging outward 
beneath the mediastinal pleura (Fig. 19). Th e 
hilum and pulmonary ligament descending from it 
are notable. The cardiac impression is deeper on 
the left lung because of the position of the heart. 
The aorta arches over the left hilum, and the azygos 
vein over the right. Joining the right cardiac im- 
pression are the groove for the superior vena cava 
in front of the hilum and that for the inferior vena 




notch 

Fig 18 The lungs, anterior aspect ( After Grant by 
permission of the Williams and Wilkins Company) 


tdvd in front of the pulmonary ligament Othei 
impressions shown in the figuies aie those of the 
esophagus and trachea, the left subclavian artery, 
and brachiocephalic or innominate vein The bor- 
deis of the lung are pinched extensions between 
the pern ardiuin and body of the sternum (anterior 
bui del ) and between the diaphragm and body wall 
I inferior bolder) The inferior limit of the thoracic 
<avil\ on both sides is i elated to libs 8 10. and 12, 
whereas the lower borders of the* lungs stop at ribs 
h 8 and 10, and the unocc u pied space is the* costo 
diaphragmatic recess on both sides The c ardiac 
notch is the absence of lung because of pressure 
liom tin heart A similar but smaller, notch is 
made in the nuclei Ivmg pinna, which gives use to 
the left c ostomc cbastmal i ec ess 

I he oblique fissure cuts through the rostal, 
diaphragmatic and medial surfaces to the root of 
the lung (Fig 18) In the right lung the horizontal 
fissure tuns hackwaid from the anterioi border and 
meets the obltcpie fissure in the midlateral line 
Thus, the right lung has thiee lobes, supenoi, 
middle, and inferior, wheieas the left lung has two, 
the supenor and inferior The lingula, or antein 
inferior part of the left upper lobe and the c ardiac 
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notch above it correspond to the middle lobe of 
the right lung ( Fig. 18 ) . 

Bronchopulmonary segments. For convenience 
in exploration and study of the lung, it may be 
divided into anatomic al areas. The bronchial tree 
branches mainly bv dichotomy (Fig. 20). The ulti- 
mate generations, that is, the respiratory bron- 
chioles, alveolar ducts, and alveoli constitute all of 
the respiratoiy poition of the lung. This respira- 
torv poition (Fig 21) consists of 10 segments in 
the right lung and 8 in the left, each of which is 
supplied by a tertiarv branch of the branchial tree 
(Fig 20) Two or more of the segments make up a 
lung lobe. Further, the primary bronchi (from the 
trachea ) divide as secondary bronchi, three on the 
right side and two on the left, corresponding to the 
lobes of the Jung Because the uppei left lobe re- 
sults from the fusion of two lobes, the prospective 
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Fig 20 The 10 right and 8 left segmental bronchi. 
(After Jackson and Huber by permission of the Williams 
and Wilkins Company) 



^*9 19. Impressions on the mediastinal surfaces of the 
,u ngs (After Grant by permission of the Williams and 
Wilkins Company ) 
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left upper and middle lobar bronchi become par- 
tially fused. As a result, the four segmental bronchi 
of the upper lobe are not tertiary, but bronchi of 
the fourth division of the tree. However, there is 
great similarity in the structure of the right and 
left bronchi. 

The trachea and extrapulmonary bronchi are 
kept open by C-shaped bars of hyaline cartilage. 
Within the lung the bars are arcs staggered in the 
bronchial walls at different levels. When in their 
branching the bronchi and bronchioles are reduced 
to a diameter of 1 mm or less, they are then free of 
cartilage, and are called terminal bronchioles. One 
of the terminal bronchioles enters the apex of a 
secondary lobule of the lung. These secondary 
lobules are anatomic units of the lung whose 
hexagonal bases, 10-20 rnm in diameter, rest on 
the pleura (Fig. 21), or next to a bronchiole or 
blood vessel, and whose apices point toward the 
hilum. Finer lines divide the bases of the secondary 
lobules into smaller areas (Fig. 20). These are the 
bases of primary lobules each served by a respira- 
tory bronchiole. 

Blood supply. The blood supply to the lung is 
provided by the pulmonary and the bronchial 
arteries. The right pulmonary artery runs dorsal Iv 
between the right upper and middle lobe bronchi, 
so that the upper bronchus arises 1 in. from the 
trachea. The left pulmonary artery and the arch of 
the aorta pass dorsallv between the trachea and the 
left upper lobe bronchus so that the latter is 2 in. 
from the trachea. Each pulmonary artery divides 
into 10 branches which follow closely the postero- 
superior walls of the segmental bronchi. Thev take 
the names of the 10 right segmental bronc hi. 

The bronchial arteries arise on the left side from 
the aorta and on the right from either an intercostal 



Fig . 21. The 10 right and 8 left bronchopulmonary 
segments. (After Jackson and Huber by permission of 
the Williams and Wilkins Company) 



Fig. 22. The subdivisions of the lung ( After Grant by 
permission of the Williams and Wilkins Company ) 


or the left bronchial artery. They supplv the walls 
of the bionclu, pulmonary vessels, and lyfhph nodes 
They pass with the radicles of the pulmonary veui 
through the interlobular septa and supplv the 
pulmonarv pleura Blood delivered to the lung b\ 
the bronchial arteries is returned by the radicles of 
the pulmonary veins, except that to the largest 
bronchi, which is returned by the bronchial veins 
to the a7> gos veins. 

The pulmonary veins have 10 branches; their 
main stems run in the medial or inferior sides of 
the bronchi. Because their tributaries run inter 
segmental ly and drain adjacent segments, and be 
cause the arteries may cross intersegmental bound- 
aries, a bronchopulmonary segment would not be a 
morphologic bronchovascular unit. The upper and 
lower lobes of the left lung send an upper and a 
lower pulmonary vein, respectively, into the left 
side of the left atrium. The upper and middle right 
lobes provide the upper vein to the right side of the 
atrium. 

Lymphatic channels are not found in interalveo- 
lar partitions, but occur everywhere else in the lung 
except in cartilage. There are two main sets of lung 
lymphatics, those in the pleura, and those within 
the lung. The latter begin at the alveolar ducts and 
follow the bronchi and pulmonary vessels to the 
lymph nodes at the hilum. Those in the pleura form 
secondary and primary networks in the lobular 
septa, and drain into the hilar lymph nodes. 

Nerve supply. The nerves which supply the lung 
are branches of the vagus, and of the thoracic 
sympathetic ganglia 2, 3, and 4. Efferent vagal fibers 
are bronchoconstrictor and secretory, whereas the 
afferents are part of the arc for the breathing re- 



flex. Efferent sympathetic fibers are bronchodila- 
tors; hence, the use of adrenalin for relief of 
bronchial spasm resulting from asthma. 

HISTOLOGY 

Essential to lung function, histologically, are the 
respiratory passages, pleura, blood vessels, lym- 
phatics, and respiratory surfaces proper. 

Epithelium. Between the cartilage in the walls 
and the surface epithelium of the air passages are 
serous and mucous glands which continuously pour 
their secretion through ducts to the surface of the 
epithelium. Also between the cartilage and epithe- 
lium below the trachea are smooth muscles which 
increase relatively in amount with decrease in size 
of the bronchioles. In the terminal bronchioles 
which are free of cartilage, smooth muscle is the 
main constituent and may close the bronchiole, as 
in asthma. The epithelium is the respiratory type; 
that is, the cells are tall and capped by motile 
cilia. The cilia wave toward the throat, carrying 
along the secretions of the glands laden with in- 
spired dust. 

Pleura. The pleura lines the outer surface of the 
lung and the inner surface of the pleural cavity. It 
consists of a laver of flattened mesothelial cells, 
and an underlying layer of collagenous and elastic 
hhers which support numerous blood and lymphatic 
capillaries, fibroblasts, and macrophages. The 
pleura continuously pours out a mucoid exudate 
which lubricates the opposed surfaces. The pleura 
is pink in the newborn child. 

Respiratory portion. This portion includes the 
respiratory bronchioles, which branch from the 
terminal bronchioles, the respiratory duets, alveo- 
lar sacs, and alveoli. The respiratory ducts are 
similar to terminal bronchioles except that thev are 
smaller and have a few scattered alveoli protruding 
from their walls. Alveolar ducts, the next order of 
branching, have their walls studded with contigu- 
ous alveoli so that the openings of the alveoli oc- 
cupy the greater area of the wall. Alveolar sacs are 
terminal dilations of the alveolar ducts. Alveoli are 
the smallest functional units of the Jung. Their 
walls are made up of one or two capillaries, a few 
elastic fibers, and more reticular fibers, among 
which are a few fibroblasts, dust cells or lung mac- 
rophages, and septal cells. The septal cells^ive rise 
to some of the macrophages, and others are carried 
in hy the blood. Macrophages from both sources 
wander freely in the alveolar spaces. Two alveoli 
frequently have a single wall in common. The epi- 
thelial lining of the alveoli is so thin that it cannot 
he demonstrated with ordinary techniques. The 
greater volume of the lung is taken up by air space 
°f the respiratory portion. Thus the lung feels 
spongy, and in sections looks like fine lace, [l.p.c.] 

PHYSIOLOGY OF THE LUNG 

Simple molecular diffusion of gases underlies 
respiratory exchange in all animals. However, the 
hmgs of air-breathing vertebrates require mechani- 
0fl l ventilation to sustain this diffusion. The molec- 
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ular characteristics of respiratory gases (Table 1), 
the physical properties of atmosphere (Table 2) 
and of body fluids (Table 3). the physiological lim- 
itations on lung structure and location, and the 
large requirement of the active animal for oxygen 
(Oj) uptake and carbon dioxide (COo) removal 
(Table 5), all restrict the effectiveness of diffusion 
respiration alone. Diffusion suffices only within a 
few millimeters of those membranes across which 
interchange of O 2 and CO 2 can occur. Refinements 
in ventilation respiration intervene as continuing 
special ion involves increased 0 2 requirements. The 
functional as well as structural changes follow rec- 
ognizable evolutionary trends. See Metabolism ; 
Respiration. 

Other vital requirements. Besides exchange of 
O 2 and CO 2 . there are other vital requirements for 
breathing processes in air. Among these are (1) 
limitation of the evaporation of water in general 
and control of the dissipation of heat in birds and 
mammals in particular; (2) ventilation of the ol- 
factory membrane; (3) production of high intra- 
pulmonary pressure for such acts as coughing, def- 
ecation, and parturition; and low intrapulmonary 
pressure for regurgitation; (4) provision for large 
pulmonary volume in such acts as sneezing, yawn- 
ing, and phonation ; and (5) allowance for buoy- 
ancy control in aquatic animals. All these ancillary 
processes involve corresponding variations in the 
respiratory mechanisms. As animals are compared, 
differences are found (1) in buccopharyngeal, 
pulmonary interstitial, and diaphragmatic muscula- 
ture for inducing and directing air movement; 
(2) in valvular muscle of nares, glottis, and pul- 
monary ducts or apertures for controlling flow and 
pressure; (3) in accessory air sacs to increase ca- 
pacity for ventilation itself, or for phonation; (4) 
in heait for adequate pulmonary blood supply and 
in circulation, for efficient perfusion; (5) in brain 
and peripheral nerve patterns for initiation, main- 
tenance. and adjustment of ventilatory processes, 
control of circulation, and regulation of ancillary 
functions; and (6) in skeletal and connecting 
structures. A brief review of comparative respira- 
tion can only delineate the basic trends in phylog- 
eny of respiration. Certain general features of the 
breathing process must first he considered before 
comparisons among species can be made. See 
Speech. 

Breathing. The act of breathing induces mass 
flow of air in and out of the respiratory organs. 
This inspiration and expiration mechanically ven- 
tilates the entire lung of those animals, such as 
lungfish. salamander, and frog, in which the organ 
is a simple sac. Here the inner lining or pulmonary 
epithelium where diffusion itself occurs, is directly 
exposed to the tidal air flow caused by breathing. 
In these animals*, breathing is intermittent or “peri- 
odic; that is, cycles of inspiration and expiration 
occur in groups after many minutes of nonbreath- 
ing or apnea. The periods of apnea may exceed 
those of ventilating. The lung is normally closed 
from the atmosphere by a valve (glottal valve) at 
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Table 1. Characteristics of the respiratory media 0 


Variable 

Water 

Atmosphere (N 2 ) 


Ocean 

Fresh 

Sea level 

6000-rn altitude 

Temperature, °C 

-2.0 to 30.0 

2.0-32.0 

0.7-15.7 

-28.1 to -15.1 


Pressure, total 






mm llg 

760-760,000 

760-20,000 

760 

347.5 to 360.2 


Density, g/liter 

1027 6 (20°C) 

1000* (1°C) 

1.223-1.290 

0.649-0.659 


pH 

7. 5-8.1 

3.2 10.6 




Concentration, vol °Ir 






11*0 

100.00 

100.00 

1.00' 

1.00' 


Nj 

1.03* (15°C) 

1.33'’ (15°C) 

78.03 (STP) 

78.03 (STP) 


co 2 

0.02* (15°C) 

0.03* (15°C) 

0.03 (STP) 

0.03 (STP) 


o 2 

0.58 6 (I5°C) 

0.72* (15°C) 

20.99 (STP) 

20.99 (STP) 


Salts 

3.46* 

0.18* 




Inert gases 

Trace 

T race 

0.95 (STP) 

0.95 (STP) 


Partial pressure (tension), mm Hg 





IUO 

12.79 (15°C) 

6.10 (4°C) 

6.40 d (15°C) 

0.72" ( — 15°C) 


N, 

593.02 (STP) 

593.02 (STP) 

593.02 (STP) 

281.06 (STP) 


CO, 

0.23* (STP) 

0.23* (STP) 

0.23 (STP) 

0.11 (STP) 


Oi 

159.52'’ (STP) 

159.52* (STP) 

159.52 (STP) 

75.61 (STP) 


Inert gases 

7.46 (STP) 

7.46 (STP) 

7.46 (STP) 

3.42 (S'I’P) 


Total pressure 

760.00 

760.00 

760.00 

360.20 


Diffusion coefficient, ml/fminXcm-Ofcm), at 760 mm Hg, 

20°C 



IIjO 






n, 


0.000018 (0.53;- 




CO, 


0.000785 (23 1)- 




o, 


0.00003 1 (1.0)- 

11.0 




'* From W S Spec lor (ed.), Handbook of ttioloqical Data , 1956 b Average of many determinations, \ dries 
with conditions of incasmement. c Varies, hut never absent and always of biological significance ** (-al 
( u la ted for 50% relative humidity. e Values in parentheses are relative coefficients with (h as unity 


the opening into the trachea supplemented by 
valves (nasal valves) at the nares. The lung, how- 
ever, does not remain a simple sac. Beginning with 
toads and climaxing in birds and mammals, more 
elaborate secondary and tertiary sacculations, the 
alveoli and the alveolar oi air sac s, evolve. This 
evolution increases the diffusion surfaces tremen- 
dously and also removes these surfaces from direct 
exposure to ventilatory air flow. Thus, a uniform 
gaseous exchange medium comes to prevail at the 
respiiatory membranes of birds and mammals, 
the breathing cycles become continuous and shal- 
low (eupneie). and the lung remains normally open 
to the atmosphere. Nasal valves are usually absent 
in animals above reptiles, and the glottis closes 
only for such occasional acts as swallowing and 
coughing. .See Rfspirahon, lxiernal. 

Table 2. Characteristics of respiratory molecules 41 


Breathing in vertebrates. Breathing induces air 
movement resulting from a mechanically imposed 
pressure difference* between a eompiessible cavity 
and the atmosphere. In mammals and reptiles ihi* 
cavity is the lung itself. In buds and amphib 
ians, however, secondary cavities are responsible , 
namely, special air sacs in the former and the 
mouth (buccopharyngeal cavity) in the latter 
These secondary ( avities communicate with both 
the lung and the atmosphere and accommodate the 
bellowslike action. Two basic processes of an 
breathing reflect the structural differences. I hi 
more primitive type, buccopharyngeal breathing, 
is found in lungfish and amphibians. It involves the 
same basic neuromuscular elements of mouth and 
throat as water breathing in fish. The more special- 
ized type, thoracoabdominal breathing (in man foi 


Mean free 
path 


Type 

Weight 
(O - 16) 

Diameter,! 
cm X 10 » 

Density, 

g/liter 

cm X 10 6 
(750 mm 
Hg) 

Collision 
fi equency 
(20°C) 

A verage 
velo< ity, 
cm /sec 

Water solubility 

STP 20°C 

\ol l }'( 
(40°C) 

N, 

28.02 

3.15 3.53 

1.251 

8.50 

5070 

45,400 

2.35 

1.54 

1 18 

11,0 

18.02 

3. 0-5.0 

0.0005 0.030J 



56,600 




CO, 

44.01 

3.34 3.40 

1.977 

5.56 

6120 

36,200 

171.3 

87.8 

53.0 

o. 

32.00 

2.92-2.98 

1.429 

9.05 

4430 

42,500 

4.89 

3.10 

2.31 


* From W. S. Spector (ed.), Handb(X)k of Hiological Data , 1956. Unless otherwise indicated, values are f^ r 
standard conditions (STP) of temperature (0°C) and pressure (760 mm llg). t Range indicates variability 
with method of measurement (such as viscosity, heat conductivity). t Water vapor in saturated air, that is. 
in equilibrium with water at 0°C and 30°C. 
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Table 3. Respiratory exchange characteristics in man 0 
part I: Ventilation 

Inspired air Alveolar air* Expired air 


Gas 

Compo- 
sition, 
vol %<* 

Partial 
pressure, 
mm lig* 


Compo- 
sition, 
vol % 

Partial 
pressure, 
mm Hg 0 

Compo- 
sition, 
vol % r 

Partial 
pressure, 
min Hg 0 

II2O 

0.00 

5.7 


00.0 

47 


00.0 

47 

N, 

79.02 

596.0 


80.4 

573 


79.2 

565 

0, 

20.95 

158.0 


14.0 

100 


16.3 

116 

CO, 

0.03 

0.3 


5.6 

40 


4.5 

32 

Part II: Transport' 










Arterial 


Capillary 

Tissue 

fluid 

Vf 

‘lions 

v inn 

vol % mm llg 

vol % 

mm llg 

vol % 

mm llg 

vol % 

mm llg 

ii 2 o 

83 17 

83 


17 

83 

17 

83 

17 


(81-86) 


(81-861 

(81 86) 

(81 

-86) 

N, 

0.975 573 

0. 

975 

573 

0.975 

573 

0.975 

573 

O2 

19.6 91 

1 22. 3 P 

1 9 V 

0.1850 

300 

12.9 

40 


(17.3-22.3) 






(11.0 

-16.1 ) h 

C<> 2 

18.2 40 

11.6 

57.7* 

40-500 

3.0 16» 

500 

51.8 

46 


(11.6 50.1) 






(51.0 

57.7)* 


' I 1 mm VV. S. Spector (ed.). Handbook of liiological Data, 1956. b Alveolar air, ac tually last part of expired 
dimples. r Dry air, partial pressure in mm llg, = (\ol %)/l0() X 760 mm Hg (Dalton’s law). d Ambient 
an (slight variations exist), in vol %, = (100 X mm llg)/760 (Dalton’s law). * Physiological air, normal 
!c»mperature (37°C) and standard pressure (760 mm llg). / Values in parentheses are ranges. 0 Variable, 
depending on blood flow, tissue activity, and relation of sample to capillary length or field. * Internal jugular. 


example), involves trunk musculature to supply 
pulmonary ventilation in all reptiles, birds, and 
mammals. A rather continuous buccopharyngeal 
\entilation, not always involving pulmonary ventila- 
tion itself, is characteristic of amphibians (Ta- 

Table 4. Some respiratory values in vertebrates* 


ble 4) and persists in lizards, turtles, and other 
reptiles. In amphibians, therefore, buccopharyngeal 
activity subserves both breathing and olfaction; in 
reptiles it subserves only the olfactory sense 
(smell) . 









Com- 



Breathing 

Tidal 

Minimum 

O2 con- 

Intrapleural 

pliance, 


Weight, 

rate. 

volume, 

volume. 

sumption, 

pressure. 

liter /cm 

Vniinalj 

kg 

eyelos/min 

ml 

liter /min 

nunV(gMhr) 

cm ll 2 0 

I1 2 0 

hog 





210.0 (20°C) 


0.001 

1 liana fusca ) 

1 urtle 


3.7 (2 1°C) 

14.0 

0.051 

35.0 (24°C) 



( V/a laclemys centrata) 
Mligator 





8.9 (22°C) 



{Alligator mississip- 
pierisis) 








Cniiar y 


108 - * 



2900.0 



( Serinus canarius) 

( 'hi( ken 


17 

45.0 


497.0 



idalhis domesticus) 
buck 


42 

36.5 


800.0 



{Anas sp.) 

H,t 

0.273 

60 

1.1 

0.074 

770.0 

— 2 to —8 

0.0012 

'Kattus norvcgicus) 



- 





Dos 

20 

17 

302.0 

5.30 

580.0 

— 5.4 to -13.5 

0.09 

(■'an is familiar is) 

Horse 

696 

12 

9060.0 

107.0 

250.0 

-8.0 to -22.0 

0.84 

{Equus caballus) 

Man 

66 

14 

372.0 

5.04 

220.0 

-3.8 to -9.3 

0.20 

( Homo sapiens) 









* Krom D. S. Dittmer et al. (eds.), Handbook of Respiration , 1958, and H. H. Dukes, Physiology of Domestic 
Annals, 1955. 
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Buccopharyngeal breathing. Buccopharyngeal 
breathing is indirect, when compared with thoraco- 
abdominal. It involves two distinct stages: ventila- 
tion of the mouth, and ventilation of the lungs. The 
necessary pressure gradients between mouth and 
atmosphere and between mouth and lungs are gen- 
erated by muscles which raise and lower the hyoid 
apparatus and floor of mouth and throat; the same 
mechanism is used for water breathing in fish. Pul- 
monary inspiration in buccopharyngeal breathing 
is more descriptively an injection or adspiration. 
The volume of air inspired or expired per breathing 
cycle is called tidal volume. 

In the frog, movement of air between mouth and 
atmosphere requires only about 3-5 mm of water 
(Hl» 0) pressure; that between mouth and lungs 
reaches 25 35 mm H^O pressure during the peak 
of pulmonary inspiration. A gradient is directed to- 
ward the lung of about 20 mm on inspiration, be- 
cause a volume of gas (functional residual volume) 
remains in the lung from the preceding expiration 
under about 10 mm HjO pressure. The glottis 
closes at the end of inspiration, and a positive 
intrapulmonarv pressure persists during apnea, of 
about 20 mm H^O, as a result of elastic recoil and 
muscular tonus in lung itself and in body wall. 
These forces also cause expiration when the glottis 
opens. Whether buccal ventilation alone, or pul- 
monary ventilation, or a combination of these oc- 
curs depends upon neuroregulatory processes which 
determine the relationship of nasal and glottal 
valves with each other and with the breathing mus- 
culature. Thus a frog’s lungs and body can he dis- 
tended greatly beyond normal dimensions by suc- 
cessive inspirations alone. 

Vital capacity. The excess capacity of any ani- 
mal to inspire beyond normal tidal volume is called 
inspiratory reserve volume, and the total breathing 
capacity of the lungs as measured by the volume 
which can be completely expired after maximum 
filling is the vital capacity. Included in this is an 
amount, called expiratory reserve volume, which 
can be expired from the functional residual volume. 
Total expiration might completely empty the sim- 
ple lungs of some amphibians. However, as the 
lungs of animals elaborate with alveolar devel- 
opment. it is not possible to expire all lung con- 
tents. The remainder after limit of vital capacity 
is reached is called residual air, and its presence 
at metamorphosis, hatching, or birth always indi- 
cates that breathing has started. The various venti- 
lation volumes and pressures have not been meas- 
ured in most species. Some representative values 
are given in Table 4. 

Dead space. Buccopharyngeal ventilation con- 
tinues in reptiles, hut this mechanism no longer 
provides for pulmonary ventilation. It remains an 
important adjunct to breathing, however, because 
it serves to reduce the dead-space volume. Dead- 
space average normal volume for an adult human, 
for example, is about 150 ml and tidal volume about 
500 ml, which means an actual ventilatory volume 
of about 350 ml. In a few air-breathing animals 


which occupy an aquatic habitat, respiration is ap- 
parently supplemented by buccopharyngeal breath- 
ing of water. Such a process has been described 
for a few species of turtles which have an especially 
vascular pharynx, but whether an important 
amount of Oa is thus derived has not yet been as- 
certained. This ventilation with water may actually 
subserve olfactory and gustatory senses. 

Thoracoabdominal breathing. Pulmonary venti- 
lation in reptiles utilizes a more familiar process 
than buccopharyngeal breathing; that is, it depends 
upon an aspiration or sucking inspiration such as 
in birds and man. This involves development of 
a movable rib basket and elaboration of the inter- 
costal musculature which, by enlargement of the 
body cavity, produces on inspiration a negative 
pressure in the lungs ^intrapulmonary ) with refer- 
ence to the atmosphere. The abdominal muscles and 
myoelastic tissue of the lungs and air sacs remain, 
as in amphibians, important in expiration, hut 
these are augmented by striated muscular mem- 
branes which form diaphragms and also ensheath 
the lungs in some turtles. 

Turtles are exceptional among reptiles and air 
breathers generally because the ribs are fused into 
a shell which prohibits expansion of the body wall 
for inspiration. In these animals, muscular mem- 
branes which enclose the viscera and others which 
form diaphragms at the leg pockets m the shell 
produce expiratory and inspiratory force, respec- 
tively. 

Reptiles. In reptiles generally, when at kM. 
hreathyrg cycles occur in groups which are inter 
spersea among long intervals of apnea. Dining 
apnea the glottis is closed, the lung uir is under a 
few mm mercury positive pressure, and buccopha- 
ryngeal ventilation waxes and wanes to a degree 
associated at least in part with the extent ot srn- 
sory disturbance. This buccopharyngeal activitv re- 
sembles olfactory sniffing, as seen in dogs. The 
reptilian cycle of pulmonary inspiration and expi- 
ration is much simpler than the frog’s, because the 
glottis and nares remain open while breathing 
movements occur, and air moves freely between 
lung and atmosphere in direct response to the ac 
tion of breathing muscles in trunk and viscera. 
These muscles act alternately to enlarge and ie- 
duce the body cavity, exerting pressure change*' 
through tissue fluids directly on the lung air itself. 
Inspiration is clearly by suction. This is in contrast 
to the injection action of the buccopharyngeal mus- 
cles in amphibians. Like amphibians, however, the 
breathing remains periodic, and the glottis is nor- 
mally closed. 

Birds and mammals. Birds and mammals utilize 
strictly thoracoabdominal breathing to ventilate 
both nasal and pharyngeal cavities and lungs- The 
same structures used in reptiles continue to oper- 
ate, namely trunk musculature and diaphragms 
The glottis does not close the lung from atmosphere 
normally, however; nasal valves are absent, an 
buccopharyngeal movements cease. Because the 
lung and airway are greatly elaborated over those 



in previously considered classes of animals, cer- 
tain central regions develop more critical and spe- 
cific control than glottal valves, over air flow and 
diffusion. Such control regions include bronchioles 
and more distal sphincters at alveoli in mammals 
and. although less well understood, at correspond- 
ing parabronchi and air capillaries in birds. Also, 
other discrete structures develop as bellows, to 
change breathing forces into ventilation pressures. 
These structures are the extrapulmonary air sacs 
in birds (air sacs also occur in some reptiles) and 
the distal ducts and alveolar sacs in mammals. The 
alveolus becomes more strictly a diffusion exchange 
unit. As a result of all these specializations, great 
stability of physical conditions at diffusion sur- 
faces is achieved in a system which, at the same 
time, accommodates high and variable rates of ex- 
change. 

The structural differences between the respira- 
tory units of bird and mammal are subordinate to 
their common functional characteristics. The alve- 
olus of mammals is usually a terminal membranous 
saf with a porelike orifice (the postmortem diame- 
ter is about 70 /i in the rabbit) into an alveolar 
-*ac; occasionally thev are appendant on a respira- 
tor bronchiole. The corresponding structure in 
birds, called an air capillary or cylindrical alveolus, 
is an appendant membranous tubule with an orifice 
(diameter about SO p in the chicken) into a tu- 
bular parabronchus. These alveolar structures both 
piovide, in the aggregate, a reservoir with tremen- 
dous surface area (at least 50 m 2 in man) which 
sequesters a mechanically stable intraalveolar at- 
mosphere based on nitrogen. It is through this me- 
dium that large quantities of oxygen, carbon diox- 
ide, and watei vapor molecules diffuse aceoiding 
to pressure gradients established, as in all verte- 
lu ates, on one hand by ventilation and on the other 
b\ pulmonary circulation. This intrapulrnonarv at- 
mosphere, made up of the slightly varving composi- 
tion among millions of alveoli, is often called al- 
\polar air. Tt stays remarkably uniform in total 
< (imposition despite ten- to twenty-fold variations 
in oxygen and carbon dioxide exchange, such as 
meur during exercise. Some standard resting values 
for ventilation and diffusion in respiratory exchange 
of man are shown in Tables 3- 5. 

Avian respiration. Ventilation in birds utilizes 
•he expandable thoracic cage formed by rif>s and 
^rnum, the thoracic and abdominal muscles, and 
a muscular pulmonary diaphragm to produce 
breathing forces. Inspiration is produced largely 
bv thoracic muscles, especially the triangular, 
^hich increase the capacity of the body cavity 
Mostly by outward displacement of the sternunt 
r ather than by lateral expansion. Expiration is* 
Produced by elastic recoil of stretched tissues and 
infraction of appropriate thoracic and abdominal 
Muscles, supplemented by a pulmonary diaphragm 
w hich compresses thoracic air sacs on contraction. 
This pulmonary diaphragm is not homologous with 
l hat of mammals; it does not separate thorax and 
a hdomen or contract on inspiration. Breathing 
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movements in birds are usually synchronous with 
wing movements during flight, but there is uncer- 
tainty about whether inspiration occurs on the up 
or down stroke of the wings. Such synchrony is 
also observed in flying mammals, such as the bat. 
Some air sacs in birds, although a minor part of 
the total capacity, lie among wing muscles and also 
form spaces in some of the long bones. The former 
are directly compressed by flight movements to aid 
ventilation, but the letter are removed from direct 
effect by any of the breathing muscles. 

Air sac. Air-sac walls do not accommodate ac- 
tual respiratory exchange. In addition to their es- 
sential bellows action, however, air sacs are impor- 
tant for enlarged respiratory capacity, for heat 
elimination (particularly during flight), and to 
some extent for buoyancy because they occupy 
more than 20^ of the volume of the body. The 
lungs themselves are much smaller and more com- 
pact than in mammals, and they are attached, ex- 
cept ventrally, to the thoracic wull and ribs; con- 
sequently, no intrapleural space intervenes between 
lung and body wall as in mammals. However, the 
volume changes in birds’ lungs are very small. Be- 
cause the thoracic and abdominal cavities are not 
separated by a diaphragm, pressure changes are 
transmitted throughout, and the major air sacs ac- 
commodate as much as 75^? of the tidal volume 
(Table 5) . 

Table 5. Combined measurements of respiratory values 
in pigeon, duck, and chicken to compare role 
of various sacs and lung* 

Composition 

Volume, — — 

% of total 0 2 % C0 2 % 


Tidal air 

10 15 



Inspired 

10-15 

21.0 

0.03 0.04 

Expired 

10-15 

13.5 

5.1 -6.5 

Tnterclavicular 

20-25 

14.6 

5. 0-6.9 

Abdominal 

50-70 

19.0 

l 9-2,7 

Lung 

10-12 

20. Of 

l.Of 


• From If. H. Dukes, Physiology of Domestic Animals f 
1955; A. Krogh, Comparative Physiology of Respiratory 
Mechanisms , 1941; C. I.. Prosser, Comparative Animal 
Physiology , 1950; P D. Sturkie, Avian Physiology , 1954. 

t Estimated for parabronchi. 

Air movement . The movement of air in and out 
of the bird’s respiratory system is probably tidal 
only in certain regions of the larger airways, 
namely, from nostrils through primary bronchi at 
one extreme and from air sacs through latero- 
bronchi at the other. There is considerable, al- 
though inconclusive, evidence that air movement in 
the dorsoparaventrobronchi is circulatory and uni- 
directional. This flow is thought to result from aero- 
dynamic characteristics of the passages, for no 
valves have ever been found, and breathing pres- 
sures vary quite uniformly in all sacs. Sac pressures 
in the pigeon, for example, range about 6 mm of 
H 2 0 below and above atmospheric on inspiration 
and expiration throughout. Recurrent bronchi pro- 
vide an accessory path for part of the incoming air 
to pass through the lung. 
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Respiration activity. Although gas pressure is 
uniform, gas composition differs among the air 
sacs, depending upon their location along the air- 
way. Respiratory measurements from the pigeon, 
chicken, and duck show the range of participation 
by sacs and lungs in respiratory activity. Two of 
the five major groups of sacs are presented in Ta- 
ble 5. Such figures indicate that the tidal volume 
at rest is about equal to the volume of the lung, 
the large capacity and special distribution arrange- 
ments for air at the abdominal sacs provide for 
constant gas composition at alveoli nearly equal 
to that of the atmosphere, and the anterior sacs 
sequester vitiated expiratory air from dilution of 
the inspired air such as occurs in a strictly recip- 
rocatory (tidal) breathing process. 

The lungs of birds are clearly specialized as dis- 
tinct respiratory diffusion organs, even morpho- 
logically segregated from the ventilation mecha- 
nism which subserves them. The over-all result is 
that the birds' respiratory exchange structures, the 
air capillaries, are open to air of nearly atmos- 
pheric composition whether during inspiration or 
expiration. The development of high magnitude 
and fine control of diffusion exchange in the bird’s 
respiratory system is consonant with the very high 
metabolic requirements of flight. 

Mammalian respiration. Ventilation in mam- 
mals is more nearly like that in reptiles than in 
birds. In mammals, alveoli are terminal saccula- 
tions in a serial arrangement of ventilatory ducts 
and sacs, rather than appendant tubules along a 
parallel duct arrangement as in birds. A major or- 
gan of ventilation found only in mammals is the 
muscular diaphragm which divides thorax and ab- 
domen. Because it lies as a dome with its convex 
face toward the thorax, when it contracts and flat- 
tens it augments thoracic muscles in increasing the 
capacity of the thoracic cavitv. The abdominal 
wall relaxes at the same lime to accommodate vis- 
cera which are displaced by the diaphragm. As a 
result of these movements, air under pressure dif- 
ferential of a few millimeters of mercury (for ex- 
ample, — 1.5 mm Hg in the nasal cavity of the 
horse) passes into the pulmonary system. The ab- 
dominal muscles cannot contribute directly to in- 
spiration in mammals or any other vertebrates 
except turtles, in which a special arrangement is 
associated with the shell as previously mentioned. 

Breathing mechanism. It is in the nature of mus- 
cular membranes that they must be oriented as the 
mammalian diaphragm is; that is, they must in- 
sert along their periphery into a resistant structure 
and bulge into the cavity, if contraction is to pro- 
duce negative pressure in the cavity. A positive 
expiratory force is a different matter, however, and 
abdominal muscles contribute such force in all 
vertebrates. The extent varies with the degree of 
ventilation — a much greater contribution in exer- 
cise than at rest — with the species, and even with 
the sex. In the human female during eupneic 
breathing, for example, costal movement predomi- 
nates and expiration results largely from the pas- 


sive recoil of lung and chest, whereas in males 
there is somewhat more abdominal involvement. In 
mammals generally, abdominal muscles are more 
involved in expiration than is true for man, and in 
the larger quadrupeds the work of displacing 
heavy pendant viscera requires their continuous ac- 
tivity. Forced breathing (hyperpnea) with in- 
creased amplitude, as during exercise, lahoicd 
breathing (dyspnea), as during strenuous exercise 
or at high altitude, and compressatory acts all re- 
quire the abdominal muscles. These supplement the 
internal intercostal muscles which pull the ribs io 
resting position. On the other hand, they are little 
involved in panting (polypnea) or sniffing. 

Myoelastic fibers . Myoelastic fibers of the lung 
itself not only provide a passive component of ex- 
piration but they also account for collapse of the 
lung if the chest cavity is opened to the atmosphere. 
Because from the first filling at birth these fiheis 
are stretched during the entire life of the animal, 
the surface of the lung always tends to recoil from 
adjacent structures. This recoil is limited in birds 
hecause the lung is structurally attached, but in 
mammals and all other animals the lung surlace it 
free from attachment. The visceral pleura of mam- 
mals, a covering membrane, adheres to the lungs 
but this is in turn separated from all adjacent 
structures, which are covered by a parietal pleura, 
only by a film of mucoid fluid. Measurement of the 
elastic pulling force exerted by the lung againsi 
the surface tension of this fluid reveals the equiva- 
lent of a pressure which is negative with respect 
to atn^fsphere, when the animal N at rest or during 
eupnea. It is negative with respect to intrapulmoni< 
pressure at all times. This is called intrapleural 
pressure (see Table 4) . 

Pressure change and ventilation. The relation- 
ships between various pressure changes and venti- 
lation activity in mammalian breathing are illus- 
trated in Fig. 23. Here are shown tracings from 
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Fig. 23. Composite diagram of factors in breathing 
cycle of horse, analyzed to show correlation of int ra 
coelomic and intrapassage pressures with externa 
musculature. 



muniments which recorded abdominal movements 
in a horse during one breathing cycle, along with 
concomitant pressure changes in the designated 
areas. The shapes of such graphs vary in detail 
among different species of mammals, as can be ex- 
pected from a comparison of some ventilation pa- 
rameters for a few animals (Table 4). The fortes 
of respiratory exchange are apparent from such 
measurements as those m Table 3, made on air and 
blood entering, within, and leaving the lungs of 
man. 

Vertebrate respiratory regulation. Ventilation 
and circulation through the lungs are controlled 
and adjusted to maintain an efficient exchange of 
gases in relationship to the needs of the animal and 
to the suitability of the environment. Sensory units 
(tension receptors) for pressure or distension oc- 
uir in lung and breathing elements, and in related 
(in ulatorv organs These signal the medulla ob- 
longata of the brain, from which the breathing 
rhvthm itself originates, as well as other parts 
of the brain, and breathing is adjusted to physio- 
logual (hanges and physical conditions Other le- 
(pptors, especially in certain major blood vessels 
near the heart and in the medulla itself, signal the 
respiratorv areas of the brain about blood cherni- 
<al (onditions, in particular about oxvgen, carbon 
dioxide, and auditv Signals fmm other parts uf 
the bodv, sin h as the olfactory and tracheal mem- 
bi imps and the joints, and from other parts of the 
hi am. such as heat-regulating, olfactory, and pho- 
nation areas also iea<h icspiratorv areas. Here the 
• on elating and integrating role* of the brain deter- 
mines how breathing will proceed: whether to 
speed up, stop, cough or whatever is appropriate 
Oxygen tension in blood is a basic regulatoiy ele- 
ment for ventilation rate in lower vertebrates, but 
it he< omes secondary to carbon dioxide in birds 
and mammals Because carbon dioxide is a major 
faitor in blood acidity, ventilation also comes tu 
play a major iole in critical regulation of hydro- 
gen ion concentration (blood acidity) in higher ani- 
mals. .See Carotid body. 

Respiration in aquatic animals. The critical 
need for oxygen in amounts available onlv by con- 
tinuous air breathing becomes more pionounced the 
higher an animal is in the evolutionary scale. This 
reflects the increasing energy requirements*of such 
biological advantages as rapid sustained locomo- 
tion and critical continuous neuroregulatory activ- 
*ty Through such attiibutes as these, animals gain 
^reusing independence from environmental Imi- 
tations. Because there is about thirty times less 
° x Ygen in an aquatic environment, volume for vol- 
ll me, than in the atmosphere above it, no air-breath- 
,n K animal except a few fish and most amphibians 
Un maintain vital processes with oxygen gained by 
a, luatic respiration. In amphibians, the skin is free 
from such protective structures as scales, corneum, 
<*nd hair; thus diffusion is much less restricted 
than in other animals, and the skin is an important 
res Piratory organ in water as well as in air. Per- 
meability to respiratory gases includes permeabil- 
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ity to water, however, and this restricts even terres- 
trial amphibians such as toads to a very humid 
atmosphere. Some aquatic amphibians, such as the 
mud puppy, Necturus , possess lungs as well as 
gills, hut no such animals are capable of the high 
energy output which characterizes each of the 
strictly terrestrial and air-breathing vertebrate 
classes: the reptiles, birds, and mammals. Even 
these classes do include some species which are 
partly and some strictly aquatic in habitat. All the 
aquatic species remain strictly air-breathing, but 
they have modified respiratory and circulatory 
processes which accommodate diving and underwa- 
ter activit) during long suspension of breathing. 

Suspension of breathing. In aquatic reptiles 
such as snapping turtles and alligators breathing 
suspension for dives is siinplv a special instance of 
the apnea which characterizes noimal periodic 
breathing of reptiles on land. In diving birds and 
mammals, however, the suspension is a departure 
from the eupneic pattern, for eupnea is normally 
interrupted only at rest by an occasional deep 
breath and a pause of about 5 sec duration, such 
as the sigh in man. A dive of more than 2 3 min 
duration in birds and mammals requires special 
adaptations, because no animal has means of stor- 
ing oxvgen to last more than a few minutes; how- 
ever, seals mav submerge for 15 25 min and whales 
for an hour or more. Important means of submer- 
gence in such animals include (1) restriction of 
blood flow from the hulk of the muscles, thus se- 
questering lactic acid and building up a debt for 
oxvgen Lo be paid on access to air; (2) higher tol- 
erance for carbon dioxide, which is alwavs toxic 
in excess, and which must accumulate until breath- 
ing is resumed; (3) conservation of movement 
while submerged; (4) reflexes around nostrils 
which stop breathing on contact with water; and 
(5) great reduction in lung volume when the high 
pressure of great depths is involved, which reduces 
diffusion area of the lung The last of these does 
not concern respiration itself; rather it serves to 
limit nitrogen build-up in tissues with its attend- 
ant hazard of bubble formation, or bends. Such bub- 
bles may form on too rapid ascent from depths, 
and they can cause immobilization and death. Also, 
lungs and air sacs mav serve as buoyancy organs 
for swimming and diving, because their contents 
can be altered in volume to change the displace- 
ment of the animal. 

Adaptations in terrestrial animals. The adapta- 
tions for diving in birds and mammals have recently 
been found in counterpart among some nonaquatic 
animals such as rabbits, which may become immo- 
bile and suppress breathing under certain condi- 
tions, for example, in evading predators. For active 
locomotion in air and for highest brain activity, 
however, oxygen is the most urgently needed of all 
substances required from the environment; there- 
fore, essentially continuous ventilation is a neces- 
sity for strictly terrestrial animals such as the 
chicken, cat, and man. Such animals survive with- 
out actual ventilation only before the time of 
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birth, or hatching, although nonrespiratory peri- 
odic breathing movements do occur in egg or uterus 
as appropriate structures develop. Early respira- 
tion utilizes special diffusion respiratory struc- 
tures such as the allantois and placenta. In birds 
an actual pulmonary ventilation, utilizing the air 
chamber of the egg, begins shortly before hatching. 
In mammals it can begin only when the fetus gains 
direct access to air at birth. See Placentation ; 
Respiratory system disorders. [f.h.mc.] 

Bibliography : M. E. Brown (ed.). The Physiol- 
ogy of Fishes , 2 vols., 1957; J. F. Fulton (ed.). 
Textbook of Physiology , 17th ed,, 1955; J. C. B. 
Grant. A Method of Anatomy , 6th ed., 1952; 
A. Keith, Human Embryology and Morphology , 6th 
ed., 1948; A. A. Maximow and W. Bloom, A Text- 
book of Histology , 7th ed„ 1957. 

Respiratory system disorders 

The function of the respiratory system is to supply 
the body with the oxygen needed for metabolic 
activities in the cells and to remove carbon dioxide, 
which is a product of such activity. For this pur- 
pose the right ventricle of the heart pumps venous 
blood, containing carbon dioxide, through the pul- 
monary arteries into the lung capillaries, where 
gaseous exchanges between the blood and air occur. 
The arterial or oxygenated blood is then drained 
through the pulmonary veins into the left auricle. 
The inspiratory movements of the chest wall and 
diaphragm suck air through the nose, throat, 
larynx, trachea, and bronchi into the lung alveoli, 
where it comes into close contact with the blood 
circulating in the capillaries. During expiration 
this air is expelled through the same pathways. See 
Respiratory system. 

Any disease of the respiratory system, airways 
or blood circulation, is therefore apt to reduce the 
respiratory function. It is well known, however, that 
less than one-third of the lung is needed to sustain 
life at rest. The other two-thirds more or less repre- 
sent reserve volume which is used when more oxy- 
gen is needed, as when the body is working. Slight 
reduction of the respiratory function, hence, mani- 
fests itself in shortness of breath, dyspnea, at work. 
Dyspnea at rest is a sign of severe disease of the 
respiratory system. In extreme conditions this is 
accompanied by incomplete oxygenation of the 
blood in the lung. The blood cannot get rid of all 
carbon dioxide and cannot take up enough oxygen. 
It becomes darker and has a bluish appearance 
where it shines through the skin, as on the lips or 
nails. This condition is called cyanosis. If the 
respiratory insufficiency continues to increase, 
basic functions of the organism are disturbed by 
the lack of oxygen. The patient loses consciousness, 
since the brain is most sensitive to lack of oxygen, 
and finally dies if no relief can be given. 

Diseases of the respiratory system can be located 
in the lung tissue itself, interfering directly with 
the gas exchange; in the airways, thus reducing the 
air brought into the lung; or in the blood vessels, 
disturbing the blood circulation through the lung. 
Under rare conditions the respiratory musculature 


can be paralyzed, as in poliomyelitis, or injured by 
an accident. 

Diseases of the lung. Changes in the content 
and distribution of air result from lung diseases. 
In pulmonary emphysema a focal reduction of 
respiratory tissue is found with extreme enlarge- 
ment of the air spaces. In other diseases the air is 
displaced by fluid as in edema, by inflammatory 
exudates as in pneumonia, by tissue which results 
from scars or cancer, or by collapse of the lung in 
atelectasis. All these conditions can be visualized 
by x-ray. Air being more translucent than tissue, 
every accumulation of fluid or tissue within the lung 
appears as a density or shadow on the x-ray film 
or on the screen of the fluoroscope. .See Lung dis- 
orders; Radiology. 

Air-passage diseases. Most diseases of the air- 
ways increase the resistance against which air is 
sucked in and pushed out. In order to avoid reduc- 
tion of the air volume breathed, more work has to 
he applied to respiration. The effect of a disease of 
the airways on respiratory function, however, de- 
pends largely on its localization. Diseases of the 
nose have little influence, since collateral respira- 
tion through the mouth compensates easily. Dis- 
eases of the throat, larynx, and trachea have an 
enormous effect, since the inflow of air to both 
lungs is rendered more difficult. The same is true 
for a generalized narrowing of all smaller bronchi, 
as is found in bronchial asthma; while localized 
narrowing of even a large bronchus will manifest 
itself as dyspnea at work, if at all. A more common 
sign oF bronchial disease is cough, due to irrita- 
tion of the mucous membrane. See Bronchus ; 
Larynx; Nose disorders. 

Pulmonary circulatory diseases. Among the dis 
eases of pulmonary circulation, congenital malfor- 
mations of the heart and pulmonary artery account 
for many cases of respiratory insufficiency of new 
horn and vminger children, called blue babies be- 
cause of their cyanosis (see Cardiovascular sys- 
tem). In adults, acquired heart diseases such as 
narrowing of the mitral valve between left auricle 
and ventricle greatly influence the pulmonary cir- 
culation (see Circulation disorders). In thi*- 
so-called mitral stenosis the venous outflow from the 
lung has to he forced against the considerably in- 
creased resistance of the narrowed valve. This can 
he overcome onlv by raising the blood pressure in 
the pulmonary blood vessels (pulmonary hyperten- 
sion). The opposite is the case in narrowing of the 
main pulmonary artery. Smaller arteries can be- 
come occluded by embolism, the result of a throm- 
bus formed in another part of the vascular system, 
mostly in varicose veins of the thigh. The throm- 
bus is released and carried by the blood stream 
into the lung, where it is stopped in a small artery 
which it occludes. The region normally supply ^ 
this vessel receives no more blood and can become 
an infarct (see Lung disorders). [f.we.J 

Bibliography : W. A. D. Anderson, Pathology . 
3d ed., 1957; W. Boyd. Pathology for the Physician* 
6th ed., 1958; R. L. Cecil and R. F. Loeb (eds.K 
Textbook of Medicine , 2 vols., 10th ed- 1959. 
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Response 

A quantitative expression of the manner in which a 
microphone, amplifier, loudspeaker, or other com- 
ponent or system performs its intended function. A 
linear response means that the output signal is 
exactly proportional to the input signal for the 
entire range of frequencies over which the device 
m intended to operate. A logarithmic response 
means that the output signal is a logarithmic 
function of the input signal. The response of a 
device is often presented as a curve on a graph, 
indicating deviation over the frequency range from 
the response at some selected frequency, such as 
1000 cycles per second. An example is the fre- 
quency-response curve of an amplifier. See Ampei- 
hfr; Characteristic curve. [j.mr. ] 

Rest mass 

\ constant associated with a material body which 
determines its inertial properties and its internal 
energy content. It is sometimes called the inertial 
ma^s. 

For a particle of rest mass m«, Newton’s second 
law of motion is 

m n dvult = F 

where a = d\ dt is the acceleration of the particle 
and F is the force applied to it. For a particle mov- 
ing with a speed near that of light this equation 
must he replaced by the relati\istic equation of 
motion 

j./ _ w ° v \ = F 

dtW i _ (,*/ f*)7 

where ( is the speed of light. These equations are 
iivd tor the measurement of the rest masses of par- 
ticles by deflection in suitable force fields. The 
masses of macroscopic bodies are normally meas- 
ur'd by weighing in the earth’s gravitational field. 

The formula connecting internal energy E„ and 
rcsi mass ( Einstein’s mass-energ> relation) is 

E n **■ m,,c~ 

W Inertia of fnfrcy; Rfi ativistk mkiian- 
l( N Relativity. |f v l.hl] 

Resultant of forces 

^ s ystem of at most a single force and a single 
louple whose external effects on a rigid body are 
identical with the effects of the several actual 
fonps that act on the body. For analytic purposes, 
Wes are grouped and replaced by their result? 
ant * Forces can be added graphically (Fig. 1) or 
analytically (see Calculus of vectors). The sum 
01 than two vector forces can be found by ex- 
uding the method of Fig. lc to a three-dimen- 
^ ,o nal vector polygon in which one force is drawn 
r ° m the tip of the previous one until all are laid 
° ul - The resultant force is the force vector that is 
^uired to close the polygon directed from the tail 
0 l he first force vector to the tip of the last one. 
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Fig. 1 . Resultant of two forces acting through a com- 
mon center, (a) Diagonal of parallelogram. (b,c) 
Hypotenuse of triangle. 
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Fig. 2. Resolution of a force into a force and a couple. 

A force system has a zero force resultant if its 
vector polygon closes. 

The resultant of force along an axis may be de- 
sired. In that case, all forces are resolved into their 
respective components along the axis, and the 
components are added algebraically to obtain the 
corresponding resultants. In this tespect the reso- 
lution of a force into components is an inverse op- 
eration to the composition of multiple forces into 
a resultant. However, whereas the resultant fotice 
is unique to a given force system, a force can be 
resolved into any variety of components. 

Two force systems are equivalent if their result- 
ant forces, as described above, are equal and if 
their total vector moments about the same point 
are also equal. Vector moments are combined in 
the same manner as forces; that is, by parallelo- 
grams, triangles, or polygons. An alternate test for 
equivalence is that the total moments about two 
different points are respectively equal. 

In Fig. 2 the force Fa acting at point A may be 
resolved into an equivalent system consisting of 
equal parallel Fb acting at point B and couple C ; 
the magnitude of C is- the moment of Fa about B. 
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Also, the total moment of Fk and C about A is the 
moment of Fa about A , namely zero. 

A resultant is the equivalent force system having 
the fewest possible forces and couples. The result- 
ant of concurrent forces is a force equal to their 
vector sum and acting through the point of con- 
currence. A special case is a collinear system in 
which the resultant is collinear with the forces of 
the system as well as equal to their vector sum. 

When all forces of a system are coplanar, the re- 
sultant may be a force or a couple. If it is a force, 
the resultant is positioned to produce the same mo- 
ment about a reference point as the system. Should 
the vector sum of forces be zero, the lesultant is 
a couple that develops the same moment as the sys- 
tem. See Couple. 

In a three-dimensional force system, the iesult- 
ant consists of a force element passing through an 
arbitrary point and equal to the total force of the 
system and a couple element that produces a mo- 
ment equal to the total moment of the system about 
any point on the line of action of the force element. 
.See Siatics. T'n.s.k) 

Retaining wall 

A wall designed to maintain differences in ground 
elevations by holding back a bank of material. 
Sometimes a letaimng wall also serves as a founda- 
tion wall. 

Material that exerts piessure on the back of the 
wall is called backfill. It includes inatenal taken 
from the excavation and replac ed behind the wall. 
The load applied on backfill above wall level is 
called surcharge 

Earth pressure against the bark of a wall i^ 
known as ac live piessure and arts at an oblique an- 
gle; the piecise angle depends upon the chaiacter 
of the backfill, the slope oi the ground surface, 
presence of surcbaige, and ground-water level. 
Earth pies-ane against the front of a wall is known 
as passive pressuie and may be of greater unit in- 
tensity than active pressure, although the soil must 
be somewhat compressed before this foice develops. 

External stability is achieved when a wall is pro- 
portioned so that it will neither rotate nor slide un- 
der all dead-load and applied forces. In addition to 
earth pressure, the following forces must he consid- 
ered. 

The weight of the wall acts in a vertical direc- 
tion through its center of gravity. Surcharge loads 
may consist of inclined embankments and any live 
load thev carry, for instance, tiucks or cranes. Lat- 
eral forces may he caused by ice thrust or frost ac- 
tion from repeated freezing and thawing of poorly 
drained soil. It ice layers can form behind a wall, 
pressures mav he larger than a wall can he designed 
to resist. Thrust action from clay soils may result 
from repeated changes in water content, for when 
the soil drys it cracks and the cracks fill with loose 
soil, leaving too little space for expansion in place 
when the next wetting occurs. Earthquakes may 
cause lateral forces. Vibrations from machinery or 
traffic may increase the effects of earth pressure. 


Uplift under the footing will occur if the water 
level is above that point or if water is not drained 
from behind the wall. Uplift may also occur in bed- 
rock if it is seamed or slightly porous. Retaining 
walls that also serve as foundation walls or abut- 
ments may in addition experience lateral forces 
from cranes, wind, building framing, or tractive ef- 
fort. Bridge spans cause vertical, longitudinal, and 
transverse lateral forces on retaining walls used as 
abutments. .See Bridge. 

Vertical-resisting forces are supplied bv reac- 
tions of the soil or rock under the footing, and 
aie known as bearing pressures. Horizontal-resist- 
ing forces are supplied by friction under the foot- 
ing or by shear keys extending below the footing 
Passive pressure in {iont of the wall is sometimes 
omitted from stability analyses because of the un- 
certainty as to its magnitude and the amount of 
movement net essary to bring it into action. 

Drainage. A retaining wall is drained primanl> 
to pre\ent accumulation of water in the backfill 
thus avoiding hydrostatic* pressure, formation of 
ice that may cause thrust, swelling of cohesive 
backfills, and decrease in the stability of the soil 
Highly permeable material, such as gravel or 
Ciushcd stone, should he located in the backfill to 
collect ground water. Surface water also should he 
drained, but its entrance into the hac kfill should lie 
minimized b\ use of relatively imperyoijx topsoil 
or paving. 

Water should he led awa\ through weep holes 
built into the wall or through eorrosion-resjst.ml 
pipe kavmg open joints or perforations Pocket 



(reinforcement not shown) 

counterfort wall 


The major types of retaining wall. 



drains, a pocket of stone or gravel at weep holes, 
m ay be used if the backfill is moderately permea- 
ble. Blanket drains consist of a layer of stone or 
gravel against the entire back surface of the wall. 
Water discharge should be carried away by gravity 
or pumped from collection sumps. 

Types Of wall- The illustration shows the major 
ivpes of retaining wall. Gravity walls are of mas- 
sive. solid construction, proportioned so that ten- 
sile stresses are avoided or kept to low values at 
the toe and along the back. They are more durable 
than walls with thin, reinforced-concrete sections, 
and partial disintegration is not as serious since 
stability depends on weight. Gravity walls are usu- 
ally low. Unit stresses in the concrete are very low. 

Seniigravity walls are constructed with narrower 
stems. A few tension bars are built into the back 
and toe. Considerable concrete is saved by using 
small amounts of steel. 

\ cantilever wall is formed of three cantilever 
beams: the stem, toe projection, and heel projec- 
tion Reinforcing steel is required in all members. 
[Iu simplest form is used for low walls. For higher 
walls, a fillet rnav be an economical furthei rein- 
ion emenl Sliding resistance may be improved by 
i wall design with a kev projecting downward into 
the soil This type is the most common. Members 
tan he so designed that concrete and steel unit 
-tresses equal critical values of these materials. 

\ counterfort wall is a thin, reinforced com rete- 
kue slab backed up by deep vertical cantilever 
"terns, or counterforts. The heel slab of the wall 
tooting carries the backfill load horizontally to the 
(ounterforts The wall may be constructed with a 
kr\ to increase sliding resistance. The counter foil 
wall is often the most economical type of high re- 
taining wall. See Foundations. [rd.c.] 

Bibliography : Sec Foundations. 

Reticular formation (brain) 

Uiarac teristic clusters of nerve cells (gray matter) 
md their meshwork, or reticulum, of fibers which 
arc found in the brain stern and the diencephalon. 
The lelicular formation is thought to be a com- 
plex, highly integrated mechanism which exerts 
y ome degree of inhibition or facilitation on almost 
f> verv type of activity of the nervous system. 

Anatomy. The brain stem, composed of the me- 
dulla oblongata, the pons, and the midbr^n or 
mesencephalon, is the basic integrating and con- 
necting unit of the central nervous system. The long 
lending sensory fibers pass upward from all parts 
the body and are distributed largely in the brain 
; k ^in t 0 the cerebellum, cerebral cortex, and other 
rp lated higher centers. Similarly, the descending,* 
nr motor fibers pass downward from higher centers 
trough the stem to be distributed to appropriate 
lower levels, such as the spina] cord. In addition, 
the brain stein is itself the site of many important 
structures, notably the cell clusters, or nuclei, of 
rranial nerves. See Brain; Nervous System. 

The reticular formation lies in and around these 
°ther more definite structures which, by their pres- 
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ence or passage, break up the reticular formation 
into many small islands of gray matter connected 
by large numbers of relatively short nerve fibers. 
These fibers pass in an apparently haphazard man- 
ner in all directions; but recent work reveals that 
this reticulum is in reality a highly complex, intri- 
cately organized, master system of communication 
which alters many body activities. 

Many authorities disagree on the exact anatomic 
or physiologic extent of the reticular formation. 
This is due partly to differences in methods of 
study from one discipline to another. Although 
certain reticular formation cell clusters are well 
circumscribed, others are not. This fact, in addition 
to the multiplicity of connections that are hard to 
trace and because of the proximity to other, better- 
known structures, has prevented a more detailed 
analysis to date. 

Influence on behavior. For many years the re- 
ticular formation was largely ignored except for 
a vague, descriptive acknowledgement of its pres- 
ence. Recently, however, increased attention has fo- 
cused on this portion of the brain, mainly because 
of increasing evidence of its vital, though often 
subtle, role in many body activities. Sleep, wake- 
fulness, attention, and other aspects of conscious- 
ness, as well as effects on muscular coordination, 
vascular tone, blood pressure, and many other as- 
pects of everyday adaptation to environment are 
all affected by the condition and responses of the 
reticular system. See Sleep. 

The appearance of drugs such as chlorpromazine 
which seem to affect selectively the reticular struc- 
tures has created an upsurge of interest and in- 
vestigation in which many of the techniques of 
pharmacology have been added to the methods of 
anatomy and physiology to gain further insight in 
this field. See Anajomy, rfgional; Physiology, 
ctNFRAL; Tranquilizer. 

The use o! electrical stimulation and electro- 
encephalography have been added to the micro- 
scopic study of neurons, fibers, and degeneration 
phenomena following experimental injury to se- 
lected sites. See Electroencephalography. 

Refinements in techniques have led to observa- 
tions which support the general view that the re- 
ticular formation may exert a facilitory or inhibi- 
tory action on at least three major areas of nervous 
activity. 

One area of activity so affected is the alteration 
of ascending impulses received from almost any 
sensory receptor in the body. The passage of such 
impulses apparently stimulates the reticular sys- 
tem through a collateral system. The level of ac- 
tivation depends upon previous correlation between 
cortical areas and the reticular structures in- 
volved, so that a kind of presetting mechanism is 
involved. An illustration may be helpful. A person 
goes to bed with the conscious or unconscious 
knowledge that waking will be signaled by the 
noise of an alarm clock. Despite many other stim- 
uli. some of a high degree of intensity, the person 
sleeps soundly until the ring of the alarm. Of- 
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Sleeping and waking appear to result from the inter- 
action of opposed processes in the brain. The alert 
pattern (gray) begins in the reticular formation, whence 


it spreads to other brain areas. The sleep pattern 
(black) appears early in the association cortex and 
gradually encompasses the rest of the brain. 


ten, in fact, the alarm need not actually ring, be- 
cause the warning to wakefulness may be elicited 
by the preliminary click of the alarm control. 

This illustrates at least two principles involved 
in the modification of ascending, activating im- 
pulses, first, the inhibitory or damping effect of 
the reticular formation on most sensory impulses, 
and second, the primary importance of some level 
of cortical association and control over the reticu- 
lar alarm system. 

The same type of reaction, and many others, have 
been repeatedly demonstrated in animal experi- 
ments wherein electroencephalographic records 
can be correlated with cortical patterns in many 
states relating to consciousness. 

The various tranquilizers are thought to work 
through a similar mechanism to produce an inhibi- 
tion of ascending stimuli and also a decrease in 
reverberation within the brain itself. 

The second area in which nervous activity is al- 
tered by the reticular formation is in its relations 
with the cerebellum. Investigation in this field is 
not yet extensive enough to be conclusive, but cer- 
tain observations can be made. Under particular 
conditions, the reticular formation may facilitate or 
inhibit certain actions involving motor movement 
and coordination. Somewhat conflicting observa- 
tions have been reported in regard to specific 
movements or specific animals, yet it is apparent 
that many cerebellar activities are dependent upon 
intact nuclei in the reticular substance, notably 
the paramedian reticular nuclei, the lateral reticu- 
lar nuclei, and others. 

Much of this relationship is that of a complex 
feedback system, wherein continuing motor activ- 
ity requires continuing adjustment, or coordination, 
of both sensory and motor impulses by the modify- 
ing reticular structures. The inhibition of extensor 
tone in decerebrate animals is a gross example of 
one effect of this relationship. Many more subtle 


influences, particularly those involving the locali- 
zation of motor functions between specific sites in 
the cerebellum and reticular nuclei, have been re- 
ported. No concise explanation can be given until 
further studies are made, but the implications aie 
of great importance in terms of the so-called prim- 
itive reflex acts and other motor activities. 

The third major area to be influenced by the re- 
ticular formation is that of impulses mediated b\ 
the spinal cord. Facilitation or inhibition of corti- 
cal or^reflex movements by reticular elements have 
been repeatedly demonstrated. In addition, general 
and specific effects on vasomotor tone, on muscular 
tonus, and on both the inspiratory and expiratory 
phases of respiration have been traced to altera- 
tions induced by reticular activity, or lack of it. 

Summary. It may be useful to visualize the re- 
ticular formation as a complex, highly integrated 
mechanism which exerts some degree of inhibition 
or facilitation on almost every type of nerve-bodv 
activity. The dualistic response cannot be overem- 
phasized, particularly because the cortically ar- 
ranged selectivity of the inhibition-facilitation is a 
primary feature. The mediation of sensory, motor, 
and integrative impulses touches on specific body 
activities, as well as on the more significant bodily 
states of wakefulness, sleep, attention, and related 
conditions of whole body activity. Finally, coordi- 
nation and reflex activity require reticular forma- 
tion participation. Thus, the reticular formation 
emerges from obscurity to become a fascinating 
regulatory mechanism at present only dimly P er ' 
ceived. See Psychology, physiological and ex- 
perimental ; Reflex, conditioned. [ e. c. stuartJ 

Reticulosa 

An order of the subclass Hexasterophora in th e 
class Hexactinellida. This is a group of Paleozoic 
hexactinellids with a branching form. Each branc , 
is provided with dermal, parenchymal, and gastra 



spicule reticulations. Titusvillia from the Missis- 
sippian is an example. See Hexactinellida; Hex- 
asterophora. [w. d. hartman] 

Retinitis 

Any inflammatory condition involving the retina, 
the light-sensitive innermost coat of the eye. In the 
majority of cases, the adjacent middle layer of the 
eyeball (the choroid layer which contains the blood 
vessels of the eyeball) is also involved, in which 
rase the condition is known as chorioretinitis. The 
combination of all forms of retinitis and chorio- 
retinitis constitutes an important group of eye dis- 
eases responsible for about 7% of the blindness in 
the United States. The term is used here to include 
the degenerative retinopathies which are associated 
with a variety of generalized chronic diseases. 

Reaction to injury. The components of the retina 
and the choroid react to injury in different ways. 
The specialized light receptors (rods and cones) 
and the nerve cells of the retina do not regenerate 
and when injured either die and ultimately disap- 
pear or recover completely, depending on the sever- 
it\ of the injury. The blood vessels of the retina 
(which are entirely separate from the vessels of the 
dioroid) respond to injury either by allowing the 
escape of serum and white blood cells or with hem- 
‘>irhage. The supporting cells of the retina (glia 
<ells) appear to be identical with the glia cells of 
the brain and, like them, are capable of multiplying 
in response to injury, forming glial scars. The 
blood vessels and connective tissue of the choroid 
react by forming fibrous scars which can grow into 
and replace damaged regions of the retina. The 
iormation of a scar, either fibrous or glial, results 
in permanent impairment of vision. The affected 
portion of the retina is rendered insensitive to light, 
r ausing a defect in the visual field known as a 
blind spot or vseotoma. The amount of visual impair- 
ment depends on the location as well as the size of 
the defect; thus a small defect in the region of 
central distinct vision is more serious than a much 
larger one near the periphery of the retina. 

Etiology. Retinitis may be due to infectious 
agents (usually bacteria, less commonly fungi, 
rarely viruses), mechanical injury of the eyeball 
(contusion), or intense light (photoretinitis). 
Chronic progressive damage to the retina (degen- 
erative retinopathy) is frequently associates! with 
conditions such as diabetes, high blood pressure, 
arteriosclerosis, senility, leukemia, and anemia. 

Infections of the retina and choroid are usually 
secondary, occurring as a result of direct extension 
from adjacent infected tissues (cornea, iris, nasal 
cavities, eyelids) or via the bloodstream from dis- 
tant infected organs (kidney, heart valves, lungs). 
Contusion of the retina usually causes temporary 
loss of vision unless the injury is severe enough to 
cause retinal hemorrhage, in which case a perma- 
Aent scar will result. Photoretinitis may follow 
dtfect observation of intense light sources such as 
fte sun, electrical arcs, welding operations, or even 
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reflected sun (snow blindness) . The resulting blind 
spot is central and is usually temporary, but it may 
be permanent if exposure is severe enough. 

The degenerative retinopathies, although differ- 
ing slightly depending on the condition with which 
they are associated, have as a common feature 
abnormalities of the blood vessels of the retina, 
which result in impairment of blood flow, recurrent 
exudation of serum and white blood cells, recurrent 
small hemorrhages, and progressive scarring. 

Retinitis pigmentosa is an uncommon hereditary 
disease characterized by growth of pigment cells 
into and over the inner surface of the retina, and 
resulting in ultimate scarring and blindness. See 
Eve ; Eye disorders. [w. r. adams] 

Retrograde motion (astronomy) 

In astronomy, either an apparent east-to-west mo- 
tion of a planet or comet with respect to the back- 
ground stars or a real east-to-west orbital motion 
of a comet about the Sun or of a satellite about 
its primary. The majority of the objects in the so- 
lar system revolve from west to east about their pri- 
maries. However, near the time of closest approach 
of Earth and a superior planet, such as Jupiter, 
because of their relative motion, the superior planet 
appears to move from east to west with respect to 
the background stars. The same apparent motion 
occurs for an inferior planet, such as Venus, near 
the time of closest approach to Earth. 

Actual, rather than apparent, retrograde motion 
occurs among the satellites and comets; the eighth 
and ninth satellites of Jupiter and the ninth satel- 
lite of Saturn are examples. [r. L. duncombe] 

Reverberation 

After sound has been produced in, or enters, an 
enclosed space it will be reflected repeatedly by 
the boundaries of the enclosure, even after the 
source ceases to emit sound. This prolongation of 
sound after the original source has stopped is 
called reverberation. A certain amount of rever- 
beration adds a pleasing characteristic to the 
acoustical qualities of a room. However, excessive 
reverberation can ruin the acoustical properties of 
an otherwise well-designed room. A typical record 
representing the sound-pressure level at a given 
point in a room plotted against time, after a sound 
source has been turned off, is given in the decay 
curve shown in Fig. 1. The rate of sound decay is 
not uniform but fluctuates about an average slope. 

Reverberation time. Because of the importance 
of the proper control of reverberation in rooms, a 
standard of measure called reverberation time (ab- 
breviated too) has been established. Reverberation 
time is the time required for sound to die away to 
one-thousandth of its initial pressure, tha^ is, to 
drop 60 decibels (db) in sound-pressure level.* 
Optimum reverberation time is a matter of in- 
dividual preference. A critical study of empirical 
data based upon preference evaluations in the 
United States and abroad has been made by V. O. 
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Knudsen and C. M. Harris (Fig. 2). Since the op- 
timum reverberation time for music depends on 
the type of music, it is represented in the figure by 
a broad band. The optimum reverberation time for 
a room used primarily for speech is considerably 
shorter, reverberation times longer than those 
shown for speech result m a decrease m speech in 
telligibility. The optimum reverberation time at 
frequencies other than 500 cycles per second (c ps ) 
is obtained by multiplying the 500 cps value by the 
ratio R which is given in Fig 3 Note that R is 
unity for fiequencics above 500 cps and is given bv 
a band for frequencies below 500 cps For large 
looms R mav have an\ value within the indicated 
band, for small rooms preferred ratios are in the 
lower part of the band 

Mean free path. According to the principles of 
geometrical at ouslu s sound radiated from a 
source m an entlosuie is successively reflected by 
its boundaries The average distant e between re 
flections is dehned as the mean free path The mean 
free path of a sound ray m a room depends on the 
shape and si/e of the room, and to some extent on 
the distribution and nature of the absorptive ma 

0 
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Fig 1 Typical decay curve illustrating reverberation 



volume 1 0 ft* 

Fig 2 Optimum reverberation time at 500 cps for 
different types of rooms as a function of room volume 
This figure should be used in conjunction with Fig 3 
to obtain optimum reverberation time as a function of 
frequency (After V. O Knudsen and C M Harris, 
Acoustical Designing in Architecture, Wiley, 7950) 
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g 3 Chart for computing optimum reverberation 
me as a function of frequency The time at any fre 
uency is given in terms of the ratio R , which should 
e multiplied by the* optimum time at 500 cps (frorr 
ig 2) to obtain the optimum time at that frequency 
\fter V O Knudsen and C M Harris , Acoustical De 
gnmg in Architecture, Wiley , 7950) 


erial However in most < ases, it is approximate 1- 
±V/$ ft, wheie V is the volume of the room and ' 
he total surfat e area 

Decay rate. Ihe number of refle< lions per secorx 
if a decaying sound wave is numerically equal t 
he distance sound will Havel m 1 sec that is th 
velocity of sound c which is about 1130 ft sec i 
li i at 20 divided bv the average distant* l)t 
ween reflet lions or the mean fret path lienee th 
number of reflections pei second is tS 41 lac 
time a wave stnkes one of the boundaries, on th 
average a fraction (d ) of the energy is absorhcc 
and a fraction (1 — d) is reflected where d is tli 
average absorption c oeftu lent give n bv 

«iSi 3 o^S 2 4 cpS 4 

at — . . . 

Si-f S 2 + .S,4 

where «i is the eoefluient of absorption of surf in 
.Si, and so forth Because sound pressuit is pr 
portional to the square root of sound intensity th 
ratio of the average reflected pressure to muden 
pressure is given by (1 — d) 1/- so that the aver 
age decrease in the sound pressure level is 

10 logio ^ db/refkction 

Since there are cS \V reflections per second th 
average decay rate is 

1230 S/V r-2 30 logio (1 - 5) ] db/sec 

Reverberation-time formulas. From the p w 

ceding equation for decay rate, it follows t 
the time it takes for the sound pressure lo*eJ 1 
decay 60 db, that is, the reverberation time i 
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0 049 J 7 

Sl-2 30 logio (1 - a)) 


sec 


When 5 « 1, this equation becomes 
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relative humidity, % 


Fig. 4. Values of the attenuation coefficient m as a 
function of relative humidity for different frequencies. 
(After V. O. Knudsen and C. M. Harris , Acoustical De- 
signing in Architecture, Wiley, 1950 ) 


For frequencies above 2000 cps, especially in large 
auditoriums, the effects of air absorption must lie 
iik hided in the reverberation time formulas. The 
mi responding equations are then 


and / 6u 


0.049F 

S|-2.30 login (1 - a) -f \mV ] 
o.oior 

-- see 

Sa 4 - 4 mV 


vsfien m i* the attenuation coefficient given in Fig. 
1. ft ran be shown that air absorption is molecular 
m origin Ser Architectural acoustics; Sound. 

[ C..M.H .] 

Ilihliography: V. O. Knudsen, C. M. Harris. 
Acoustical Designing in Architecture , 1930. 


Revetment 

\ means of protecting river banks against bank ero- 
s i<m. In some cases, the revetment must act as a 
s <did barrier: however, as a basic principle, it 
dmuld be designed to induce the high-velocity 
•bread of the current to move away from the threat- 
mod area. This is most readily accomplished when 
( ll the revetment is initiated at a point upstream 
hom the point of attack and at an angle of not 
more than about 15° to the current, and (2) the 
s urfacc of the revetment is rough. • 

The rough surface generates a zone of turbulence 
w hich. in effect, acts as a cushion. Rapidly fluctuat- 
es pressures accompany the turbulence and tend to 
(each underlying material unless an effective filtfer 
18 supplied. This filter can be provided by proper 
dumping of quarry-run rock or by placing a blanket 
gravel under the surface material of the revet- 
ment. 


Revetment 539 

Alignment of revetments should be smooth, with- 
out holes or projections; and sharp breaks in align- 
ment should he avoided, since they may cause the 
current to cross abruptly to attack the opposite 
bank, or may cause eddy action along the bank to 
scour or undermine the revetment. 

Revetments may consist of the following types: 
(1) rock paving with a heavy rock toe base for un- 
derwater protection; (2) rock, asphaltic, or con- 
crete paving with brush, lumber, or concrete mat- 
tress, for the underwater portion; (3) pile dikes 
with rock or mattress (brush or lumber) for under- 
water protection. 

On streams such as the Missouri and Arkansas 
rivers, where the depth of water at low-water 
levels seldom exceeds 15-25 ft, the use of pile dikes 
and rock paving is effective and economical. Quarry- 
run rock is used, and its size must be such that at 
least 30% of the rock is large enough to resist 
movement by the current. Usually quarry-run rock 
is well graded, and placement by dumping provides 
both an inverse filter and the desired rough surface. 

On deeper channels such as the -Mississippi, 
where depths may exceed 100 ft. articulated con- 
crete or reinforced asphaltic mattresses are gener- 
ally used. 

Pile dikes or other permeable fence-type revet- 
ments placed parallel to the bank generate local 
turbulence which induces a shifting of the current 
but still permits deposition of sediment behind the 
revetment, thereby building up the bank. Pile dikes 
are generally effective if the angle of attack of the 
current does not exceed 30°. For permanence, par- 
ticularly in streams with heavy ice or drift runs, 



Stone revetment. 



Pile-dike revetment. 
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they should be protected with rock to a height 
which causes enough accretion to support willow 
growth. 

Groins are short dikes, approximately perpendic- 
ular to the bank, which are sometimes used in lieu 
of revetment, particularly in areas where the bed is 
relatively stable. They are usually of solid construc- 
tion, either sheet piling or dumped materials. For 
other information on control of rivers see River en- 
gineering. [d.c.b.; w.e.j.] 

Reynolds number 

In fluid mechanics, the ratio pvd/p. of the inertia 
force pvd to the viscous force //, where p is fluid 
density, v is velocity, d is a characteristic length, 
and /x is fluid viscosity. The Reynolds number is 
significant in the design of a model of any system 
in which the effect of viscosity is important in 
controlling the velocities or the flow pattern (see 
Model theory). In the evaluation of drag on a 
body submerged in a fluid and moving with respect 
to the fluid, the Reynolds number is important. If 
the model is operated in the same fluid as is the 
prototype, the similarity requirement based on the 
Reynolds number yields 

v,n = nv 

It is evident that if both gravity and viscosity are 
significant and if the same gravitational field and 
same fluid are used in both the model and proto- 
type, similarity must be achieved for Fronde and 
for Reynolds numbers (see Frocjdl number). The 
only possible solution is that n be equal to unity, 
or a model be equal in size to the prototype. If the 
length scale is to be greater than 1 (model smaller 
than the prototype), either the model must be 
tested in a different gravitational field or a different 
fluid must be used to satisfy similitude require- 
ments. See Dynamic similarity. 

The Reynolds number also serves as a criterion 
of type of fluid motion In a pipe, for example, 
laminar flow normally exists at Reynolds numbers 
less than 2000 and turbulent flow above about 3000. 
See Pipe flow; Ship propulsion. [g.m J 

Rhabdiasoidea 

A group of parasitic nematodes set apart by their 
characteristic morphology and by their life cycles, 
which mav include a parasitic generation alter- 
nating with one or more free-living generations. 
This group may be given the rank of an order or 
superfamily by specialists. One species causes an 
important disease of man ; others parasitize domes- 
tic animals and cause great economic loss; still 
others are of great biological interest because of 
their varied methods of reproduction and compli- 
cated life cycles. 

Strongyloides Stercoralis. This parasite pro- 
duces diarrheal disease in people of warm climates, 
children being most often infected. In the parasitic 
generation there are no male worms. The females 
live in the intestinal wall and produce eggs par- 
thenogenetically. The larvae, hatching from the 


eggs in the intestinal lumen and passing in the 
feces, are known as first-stage larvae. When de- 
posited on soil under favorable conditions of tem- 
perature and moisture, they may undergo so-called 



Fig. 1. Rhabdiasoidea, Strongyloides ransomi (a) Free 
living female, 1 mm long (b) Filariform young, (c) Rhab 
diform young (d) Parasitic female, 4 mrif long ( After 
B. Schwartz and J Ahcata , 1930, from L H Hyman, 
The Invertebrates, vol. 3, McGraw-Hill, 1951) 
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Fig. 2. Rhabdiasoidea, Rhabdias bufonis. (a) Parasitic 
female, (b) Rhabdiform young, (c) Filariform y°y"0 
id) Free-living female, (e) Free-living male. ( er 
E. Metschnikoff, 1865 , from L. H> Hyman , The Inverte- 
brates, vol. 3, McGraw-Hill , 1951 ) 



direct development into an infective larval stage 
within a week. At other times they develop “ini 
directly” into adult males and females of a free- 
living generation. After fertilization these females 
produce eggs from which first-stage larvae hatch. 
These larvae may develop directly or indirectly. In 
the latter case the pattern may he repeated many 
times. There are both genetic and environmental 
factors determining developmental patterns. 

The infective larvae, arising by either method, 
can penetrate intact human skin. In the skin they 
migrate into blood vessels and are carried by the 
blood through the heart to the lungs. There they 
lodge in the capillaries, then penetrate into the air 
sacs, migrate up the trachea, are swallowed, and 
complete their development in the intestine. 

Other species. Other species in the genus Stron- 
gyloides (Fig. 1) have slightly different life cycles. 
Species of other genera, notably Rhabdias (Fig. 2) 
in amphibians and reptiles, have even more rompli 
eated cycles. In some cases the parasitic females 
are protandrous, that is, they produce sperm early 
in life which fertilize eggs produced in a later fe- 
male phase of the same worm. [j.a.s.] 

Bibliography : A. C. Chandler, Introduction to 
Parasitology , 9th ed., 1955; L. H. Hyman, The 
Invertebrates , vol. 3, 1951. 

Rhabditoidea 

Small to moderately sized nematodes with the 
esophagus of two bulbs and with small pitlike am- 
phids. Most nematologists consider this group to 
be a superfamily although some give it the status 
of an order. Mainly terrestrial, thev range in habits 
from saprophagous to parasitic. The life cycle is 
direct, but sometimes includes an infective larva 
that must be transported by an invertebrate. The 
larva is ensheathed in the cuticle of a previous 
stage which prevents desiccation. Most species live 
in decaying plant and animal matter, and utilize 
saprophytic insects for transportation. In some 
species the nematode becomes a passive endopara- 
site, but at least one family contains active para- 
sites of insects, and another family parasites of 
snails. Certain genera are always found in soil 
about plant roots and may have some parasitic re- 
lationship. Members of another family are adapted 
to unusual habitats, such as vinegar and beer mats. 
See NemATODA. -Pfo.E.W.I 

Rhabdocoela 

Formerly considered an order of the Turbellaria, 
Rhabdocoela is now usually divided into the 
three orders, Catenulida, Macrostomida, and Ne- 
°diabdocoeIa. The rhabdocoeles have a simple, up- 
branched intestine, with little if any diverticula- 
tions. The pharynx is simple or bulbous, the gonads 
arp usually compact, a cuticular apparatus is as- 
sisted with the copulatory organ, and there are 
main longitudinal nerves. This large group in- 
c todes nearly all of the small fresh-water Turbel- 
ar * a as well as many marine and some terrestrial 
species. 
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Catenulida. This group comprises threadlike, 
co orless fresh-water rhabdocoeles with 'a simple 

Ti, ar ^ nX an ^ a median protonephridium. 

I hey lack yolk glands and are usually without sex 
organs. Reproduction is largely asexual by binary 
fission with the formation of chains of zooids. When 
present the female system consists entirely of one 
or more ovaries without ducts or gonopore. After 
fertilization the entolecithal eggs reach the exterior 
through rupture of the body wall. The testis is 
single and has a duct enlarged at its end to form an 
unarmed copulatory organ which opens to the ex- 
terior through an anterior, dorsal, male genital 
pore. Ciliated pits or grooves and sometimes stato- 
cysts are present. Eyes are usually lacking although 
light-refracting bodies which may serve as photo- 
receptors are present in some species. The nervous 
system has cerebral ganglia and four pairs of 
longitudinal nerves. The genus Stenostomum is the 
commonest and most widely distributed of all fresh- 
water Turbellaria, and was the subject of some of 
C. M. Child’s studies on axial gradients. 

Macrostomida. These rhabdocoeles have a sim- 
ple pharynx, paired protonephridia, and a single 
pair of longitudinal nerves. They are without yolk 
glands hut have oviducts. There is generally a sin- 
gle pair of compact testes. From each testis a vas 
deferens extends posteriorly, often enlarging to 
form a spermiducal vesicle. Usually the male sys- 
tem also includes a seminal vesicle, prostate glands 
and vesicle, and a copulatory organ armed with a 
tubular cuticular stylet. The male genital pore is 
posterior to the female on the midventral surface. 

There are two families. Microstomidae and 
Macrostomidae. The Microstomidae are elongate 
cylindric in shape, and seldom have sex organs 
present since reproduction is largely asexual by 
fission with the formation of chains of zooids. Ovary 
and oviduct when present are single. In the genus 
Microstomum , nematocysts obtained through the 
ingestion of Hydra are often present in the epider- 
mis and may be utilized for offense and defense as 
in Hydra. The Macrostomidae are broad and flat- 
tened in shape and often have a spatulate posterior 
end which is adhesive. No asexual reproduction oc- 
curs. Ovary and oviduct are nearly always paired, 
eggs are entolecithal. and accessory structures 
such as a bursa or vagina may be present. The male 
system includes testes, sperfn ducts, a seminal vesi- 
cle, prostate glands and vesicle, and a penis armed 
with a cuticular stylet. 

Neorhabdocoela. The neorhabdocoeles are fresh- 
water, marine, or terrestrial rhabdocoeles with a 
bulbous pharynx, paired protonephridia. sexual 
reproduction, yolk glands combined with or sepa- 
rate from the ovaries, ectolecithal eggs, and ventral 
gonopores. This group includes most of the genera 
and species of rhabdocoeles and is divided into 
three sections; the Dalyelloida. Typhloplanoida, 
and Kalyptorhynchia. 

Dalyelloida . These neorhabdocoeles have jhe 
mouth at or near the anterior end, a cask-shaped 
pharynx, no proboscis or rhammite tracts, and a 
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Fig. 1. Stenostomum grande. (After Nuttycombe and Waters , 1938) 
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Fig. 2. Microdalyellia rossi. ( After Ruebush and Hayes , 1939) 
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single gonopore. Usual ly the testes are paired and 
the penis is armed with a cuticular stylet. Ovaries 
and yolk glands may be combined or separated and 
single or paired. If separate there is often a single 
ovary and paired yolk glands. Accessory structures 
such as a uterus and a bursa may also occur. There 
are several families and a number of genera and 
species some being commensal in other marine 
invertebrates while a few are parasitic. Many of 
the commonest and most cosmopolitan fresh- water 
species belong to the family Dalyelliidae. 

Tvphloplanoidn. Neorhabdoeoela with a rosulate. 
occasionally dolioform, pharynx, a month opening 
near the middle of the body, and no proboscis. 
There is often a common gonopore, but if not, the 
male pore is anterior to the female pore. Usually 
male and female gonads are paired and ovaries and 
yolk glands are separate. In many species the 
glands which produce rhammites are grouped in 
such a manner that the rhammites form definite 
tracts as they move toward the anterior margin of 
the body. The chief family is the Typhloplanidae, 
the largest family of rhabdocoeles, which includes 
a great many fresh-water and terrestrial forms. 
Mesostoma ehrenbergii , a well-known cosmopolitan 
species is an unusually large, broad, flat, and trans- 
parent rhabdocoele. It produces both summer and 
winter eggs. The former are retained in the body 
until after hatching, and the young worms may 
often be seen squirming around in the uterus. 
Winter eggs take much longer to develop and ap- 
parently complete their development in the water 
after the death of the parent. 

Kalyptorhynchia. These neorhabdocoeles have a 
rosulate pharynx, a mouth opening somewhat an- 
terior to the middle of the body, a proboscis, and 
lack rhammite tracts. The proboscis is a protrusible 


muscular organ, sometimes armed with hooks and 
richly supplied with glands. It is located in a pouch 
at the anterior end of the body and is used in cap- 
turing food. In the Schi/orhyncha the probosc is is 
bifurcated whereas in the more common Kukalvptn- 
rhyncha it is undivided. In general the members of 
this suborder are marine, living in the sand of shal- 
low waters, and most of them have been described 
since 1920. The best known species is the cosmo- 
politan Gyratrix hermaphroditus , which is common 
in fresh, brackish, and salt water. 

Temnocephalida. A group of rhabdocoeles which 
are closely related to the Dalyelloida are the tenino- 
cephalids. They are sometimes considered a distinct 
order but are usually classified under the Neorhab- 
doeoela. They differ from other rhabdocoeles chiefly 
in the possession of tentacles and adhesive organs 
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Fig. 3. Temnocephata. ( After Hasweil, 1893 from L. H- 
Hyman , The Invertebrates, vol. 2, McGraw-Hill, I 
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Fig 4 Gyratrix hermaphroditus (From L H Hyman , 
The Invertebrates , vol 2, McGraw-Hill , 1951) 

ind in the absence of epidermal cilia in most spc- 
i ies These three modifu dtions of the t\pi<al rhab- 
doioele striKliue are correlated with then mode of 
lift suite they are et tocormnensals on the bodies 
»f larger animals They feed on small aquatic or- 
ganisms and aie found only in tropical and sub- 
tropical wateis. See TuKBFl t ARIA. [ F.R.J 1 

Bibliography : E. von Graff, Rhabdoroehda , 1913. 

Rhachitomi 

\ group of lalwrinthodont amphibians charaiter- 
i/ed b> vertebral centra with a large single inter- 
irntrum and small paned plcurocentra. The lhachi- 
lomes were the most varied of ant ient amphibian 
groups, already abundant in the Carboniferous, and 
dominating the Permian. Some members of the 
order, as Eryops and Cacops , had stout limbs and 
may have been in considerable measure terrestrial 




W'ochitomous amphibians from the Lower Permian. 

Eryops , about 5 ft in length, (b) Cacops , about 16 
,n tong. (After Gregory and Williston) 


in habit; others were mote purely aquatic. The 
rhachitomous type of vertebra can be directly 
derived from that of crossopterygian fishes and the 
group may have developed at an earlv stage in 
amphibian history. The rhachitomes were ancestral 
to the Tiematosauria and Stereospondyli of the 
Triassic and may have been ancestral to other 
amphibian orders as well. See Amphibia fossils; 
LaBYRIN I HODONTIA. [ A.S.R.] 

Rhamnales 

A small order of the plant subclass Ditotyledo- 
neae, with only two families: the buckthorn family 
(Rhamnaceae) having 45 genera and 550 species, 
and the vine family (Vitaceae) with 11 genera and 
600 species. The order is characterized bv a single 
whorl of stamens opposite the petals, and the ovary 
surrounded by a disk The hark of Rhamnus pur - 
shiana yields the drug Cascara sagrada. used as a 
mild laxative. All varieties of grapes, Boston ivv, 
and Virginia cieeper belong to the vine family. See 
Grapf cm turf.; see also Dicotylfi>onf.af ; Em- 
bryopfiyta; Plant kingdom. , [p.d.s.] 

Rheiformes 

An older of birds consisting of the single family 
Rhcidae containing the two living species of rheas. 
The larger and better-known species, the common 
ihea (Rhea amerirana) , inhabits grasslands of 
Brazil. Uiuguay, and Argentina. A smallei species 
(Pteror nemia pennata) is found from southeaster n 
Peru to the Straits of Magellan. Once placed in the 
artificial assemblage of Ratites. the rheas are now 
thought to he related to a South American older of 
flvmg birds, the Tinamiformes. Rheas differ from 
the superficially similar ostrich in their smaller 
size, feathered head and net k, 3- instead of 2-toed 
feet, and several other anatomical characters. See 
Ayfs; Ratites; Tinamiformes. [k.c.p.] 

Rhenium 

Element number 75. rhenium. Re, is a transition 
element Tts discovery bv W. Noddaok. I Tacke. 
and 0. Berg m 1925 represented another outstand- 
ing sum ess of the application of Mendeleev’s peri- 
odic law. The blank space in the periodic chart 
corresponding to dvi-manganese had long occupied 
the attention of scientists, and many efforts had 
been made to discover the element whose properties 
would entitle it to be placed in that position. Nod- 
dack, Tacke, and Berg reasoned that it should oc- 
cur in platinum ores and certain other minerals, 
notably columbite. See Periodic table. 

Today rhenium is obtained as a by-product of 
some metallurgical operations and is commercially 
available in laboratory quantities. Examination of a 
large number of minerals showed that rhenium is 
widely distributed in nature. The most promising 
source appears to be molybdenum glance, M 0 S 2 . 
Rhenium metal can be prepared easily by reduc- 
tion of any of a number of its compounds by hy- 
drogen. It is a dense metal (2L04) with the very 
high melting point of 3440°C. 
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Rhenium is similar to its homolog technetium in 
that it may be oxidized at elevated temperatures 
by oxygen to form the volatile heptoxide, RegOr; 
this in turn may be reduced to a lower oxide, Re0 2 . 
The compound ReOa, as well as several others such 
as ReaOn and Re20, is well known. The heptavalent 
oxide, Re 2 07 , may be dissolved in water to form 
the colorless perrhenic acid, HReOi, analogous to 
HCIO4, HMn 04 , and HTc0 4 , and a large series of 
salts corresponding to this acid have been pre- 
pared. Perrhenic acid is a strong monobasic acid 
and is only a very weak oxidizing agent. Complex 
perrhenates such as cobalt hexammine perrhenate 
[Co(NH 3 )«(ReOi) 3 l are also known. 



The halogen compounds of rhenium are very 
complicated, and a large series of halides and 
oxyhalides have been reported. The halides and 
oxyhalides of the higher oxidation states tend to 
be quite volatile and sometimes are liquid. Tetra- 
valent rhenium also forms a series of double salts 
corresponding to hexachlororhenic acid which is 
analogous to those formed by technetium. Organic 
complex salts of rhenium, such as nitron per- 
rhenate, can be used in its determination. 

Rhenium forms two well-characterized sulfides, 
Re 2 S 7 and ReS 2 , as well as two selenides, Re^Se? 
and ReSe>. The sulfides have their counterparts in 
the technetium compounds, Tc-jS; and TcS 2 . See 
Technetium; Transition elements. 

\ s. fried] 

Bibliography : J. G. F. Druce, Rhenium , 1948. 

Rheology 

The study of the deformation and flow of matter. 
The states of matter differ strikingly in their den- 
sity and in the ease with which they can be de- 
formed. The less dense the state of matter, the more 
easily deformable it ordinarily is. The viscosity of 
a gas arises from the crossing over of molecules 
from a fast-moving layer into a neighboring more 
slowly moving layer and vice versa. Because this 
crossing over increases with temperature rise, the 
viscosity of a gas increases with temperature. On 
the contrary, solids and liquids become more fluid 
with temperature rise. See Viscosity of cases; 
Viscosity of liquids. 

A perfect crystal, according to theoretical calcu- 
lations, should be orders of magnitude stronger 
than crystals customarily are found to be. This is 
because of the presence in actual crystals of vari- 


ous types of imperfections which greatly facilitate 
their deformation. The thermodynamic properties 
of crystals are readily calculated by assuming that 
the atoms form a perfectly-ordered lattice. The 
rheological properties of crystals cannot be calcu- 
lated from the perfect lattice model, however, but 
only by considering the number and nature of the 
lattice imperfections. Besides various types of vacant 
lattice sites, extra interstitial atoms are frequently 
present. For details on the important types of crystal 
imperfections, see Crystal defects. 

The extra fluidity of liquids as compared with 
solids arises from the great increase in the number 
of imperfections introduced with the 10% expan- 
sion in melting shown by normal liquids. Ice is an 
exception since it cop tracts by about 10% on melt- 
ing. This contraction Vesults from a change from the 
tetrahedral hydrogen-bonded structure displayed by 
one crystalline form of ice into the close-packed 
structure of another form. As a result, water has a 
viscosity of about 17 millipoises at the melting 
point, which is close to the normal value Tor ordi- 
nary liquids. (A poise is a unit of viscosity equal to 
1 dyne sec/cm 2 .) A solid melts at that temperature 
at which the entropy from imperfections multiplied 
by the temperature equals the heat of introducing 
these imperfections. 

Metals melt with only 3% expansion instead of 
the usual 10% expansion of normal un-ionized 
molecules because the positive ion, being only 
about one-third as large as the atom, requires only 
one-third the space for extra equilibrium posi- 
tions. y 

Molten salts, on the other hand, expand about 
22% on melting. In this case, new equilibrium posi- 
tions require about double the usual space. This i^ 
probably because a sodium chloride molecule mu c t 
be accommodated in the added equilibrium position 
instead of anNa' ion or a Cl* ion separately. 

That the viscosity of a system closely reflect^ 
structure is exemplified by the fact that nearh all 
simple substances have a viscosity of the liquid at 
the melting point of approximately 2 centipoises. 
Furthermore, the reciprocal of the viscosity, the 
fluidity, is a linear function of the molecular vol- 
ume. 

Because holes are necessary to permit vis* mis 
flow and since pressure tends to decrease tbe num- 
ber of holes in a system, it follows that pressure 
normally increases viscosity. The pressure coeffi- 
cient of viscosity indicates that the empty space a 
molecule requires in order to flow viscously is about 
one-seventh its normal volume. To provide such va- 
cant sites, an activation energy of about one-thir 
the heat of vaporization is required, as shown y 
the temperature coefficient of viscosity. The norma 
effect of pressure rise and temperature drop 1T J jn 
creasing viscosity is modified in the rare cases w e y e 
such changes promote significant modifications in 
structure. Thus increasing the pressure on 
just above the melting point increases the flui 1 
of water because the liquid structure is shifted * w 
from the hydrogembonded tetrahedral state t0 ^ a 
the more fluid close-packed structure. At a c 
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perature of about 160° C, sulfur changes from a 
comparatively fluid, straw-colored, 8-membered 
ring to a dark, viscous, high polymer having thou- 
sands of atoms in a linear chain. Lubricants like- 
wise are made relatively temperature independent 
by adding high polymers which are soluble only 
with difficulty and which unfold with temperature 
nse, thus counteracting the usual decrease of vis- 
cosity of liquids with temperature rise. 

When linear high polymers change their state, 
they introduce holes only in directions normal to 
the length of the chain. Thus a linear polymer melts 
m two directions but retains its solid-like properties 
along the chain length. The result is that high poly- 
mers progress by wriggling a segment at a time, as 
shown by the fact that they exhibit the expected 
piessure and temperature coefficients of a molecule 
the size of a segment. The viscosity is much higher 
for a high polymer because of a negative entropy 
ot activation corresponding to correlation of seg- 
ment motion. Extensive quantitative correlations of 
rheological properties are available. See Polymfr. 

[h.ey.1 

Bibliography : F. R. Eirich (ed.). Rheology 
Theory and Applications , 3 vols., 1956-1958 (vol. 3 
in piep.) : M. Reiner, The flow of matter, Sri 
4m mean, 201(6):122 138. 1959. 

Rheostat 

\ variable resistor constructed so that its resist- 
ance value ma\ be changed without interrupting the 
(ireuit to which it is connected. It is used to vary 
the cmrent in a circuit The resistive element of a 
rheostat may be a metal wire or ribbon, carbon 
disks, or a conducting liquid. See Risistor, see 
dho Pori NTIOMFTFR ( VARI ABI Y HISISFOR^ 

The metallic type is the most common The wire 
ni ribbon is constructed in a coil or a grid, and taps 
dre brought out from different sections of the ele- 
ment to a multicontaet switch which can short cir- 
cuit any desired section of the resistor or switch it 
nut of the circuit. For more continuous control, as 
is needed for laboratory rheostats, a sliding-contact 
finger bears directly on closely wound coils of re- 
sistive wire. 

The carbon-disk type is used only for small cur- 
rents The resistive element is varied by changing 
the pressure on the carbon disks. The advantage of 
this type is its capacity for fine adjustment. 

The electrolytic type is ideally suited to large 
rurrents. This type consists of a tank of conducting 
fiquid in which electrodes aie placed. The varia- 
tion of resistance is obtained by changing the dis- 
tance between the electrodes, the depth of immer- 
s ton of the electrodes, or the resistivity of the 
elution. This type, also called water rheostat, has 
Perfectly continuous adjustment. 

Rheostats are used whenever it is desired to vary 
resistance or adjust current. Typical applications 
are for starting or controlling the speed of motors, 
f°r adjusting generator characteristics, for con- 
tolling storage-battery charging, for dimming 
Itghts, and for imposing artificial loads on electri- 
ca l equipment during test. 


Rheumatic fever 

A childhood illness which follows an infection by 
Streptococcus hemolyticus , group A, by about 3 
weeks. It is characterized by arthritis (redness and 
swelling of joints) and carditis (inflammation of 
heart tissue). Typically the polyarthritis is migra- 
tory with involvement of two or more larger joints. 
Other symptoms include nose bleeds and chorea, 
also known as St. Vitus dance. Fever, rapid pulse, 
paleness, and indisposition are present. Rheumatic 
fever is important because it can cause heart dis- 
ease. The likelihood of this occurring and of per- 
manent heart damage are increased by rheumatic 
fever’s natural tendency to recur. Heart damage 
can show up later, though the active illness was de- 
cidedly mild. 

Rheumatic fever, not in itself an infectious dis- 
ease, follows 2-3% of untreated streptococcal in- 
fections. There is agreement as to its cause, but 
its mechanism is not known. The illness is not re- 
lated to severity of infection nor the serologic type 
(Lancefield) of hemolytic ^treptococcOs. Heredity 
and environment are difficult to evaluate separately 
as factors. Rheumatic fever does not appear after 
penicillin treatment of the streptococcal infection. 
Continuous, that is, prophylactic, use of penicillin 
in smaller dosage will prevent later attacks. Ther- 
apy in active rheumatic fever includes penicillin 
and salicylates (aspirin). Aspirin produces prompt 
subsidence of fever and arthritis. Bed rest is usual. 
Cortisone, a hormone, is administered when there 
is carditis. Badly scarred heart valves are corrected 
surgically. See Lancffield differentiation 
scheme; Scarlet fevi-r; SiRFPrococcus. [p.l.b.J 

Rheumatism 

A term used to denote any combination of muscle 
or joint pain, stiffness, or discomfort arising from 
nonspecific disorders. It is generally used as a lay 
expression to indicate a chronic or recurrent condi- 
tion affecting a certain area and precipitated by 
cold, dampness, or strain. 

Fibiomyositis refers to acute or chronic symp- 
toms of tenderness, stiffness, and pain in a joint 
and related structures which follows exposure, 
strain, trauma, or infection. Myositis denotes an in- 
flammation of a muscle; myalgia refers to muscle 
pain or tenderness without inflammation. Fibrositis 
is an inflammation of fibrous connective tissue, usu- 
ally that of a joint region. 

Rheumatism includes all of the above nonspecific 
disorders and is best reserved for complaints not re- 
lated to a specific disease such as arthritis, rheu- 
matic fever, trichinosis, or others that may cause 
the same or similar symptoms. 

Lumbago, wryneck, charleyhorse and shinspjint 
are commonly used expressions included under the 
catch-all category of rheumatism. [e.g.st.] 

Rhinoceros 

Any of five species of odd-toed, hoofed, massive 
mammals of the family Rhinoceridae, order Peris* 
sodactyla, found in Africa, Asia, and the East 
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The rhinoceros, Rhinoceros bicornis ; length to 8*6 ft. 
(From P. M. Duncan , ed., Cassell's Natural History, 
Cassell ) 


Indies. Rhinoceroses have three toes on each foot, 
and unusually thick, nearly naked skins, often laid 
in deep folds over the body. They have small ears 
and small eyes. The African and one Asian species 
have two horns located on the median portion of 
the snout, the posterior one usually smaller than 
the other. Two of the Asian species have a single, 
large, anterior horn. These horns are solid and are 
made up of a mass of cornified fibers which are 
modified hairs; they have no bony connection to 
the skull. Both sexes have horns of similar size. 
The record horn. S3 in. long, grew on a female 
African rhinoceros. All of the species are becoming 
increasingly rare and appear destined for extinc- 
tion. See Perissodactyla. [j.d.b.] 

Rhizobiaceae 

A family of bacteria of the order Eubacteriales. 
Some species are effective in the soil for nitrogen 
fixation, and others are plant pathogens. The bac- 
teria comprising the three genera are heterotrophic, 
rod-shaped, gram-negative, and aerobic. Carbohy- 
drates are utilized by all strains without appreci- 
able acid formation ; gas is not produced. Isolation 
and cultivation of all strains within the genera 



1- Rhizobium 2- Agrobacterium 
3- Chromobacterium 

Some genera of Rhizobiaceae. (V. B. D . Skerman ) 


Rhizobium and Agrobacterium are accomplished 
with ease; species in the genus Chromobacterium 
are difficult to maintain in culture collections. 

Rhizobium , the type genus of the family, com- 
prises organisms generally known as the root nod- 
ule bacteria, or rhizobia. These bacteria are short 
motile rods in early stages of growth on ordinary 
culture media; pleomorphic, x-, y-, star- and club- 
shaped bacteroidal forms are commonly found in 
cultures grown in acid media or in the presence of 
glucosides or alkaloids as well as within the nod- 
ules. 

The rhizobia are best known for their abilities to 
invade the root hairs of leguminous plants and 
cause the formation of cortical hypertrophies 
known as root nodules. Free atmospheric nitrogen 
is fixed by the plant and bacteria in symbiosis. The 
six species now recognized, R. meliloti , R. trifolii , 
R. legurninosarum , R. phaseoli , R. japonic um, and 
R. lupini , are defined by their reactions in litmus 
milk and their respective abilities to produce nod- 
ules on certain leguminous plants contained within 
cross-inoculation plant groups. Strains of each spe- 
cies show marked host specificities in their abilities 
to symbiose with the plants within each group. The 
amount of nitrogen fixed by different leguminous 
plants varies within a wide range. No correlation 
exists between the cultural, physiological, and bio- 
chemical characteristics of the rhizobia and their 
abilities to symbiose with their host plants. The 
treatment of leguminous seeds with hulk prepara- 
tions of effecti\e rhizobia is widely practiced 
throughout the world for the purpose of preventing 
nitrogen starvation, lessening plant demand for 
soil nitrogen, and for improving the yield and 
quality of leguminous plants used in agiiculture 
and soil conservation. See Nitrogen cy< i e; Rhszo- 
spherk; Soil microbiology. 

A gro bacterium is a genus of seven species, of 
which five are plant pathogens. A. tumefaciens 
causes root and stem galls on plants contained in 
over 40 families of angiosperms. A. gyp so phi lac 
produces galls on Gypsophila paniculata L. and re- 
lated plants. A, pseudotsugae is pathogenic on the 
Douglas fir, Pseudotsuga taxi folia Britton. A. rhi- 
zogenes causes a hairy-root condition of apple and 
other plants, and A. rubi is pathogenic on various 
species of raspberries and blackberries. A. radio - 
bacter and A. stellulatum are nonpathogenic: the 
former is commonly found on the roots of plant? 
and as a contaminant within leguminous nodules- 
The latter has marine habitats. None of the agro- 
bacteria fixes atmospheric nitrogen. 

Chromobacterium is a genus of four species of 
saprophytic soil and fresh- water bacteria which 
produce moist to rugose colonies on agai media 
and form ring or surface membranous pellicles on 
gelatin and liquid media. One of the best known 
characteristics of the chromobacteria is the P r0 * 
duction of a violet-blue pigment which is soluble in 
alcohol, but not in water or chloroform. T e 
best known pigment type, violacein, is presuma y 
related chemically to indigo. 


The type species is 6. violaccum . Comparative 
studies indicate that C. amethystinum is a variant 
form of C. violareum. C. jantfunum is presumably 
the cause of fatal septicemia in animals and man. 
C marismortui , isolated from water of the Dead 
Sea, is halophilic, with an optimum growth at about 
12% sodium chloride. .See Euhactlriales. [o.n.a.] 

Rhizocephala 

An order of crustacean parasites related to the bar- 
nacles. World-wide in distribution, they prey on 
other crustaceans, primipally Decapoda, such as 
rrabs, shrimp, and their allies. See Decapoda 
(Crustacea) . In 1949 the rhizocephalan, Loxothyla - 
tus t exanus, infested 16% of the blue crab popula- 
tion in Aransas Bay, Texas. Rhizocephala produce 
modifications affecting the abdomen of the crab, 
making males resemble females and causing lmrna- 
luie females to acquire precociously the adult form 
These paiasites have become so modified bv their 
mode of life that, as adults, tliev are no longer rec- 
ogrn/able as barnacles, or even as < lustaieans The 
due to their relationships is found in their life his- 
toi\. .Sec PARASIIK ( ASTRA riON. 



Loxothylacus texanus attached to the abdomen of the 
blue crab, Callinectes saptdus. (From E. G Remhard 
Parasitic castration of Callinectes , Biol Bull , 98(3 ) 
277-288, 1950) 

An adult rhizocephalan is a thin- walled sac en- 
1 losing a visceral mass, composed chiefly of ovaries 
and testes. It shows no trace of segmentation, ap- 
pendages. or sense organs. Even an alimentary tract 
^ missing. Instead, it possesses a threadljke root 
system which penetrates the interior of the host in 
all directions and absorbs nourishment from the 
body fluids of the crab. Fertilized eggs develop in a 
brood chamber. An opening at the summit of the 
s ac allows sea water to enter for purposes of respi- 
ration and provides an avenue of escape for the Jar- 
v ae. A short stalk securely rivets the base of the sac 

the abdomen of the crab. 

Fertilized egg9 become nauplii. These larval par- 
ches, expelled from the mother’s brood pouch, 
Measure 0.25 mm in length. They have the appear- 
ance of barnacle nauplii, except that they lack an 
alimentary tract. Free-swimming nauplii metamor- 
phose into cypris larvae which appear sexually in- 
different. Those that settle on crabs become kentro- 
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gen larvae. A cell mass injected by the kentrogen 
develops into a tumor and root system on the in- 
testine of the host. After 8 weeks the endoparasite 
emerges as a small sac. Cypris that settle on imma- 
ture Rhizocephala become larval males. A cell mass, 
injected into the brood pouch by these males, mi- 
grates to the “testes” and differentiates into sperm. 
Six weeks later the sac is sexually mature. 

Rhizocephala, with the exception of the family 
Sylonidae, were considered hermaphroditic, possess- 
ing ovaries and testes in the same individual. In 
1958, A. Ichikawa and R. Yanagimachi proved that 
the “testes” in Peltogasterella socialis were really 
seminal receptacles. The sperm in these female re- 
pository organs is produced exclusively by cypris 
male cells. Adults of Peltogasterella are thus true fe- 
males cariving hyperparasitic larval males. The 
hermaphroditic nature ol other Rhizocephala is now 
questionable. [p.g.r.] 

Bibliography : H Boschma. The speties of the 
genus Sarculina (Crustacea Rhizocephala), Zool 
Mededeel ., 19(3-4) :1B7 328, 1937; G. Smith, Rhi- 
zo( ephala. Fauna und Flora des Colfes von Neapel, 
29, 1906. 

Rhizomastigida 

An ordei of the c lass Zoomast jgophoreu also known 
as ihc Rhi/omastigina. All Rhizomastigida species 
are micros* opic , ameboid, and have one or two 
flagella Multuiha has many flagellumlike proc- 



Mastigamoeba reptans. 
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esses, but these may be radiating axopodia, each 
ending in a basal granule. Mastigamoeba (see 
illustration) has a single flagellum arising from 
a basal granule at the nuclear membrane, with 
lobose pseudopodia. In Mastigella no nuclear con- 
nection is apparent. Rhizomastigida are small, 
colorless, and rarely abundant. They generally oc- 
cur at the mud- water interface and are holozoic, 
saprozoic, or parasitic* Multicilia , Pteridomonas, 
and Actinomonas are rounded; other species are 
flattened. Life histories are poorly known, except 
for Mastigella . The nuclear division of Bodopsis 
godboldi is typical. The group is a small one, but 
species occur in both fresh and salt water. See 
ZOOMASTIGOPHORLA. \ J.B.L.] 

Rhizopodea 

A class of the subphylum Sarcodina whose mem- 
bers do not have axopodia. Instead, the pseudopodia 
may be lobopodia, filopodia, or myxopodia (rhizo- 
podia ) . The Rhizopodea are often referred to as the 
Rhizopoda. The class includes the following orders: 
Proteomyxida, Myc etozoida, Amoebida, Testacida, 
and Foraminiferida. See Sarcodina; see also ai ti- 
des on the orders. [r.p.h.] 

Rhizosphere 

The soil region subject to the influence of plant 
roots. It is characterized by a zone of increased mi- 
crobiological activity and is an example of the re- 
lationship of soil microbes to higher plants. Other 
examples are mycorhiza (a fungus-plant relation- 
ship) and bacterization (inoculation of soil or seed 
with miciobes). 

A sharp boundary cannot be drawn between the 
rhizosphere and the soil unaffected by the plant 
(edaphosphere ) . At the root surface the rhizo- 
sphere effect is most intense, falling off sharply 
with increasing distance. 

Growth of a plant markedly changes the micro- 
bial population of soil within its influence In the 
rhizosphere there are more microorganisms than 
in soil distant from the plant. This increase is most 
pronounced with bacteria but is evident with other 
groups, especially actmomycetes and fungi. Algae 
and protozoa increase less than other microorgan- 



Bocteria clustered about tip of live rootlet. (Or. 7. Gib- 
son , World Crops, 3(4), 1951) 


isms. The effect may be revealed by plating meth- 
ods and confirmed by examination of slides buried 
in contact with roots, which reveal accumulations 
of organisms near and at the root surface. The rhi- 
zosphere effect is seen in seedling plants; it in- 
creases with the age of the plant and usually 
reaches a maximum at the stage of gieatest vegeta- 
tive growth. Upon death of the plant the microbial 
population reverts to the level of the surrounding 
soil. Within the range of soil moisture suited to 
plant growth, the number of rhizosphere organisms 
increases with decreasing moisture content. Legu 
minous plants support higher rhizosphere popula- 
tions than nonlegumes. The stimulation of micro- 
organism growth in the rhizosphere results chiefly 
from the liberation of ^readily available organic sub- 
stances by the growing plant. 

The plant exerts a characteristic effect by shift- 
ing the balance between groups of bacteria with re- 
spect to morphological and taxonomic type, physi 
ology, and nutritional requirements. In the rhizo- 
sphere there is a preferential stimulation (increase 
in growth) of gram-negative rods and a relative 
suppression (decrease in growth) of gram-positive 
rods, eoeeoid rods, and aerobic sporeformers Chief 
among those stimulated are species of Pseudo 
rnonas , Agrobacterium , and Rhizobium. Rhizobmm 
is stimulated more paiticularly bv legumes. Arthto 
bacter, Azotobacter , and nitrifying forjps arc less 
abundant in the rhizosphere than the preceding 
three species. Rhizosphere bacteria are physiolog- 
ically more active than those m nonrhizosphere soil 
Judged; bv oxygen consumption, isolates from the 
rhizosphere show a greater degree of metabolic a< 
tivity than isolates from soil regions distant from 
the plant. In the rhizosphere, there are higher pro 
portions of motile and chromogenic bacteria and of 
organisms able to decompose sugars, starches, and 
proteins. Cellulose-decomposing forms are stimn 
lated by the presence of cellular debris ploughed 
off by the roots Vitamin-synthesizing organisms arc 
much more numerous in the rhizosphere. 

From the standpoint of bacteiial nutrition, the 
most characteristic rhizosphere effect is the prefer- 
ential stimulation of organisms whose food needs 
are met by amino acids. This is due chiefly to lib 
eration of amino acids from plant roots. Bactena 
depending upon the more complex nutrients and 
growth factors provided by soil extract (organic 
plant exudates) are less abundant in the rhizo- 
sphere. 

The rhizosphere effect is related to certain as- 
pects of plant disease. Varieties of flax, tobacco, 
and banana susceptible to certain pathogenic fungi 
exert a more pronounced rhizosphere effect than 
resistant varieties. Oat varieties susceptible to man- 
ganese deficiency disease show greater numbers of 
manganese-oxidizing organisms in the rhizosphere 
than resistant varieties. Some soil amendments 
(additives) are found to reduce the incidence 0 
scab in potatoes by causing an increase in the rni- 
zosphere of organisms antagonistic to the pathogen* 

Mycorhiza. This is a special fungus-plant rela- 
tionship in which fungi have a mote intimate asso- 
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ciation with roots than that shown by the general 
rhizosphere population. Ectotrophic mycorhizal 
fungi do not penetrate root cells but form closely 
woven masses of hyphae about the rootlets and may 
enter root tissue between cells. This type of myco- 
rhiza occurs commonly with forest trees. Endo- 
trophic fungi penetrate more deeply into the tis- 
sues and invade the cells. This condition is more 
widespread and occurs in orchids, heather, fruit 
trees, and shrubs. The significance of the associa- 
tion is not well understood. The fungi obtain food 
partly from the plant. On the other hand mycorhi- 
zas may function as an extension of the root system 
m extracting plant nutrients from soil. Thus myco- 
rhizal fungi frequently stimulate plant growth. 

Bacterization. The inoculation of soil or seed 
with microorganisms to stimulate plant growth or 
to protect plants against soil-borne pathogenic or- 
ganisms is called bacterization. The value of inocu- 
lating seed of leguminous plants with cultures of 
symbiotic nitrogen-fixing bacteria adapted to the 
crop is established. There is no conclusive evidence 
that inoculation is of value for nonlegumes, for 
which purpose cultures of the nonsymbiotic nitro- 
gen fixing organism Azotobacter have been exten- 
si\el\ tried Attempts to control plant pathogenic 
fungi or bacteria by heavy inoculation of soil with 
c ultures of antagonistic (antibiotic-prnducmg) or- 
ganisms have not been successful under field con- 
ditions. In natural soils the antagonist finds itself 
in competition with other soil microoiganisms; its 
numbers decline as the equilibrium is reestablished. 
More success has been achieved by modifying the 
environment to encourage antagonists normally 
present in the soil. See Bacteria; Fungi; Nitro- 
mn cycle, Soil microbiology. [a.c.l.] 

Rhizostomeae 

Vn order of the class Scyphozoa with the mos? 
highly organized features of this (lass. The urn 
hrella is generally higher than it is wide, except in 



(a) (b) 


Rhizostomeae. (a) Rhizostoma; bell may reach 2 ft in 
diameter, (b) Mastlgias. (L Hyman , The Invertebrates, 
K McGraw-Hill, 1940) 
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Cassiopea and Ccphea. The margin of the umbrella 
is divided into many lappets but is not provided 
with tentacles. Many radial canals, which are con- 
nected with each other to form a complicated net- 
work, issue from the cruciform stomach. The oral 
part is very complicated and is 8-sided, with many 
suctorial mouths surrounded by numerous small 
tentacles. Usually there is no central mouth. The 
development of eggs into medusae, through the 
stages of planula, scyphopolyp, strobila, and 
ephyra, is similar to that of the Semaeostomeae. 
However, the metamorphosis of the ephyrae is more 
complicated than in the latter. No species of this 
group is injurious to the human skin. Some large 
forms, such as Rhopilema , are used as food in 
China and Japan. 

A fair number of fossils of this order were found 
in the strata of the Jurassic Period. See Scyphozoa. 

[t.u.] 

Rhodesian man 

A type of fossil man inhabiting southern Africa 
during the late Pleistocene, presumably more than 
40,000 year* ago The first specimens were dis- 



Skull of Rhodesian man. (From M. F. Ashley Montagu, 
An Introduction to Physical Anthropology , 2d ed., 
Charles C Thomas , 1951) 


covered in mining operations at Broken Hill, North- 
ern Rhodesia, in 1921. They consisted of a skull 
without lower jaw, a second upper jaw fragment, 
and bones of the limbs and pelves from more than 
one individual. These lay at the end of a deep 
filled cave, associated with a relatively recent fauna 
(containing few extinct species) and tools of the 
Rhodesian Proto-Still Bay culture, of the Early 
Middle Stone Age of Africa. 

A second skull cap, in fragments, was found by 
R. Singer in 1953. It was located at a blowout site 
at Hopefield, near Saldanha Bay, Cape Colony. 
This was associated with an older fauna, and sDone 
work of the Earlier Stone Age; however, no great 
difference in time between these and the Broken 
Hill specimens U indicated. 
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The skulls are large and low, marked by massive 
brow ridges, and have a cranial capacity of approxi- 
mately 1300 cm 1 or less. In detail, Rhodesian man 
differs from the contemporary Neanderthals in 
conformation of the skull vault and the brow®, 
which are not arched as in the Neanderthals, and 
of the palate, which, although large, is parabolic in 
shape rather than U-shaped. The skeleton bones 
differ in no particular from modern man. The type 
has been named Homo rhod encash (Woodward) 
and Cyphanthropus rhodesiensis (Py<raft). See 
Fossil man. [w. w. howitis) 

Bibliography. W. P. Pycraft. G. E. Smith. 
M. Yearsley et al., Rhodesia Man and Associated 
Remains , 1928. 

Rhodium 

Chemical element number 45, rhodium, Rh. is a 
hard white metal. It is considerably less ductile 
than either platinum or palladium but much more 
ductile than any of the other platinum metals. 01 
the platinum metals, rhodium and platinum aie 
the most suitable for use in hot, oxidi/ing atmos- 
pheres. 



Uses. Pure rhodium can be electroplated easj{\ 
to ionn a hard, wear-iesistant. peimanentlv bright 
surface. The plated metal is used on sliding elec- 
tric al contacts, for minors and reflectors, and as 
a finish on lewelrv. It is also employed in furnace 
windings and crucibles for use at temperatures too 
high for platinum. Rhodium catalysts have been 
used in t ertain organic syntheses. 

Alloys. The major rhodium alien is 90# plati- 
num-10# rhodium. The addition ot rhodium im- 
proves the hardness, strength, and coirosion re- 
sistance of platinum. The alloy is used for thermo- 
couples, furnace windings, parts of high-tempera- 
ture apparatus, jets in making synthetic fibers, and 
as a catalyst in the oxidation of ammonia to pro- 
duce nitric acid. Rhodium-platinum alloys aie pre- 
ferred to other platinum metal ulloys for most 
high-temperature oxidizing exposures and are es- 
sential for the production of fiber glass. 

Metallurgical extraction. In one method of ex- 
traction. the major portions of platinum and pal- 
ladium are first removed chemically from the 
other platinum metals, and the residue is dissolved 
in molten lead. The lead dissolves platinum, palla- 


Properties of rhodium 


Atomic weighl 
Crystal structure 

Density (at 20°C) 

Melting point 

Linear thermal expansion coefficient 
(per °C al 20°C) 

Specific* heat (at 0°0) 

Thermal conduct ivify (at 20 °C) 
(cal/(cin) (cm 2 ) (°C) (sec ) 

Electrical resistivity (at 20°C) 
Modulus of elasticity 
Tensile strength — hard 
Tensile strength - annealed 


102.91 

face-centered cubic 
fl ■* 3 80 at 20°C 
12 11 g/rin 8 
1960°C 

8 3 X Kr« 

0 059 ral/°C 

0 2] 

4 5 /iohm-cm 
40 X 10 6 psi 

365.000 psi 

138.000 psi 


dium, and rhodium, and the platinum and palla- 
dium are removed bv dissohing the alloy in nitric 
acid. Heating the impure rhodium in chlorine 
causes the impuiities to sublime; insoluble rho- 
dium chloride is left. The rhodium is extracted 
from this residue by a sodium bisulfate fusion fol- 
lowed by leaching with water. Rhodium chloride is 
then precipitated from the resulting solution, and 
after further treatment, ihodinm metal is obtained 
by ? educ lion with hydrogen. 

Physical and chemical properties. When hot 
rhodium is quite ductile; when cold, the metal still 
has appieciable ductility although it work-hardens 
very rapidly. It can be made into fine wire and thin 
sheet metal. 

Rhodium is the whitest of the platinum metals, 
it remains bright at ordinary temperatures nuclei 
all atmospheric conditions. Rhodium oxidizes 
slightly when heated, but aboyc 1000°C tbe oxide 
Rh^O .^decomposes. Rhodium is resistant to most 
c ommon ac ids including hot aqua regia, even at 
moderate temperatures. It is attacked by hot sul- 
len ic acid, hot hvdrobromic acid, sodium hvpodilo 
rite, and free halogens at 200 600°C. 

Rhodium compounds. Rhodium exhibits oxida- 
tion states of 3+ and 4-f. the former being the 
principal one. Rhodium trichloride. RhCli, is a red 
compound which is insoluble in water Its low vola- 
tility makes it useful in the icfining of the element 
Rhodium trihydroxidc max be formed from the 
trichloride bv boiling with potassium hydroxide 
Thi^ is soluble in some acids and may be used to 
produee rhodium salts. Rhodium sulfate, Rh 
(SO i ) is red or yellow and soluble in wa- 

ter. It appears to become complex after being sub 
jecled to high temperatures; as such, it forms the 
basis of rhodium plating baths. Sec Platinum. 

[h. J.AIBFRrl 

Rhodobacteriineae 

A suborder of the order Pseudomonadales which 
contains all photosynthetic bacteria except the ge- 
nus Rhodomicrobium. The unusual developmental 
history of this genus has caused it to be included 
in the order Hyphomicrobiales. See Hyphomkho- 
BIALFS; PSKllDOMONADALES. 

Photosynthesis in the Rhodobacteriineae differs 
from that of green plants in the following respects. 
(1) it never leads to oxygen evolution; (2) it re * 
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quires the presence of an oxidizable substrate such 
as hydrogen sulfide (H 2 S), sulfur, thiosulfate, hy- 
drogen, or an organic compound; and (3) it pro- 
ceeds in the near infrared region. 700-1000 milli- 
microns (m/Li) . The radiant energy is absorbed by 
ehlorophyllous pigments other than those found in 
the green plants. See Chlorophyll; Photosyn- 
thesis. 

The Rhodobacteriineae comprise three families, 
the Thiorhodaceae, Athiorhodaceae, and Chlorobae- 
teriaceae, whose representative genera are shown 
in the illustration. 

Thiorhodaceae. These are the purple sulfur bac- 
teria. They are often found as mass developments 
in mud or water containing H>S. They are anaero- 
bic. that is, cannot grow in the presence of oxy- 
gen. and contain bacteriochlorophyll and purple, 
red, and yellow carotenoids. The bacteriochloro- 
phyll has its major absorption maximum at about 
900 m [l; the carotenoids mask its greenish-blue 
color, so that the bacteria appear purplish to red 
colored. 

As long as HjS is present in the environment, the 
cells contain sulfur globules, the result of an in- 
complete oxidation of the sulfide. Exhaustion of 
the sulfide supply causes a gradual disappearance 
oi the sulfur droplets, the sulfur being further oxi- 
dized to sulfuric acid. The color of the cell masses 
is purplish when the cells contain sulfur globules; 
when sulfur- free they are deep red. 

A simple and effective method for cultivating 
lluorhodaceae in the laboratory is the following. 
Some black nuid, or a bit of material from a natu- 
lal mass development of these bacteria, is put into 
.1 glass-stoppered bottle which is then filled com- 
pletely with a mineral medium. The stopper is in- 


serted carefully so that no air bubbles are left, and 
the bottle is exposed to continuous illumination by 
a 25- to 40-watt electric bulb. Fluorescent lights, 
which emit very little infrared radiation, are unsat- 
isfactory. Experience has shown that good cultures 
can usually be obtained in 3 6 days with a medium 
composed of tap water with 0.1 % ammonium chlo- 
ride (NH*C1), 0.1% monobasic potassium phos- 
phate (KHoPOj), 0.05% magnesium chloride 
(MgCl 2 ), 0.2% sodium bicarbonate (NaHCOa), 
and 0.05% sodium sulfide (Na 2 S.9H 2 0) adjusted 
to pH 7-9. For brackish- and salt-water forms the 
addition of 1-2% sodium chloride (NaCl) may be 
necessary. Owing to the toxicity of the sulfide, me- 
dia with more than 0.1% sodium sulfide (Na 2 S) 
may fail to yield growth of purple sulfur bacteria. 
Substitution of 0.1 0.2% sodium thiosulfate for 
Na 2 S, or supplementation of the sulfide medium 
with thiosulfate, is apt to produce denser and more 
varied cultures. The sulfide concentration and the 
pH of the medium often determine which types of 
Thiorhodaceae will appear in the cultures. 

Although H'jS is the preferred oxidizable sub- 
strate for the purple sulfur bacteria, they can also 
use a variety of simple organic compounds, such as 
ethanol, salts of fatty acids, lactate, malate, and 
so forth. 

Many representatives of the group are motile; 
these display photoactic movements whereby the 
bacteria accumulate in areas of optimum light in- 
tensity for their photosynthetic activity. See Bac- 
terial motility ; Taxis. 

The Thiorhodaceae comprise various types of 
spherical, ovoid, comma-, rod-, and corkscrew- 
shaped bacteria of diverse sizes. They are nonspore- 
forming, gram-negative organisms, and motility is 


Thiopolyococcus • 



Clathrochloris * 


1 Pelodictyon * 
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Chtorochromaiium 


•Thiorhodaceae * Athiorhodaceae JfcChlorobacteriaceae 
(family) (family) (family) 

Representative genera of the Rhodobacteriineae. (V. 8. D. Skerman ) 
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due to the presence of polar flagella. When found 
in nature, the cells are often grouped in character- 
istic aggregates which may be embedded in a com- 
mon slime envelope (capsule). The fundamental 
studies of S. Winogradsky who first demonstrated 
the importance of H 2 S for the growth of the sulfur 
bacteria, led him to subdivide the group into a num- 
ber of genera, differentiated on the basis of the 
shape and size of the individual cells and of the ag- 
gregates. Subsequent studies have shown, however, 
that pure cultures of a single strain may contain 
cells and aggregates of many different shapes and 
sizes; these have been correlated with the gradu- 
ally changing conditions in the culture medium. 
Although this has cast doubt on the validity of 
many of Winogradsky’s genera, his system of clas- 
sification is still provisionally retained. A more sat- 
isfactory basis for a subdivision can be expected 
as the result of the isolation in pure culture of 
the different types encountered in nature, followed 
by extensive comparative studies on the behavior of 
such pure cultures under a wide variety of environ- 
mental conditions. Thus far only a few types have 
been so examined. The genera of the Thiorhodaceae 
that are recognized at present are described in the 
following paragraphs. 

Thiosarcina is composed of spherical cells com- 
bined into regular cubical packets of 8-64 cells. 
They result from consecutive cell divisions in three 
perpendicular planes. Smaller units, in the form 
of squares of four cells also known as tetrads may 
also be found. Thiosarcina is sometimes motile. 

Thiopedia forms flat sheets of nonmotile, spheri- 
cal cells. The sheets are of various dimensions, and 
may resemble those of the blue-green alga Merismo- 
pedia , and of the colorless bacterium Lampropedia. 
Under conditions of rapid growth the organisms 
often appear as single individuals or as groups of 
2-4 cells; in that event a distinction from the non- 
motile, essentially unicellular Rhodothece becomes 
difficult, if not impossible. 

Thiopoly coccus characteristically form dense, ir- 
regular aggregates of nonmotile, spherical cells, 
not embedded in a common capsule. 

Thiocystis is composed of highly motile, slightly 
ovoid cells, often in pairs, and forming small, rather 
dense aggregates enclosed in a common capsule. 
The very similar Thiothece is differentiated because 
the aggregates are much more sparsely populated. 

Lamprocystis also resembles Thiocystis rather 
closely; it is distinguished because during growth 
the aggregates break up into small clusters which 
form a reticulum. 

Thiodictyon is a genus in which the rod-shaped 
cells are arranged end to end, producing netlike 
aggregates. Groups of cells may separate from the 
main colony and move away. 

Antoebobacter species are composed of spherical 
to ovoid cells, combined into large aggregates of 
irregular structure, with characteristic hollow 
spaces in them. The colonies display changes in 
shape owing to the motility of the component cells, 


even though the cell masses have a tendency to re- 
main united. 

Chromatium is usually found as single, rod- to 
comma-shaped motile cells. It is perhaps the most 
common of the Thiorhodaceae, and contains the 
largest representatives among the sulfur purple 
bacteria, with cells measuring up to 6-10 by 15-25 
microns (p). 

Rhabdomonas, also known as Rhabdochromau 
ium, occurs as irregularly shaped cells, usually 
elongated, with tapering ends and swollen, dis- 
torted central portions. Such structures have also 
been found in pure cultures of Chromatium spe- 
cies growing under unfavorable conditions; hence 
Rhabdomonas may represent an aberrant form of 
Chromatium . 

Thiospirillum comprises the typical corkscrew- 
shaped members of the purple sulfur bacteria. 
Among them are some of the largest spirilla known, 
such as Thiospirillum jenense and T. sanguinea , 
which are sometimes found as mass developments 
in natural environments, and measure 3-4 by 30- 
40 / a , or even 100 p. None of the Thiospirillum spe- 
cies has yet been cultivated in the laboratory. 

Athiorhodaceae. These are the nonsulfur purple 
and red bacteria. They do not oxidize sulfide, sul- 
fur, or thiosulfate, and are dependent for growth on 
organic substances. Some representatives can use 
molecular hydrogen as the oxidizable substrate for 
photosynthesis; but even these cannot develop in 
strictly inorganic media because all types thus far 
studied require one or more B vitamins for growth 
(see V^amin). The organisms contain Lhe same 
bacteriochlorophyll as the Thiorhodaceae. accom- 
panied by various red, purple, and yellow carote- 
noids, the latter determining the color of the cul- 
tures. 

The group comprises both strictly anaerobic and 
facultatively anaerobic members. The former can 
grow only when exposed to light, the latter can also 
develop in darkness if the cultures are exposed to 
air. 

Laboratory cultures of the Athiorhodaceae can 
readily be obtained by a slight modification of the 
medium specified for the cultivation of Thiorho- 
daceae. In place of sulfide, the medium is supple 
mented with 0.1-0.2% of an organic substance, 
such as ethanol, salts of fatty acids, lactate, and 
malate, and with a complement of B vitamins or 
with a small amount of yeast extract, which serves 
as a source of these vitamins. 

The Athiorhodaceae represent a group of non- 
sporeforming, gram-negative, polarly flagellated 
small rods and spirilla. The rod-shaped represent- 
atives are classified as Rhodopseudomonas species; 
the spirilla as Rhodospirillum species. 

Chlorobacteriaceae. These are the green sulfur 
bacteria. They have been found in nature only in 
sulfide-containing environments, and are frequently 
associated with Thiorhodaceae. They are strict ana- 
erobes, and the few types that have been isolated 
and studied in pure culture can use sulfide, »n - 
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fur, and molecular hydrogen as oxidizable sub- 
strates. Only one representative is known to grow 
with organic substances instead of sulfide in the 
medium. 

Their yellow-green color is due to the presence 
of yet another kind of chlorophyll, ohlorobium chlo- 
rophyll, whose major absorption maximum lies at 
730-740 m/A, and to the accompanying yellow ca- 
rotenoids. Most representatives are nonmotile; but 
motile types have been observed, though not yet 
studied in pure culture. 

Chlorobacteriaceae can be cultivated in the lab- 
oratory by using the method outlined for the culti- 
vation of Thiorhodaceae. The sulfide concentration 
of the medium should be relatively high (0.1%), 
and the pH low (7.0-7.5), in order to prevent the 
rapid development of purple bacteria which other- 
wise may easily overgrow the green sulfur bacteria. 
The latter can also be selectively cultivated by mak- 
ing use of the specific absorption maximum of the 
thlorobium chlorophyll. For this purpose the bottle 
cultures are exposed to radiation in the region of 
700 760 m p : here the purple bacteria cannot grow. 
This radiation can be simply achieved by using 
light from incandescent bulbs, passed through fil- 
teis that absorb the ladialion at wavelengths below 
700 and above 760 m/i. 

Various types of green sulfur bacteria have been 
found in natural collections; they range from small, 
^pherual or ovoid to distinctly rod-shaped cells. 
Subdivision into genera is as yet somewhat arbi- 
trary because only one type has been investigated 
in pure culture, and this has been found to be sub- 
je< t to change^ in morphology with changes in the 
environment. As in the case of the Thiorhodaceae, 
much more work with pure cultures is needed in 
order to develop the principles on which a more 
satisfactory svstem of classification can be based. 
The genera recognized at present are desciibed in 
the following paragraphs. 

Chlorobiurn is c oinposed of small spherical cells, 
often in chains resembling streptococci. Chloio- 
biutn species are the sole green sulfur bacteria thus 
far obtained in pure culture. Grown in suboptimal 
media, the cells tend to grow in the form of more 
or less irregular, long rods, or as tightly wound 
roils 

Pelodictyon species have ovoid to distinctly rod- 
duiped cells, united into large colonies ol charac- 
♦eristic shape, embedded in extensive slime cap- 
s tdes. The shape of the aggregates varies with the 
species; some are netlike, others appear as bundles 
°f parallel strands, or as irregulaily arranged cell 
masses. 

Clathrorhloris is similar to Pelodictyon , and is 
imposed of spheiical cells in chains which, in 
are arranged in loose, trellis-shaped aggre- 
gates. It is the only one among the green sulfur bac- 
teria that has been observed to contain sulfur drop- 
lets inside the cells. 

Microchloris occurs as single, thin, rod-shaped 
( ells. 


Two further genera, Chlorochromatium and Cy- 
lindrogloea , represent combinations of green sulfur 
bacteria with, presumably, colorless bacteria. 

Chlorochromatium , also known as Chloronium 
mirabile , grows in the form of barrel-shaped struc- 
tures, composed of a rod-shaped, motile central 
bacterium covered entirely by a single layer of 
ovoid green sulfur bacteria. The combination di- 
vides synchronously, so that the typical shape of 
the composite is perpetuated. The probably color- 
less central bacterium confers motility on the com- 
plex. 

Cylindrogloea is composed of large, cylindrical 
aggregates of a filamentous central bacterium, sur- 
rounded by a layer of ovoid to rod-shaped green 
sulfur bacteria. 

Chlorobacterium is the name given to green, pre- 
sumably sulfur, bacteria that grow as rod-shaped, 
often slightly curved cells, forming an outside cov- 
ering on cells of protozoa, notably of amebas and 
flagellates. See Bacteria, taxonomy of. 

[C. B. VAN NIEL] 

Bibliography : W. Bavendamm, Die Schwefelbak- 
terien , 1924; H. Larsen, On the Microbiology and 
Biochemistry of the Photo synthetic Green Sulfur 
Bacteria . 1952; E. G. Pringsheim, Archiv /. Mikro - 
bwl. , 19:353, 1953; C. B. van Niel, Archiv /. Mi- 
A robwl., 3:1, 1931; C. B. van Niel, BacterioL Revs., 
8:1, 1944; S. Winogradsky, Microbiologie du sol , 
1949. 

Rhodochrosite 

The mineral form of manganese carbonate. Cal- 
cium, iron, magnesium, and zinc have all been re- 
ported to replace some of the manganese. The equi- 
librium replacement of manganese by calcium has 
been determined and found to increase with the 
temperature of crystallization. 

Rhodochrosite is sometimes found in low-tem- 
perature veins near deposits of copper, lead, zinc, 
and silver, or it may occur with other manganifer- 
ous minerals of higher temperature origin. It has 
also been found in sediments and in pegmatites. 
Well-known occurrences of rhodochrosite are in 
Europe, Asia, and South America. In the United 
States large quantities occur at Butte, Montana. 
As a source of manganese, rhodochrosite is also 
important at Chamberlain, South Dakota, and in 
Aroostook County, Maine. 

Rhodochrosite has hexagonal (rhombohedr M al) 
symmetry and the calcite-type crystal structure. It 
occurs more often in massive or columnar form 
than in distinct crystals. The color ranges from 
pale pink to brownish pink. Hardness is 3%~4 on 
Mohs scale, and specific gravity is 3.70. RhodocHro- 
site is stable up to 690°C at 10,000 psi and 790°C 
at 29,000 psi of carbon dioxide, It can be synthe- 
sized in its stability field. See Carbonate min- 
erals; Manganese. 

[r. I. harker] 

Bibliography : J. R. Goldsmith and D. L. Graf, 
The system CaO-MnO-CtV. solid solution and de- 
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composition relations, Geochim, et Cosmochim . 
Acta, 11:310-334. 1957. 

Rhodonite 

A mineral inosilicate with composition MnSiCK 
Rhodonite crystallizes in the triclinie system in 
crystals that are commonly tabular parallel to the 
base. More often it is in cleavable to compact 
masses or in imbedded grains Crystallographic ally 
rhodonite is closely related to the pyroxenes and 
thus has two cleavage directions at about 88 and 
92°. Hardness is 5 5-6 on Mohs scale and specific 
gravity is 3.4-3 7 The luster is vitreous and the 
color is rose-red, pink, or brown. Rhodonite is 
similar in color to rhodoc hrosite, manganese car- 
bonate, but it may be distinguished by its gi eater 
hardness and insolubility in hydrochloric acid. It 
has been found at Langhan, Sweden; near Sverd- 
lovsk in the Ural Mountains; and at Broken Hill, 
Australia. Fine crystals of a zinc -bearing variety, 
fowlerite, are found at Franklin, New Jersey. See 
Silk a if mini- rat s. ["c.s iiuitt bui , j r ] 

Rhodophyta 

A laige phylum of small to medium-sized plants 
which are also called red algae The phylum con- 
tains 2500 species, all of which are marine except 
about 50 that grow in fresh water. They are most 
abundant in the tropics, where m clear water the\ 
are found growing at a depth of 600 ft. The ma- 
jority of the species grow 7 on rocks or other solid 
substiata, although there are a number of species 
which grow on other algae as epiphytes, endo- 
phytes. or partial parasites There is a wide varia- 
tion in the stiuetuie and appearance of the plants 
of this group, some being beautiful in either the 
fresh or the dried state. 

Economic importance. The ied algae have a 
wide lange of uses Porphyra , highly esteemed in 
the Orient, is widely cultivated in some of the 
efuieter estuaries and tidelands of lapan where the 
sun-dried product is used both as a condiment and 
in soups. Irish moss oi cairageen ( Chondtu s 
Crispin), is harvested to a certain extent along the 
coast of the noithern Atlantic, the gel (carra- 
geenin) obtained from this species is used as an 
emulsifying and stabili/ing agent also in the prepa- 
ration of the (lessen blancmange Dulse (Rhoily- 
menia palmata) lias limited use as a food and lel- 
ish. However, the most important contnbution of 
members of this phylum is the production of agar 
which is obtained from various spec ies of Gchdium 
and other red algae. Agar is used extensively in 
medicine as a bulk-producing laxative and as a me- 
dium for the culture of bacteria and fungi. The red 
algae also include coralline or calcareous forms 
which contribute appreciably to the building up of 
coral reefs. 

Pigmentation. Phycoerythrin is usually present 
in such abundance that it masks the chlorophylls 
and carotenoids and gives the plants a range of 
shades of red which accounts for their common 




Fig. 1. (a) Dasya, red alga with delicate thallus (b) 

Rhodymenia, or dulse, with a sheetlike blade, (c) 
Chondrus crispus, or Irish moss, (d) Gehdium, one of 
the red algae from which agar is obtained. ( From H J 
Fuller and O. Tippo , College Botany , rev ed , Holt , 
1954) 


name, ied algae. Sometimes phycocyanin is abo 
present, giving the plants a bluish to almost hl«uk 
color. The variation in the amounts of these differ- 
ent pigments ac counts for the wide diversity of ( o» 
ors to be found in the group. There is a close cor- 
relation between the habitat and color. The deeper 
occurring marine species that are never exposed hv 
the tides have the most characteristic pink or bug J 
red color, whereas those growing in the upper tiaa 
area or in fresh water rarely have the characteristic 
red color but are usually various shades of <>l jve * 
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brown, dull green, or bluish to black. The red algae 
may be found at greater oceanic depths than other 
algae. They seem to be able to utilize the deeper 
penetrating blue rays of the spectrum for photo- 
synthesis more effectively than other plants. The 
pigments are confined to plastids which may be 
large and single in each cell, or small and numer- 
ous. The excess photosynthate is stored in the form 
of a carbohydrate of the general nature of glycogen 
known as floridean starch, which gives a wine-red 
stain when treated with iodine-potassium iodide 
solutions. 

Reproduction. The reproductive structuics of 
this group are so different from the other algae 




hg. 2. Nema/ion. (a) Thallus is cylindrical and forked, 
(b) Brushlike filaments bearing terminal spermatangig, 
e ach of which contains one spermatium. (c) Filament 
w 'th a terminal carpogonium (containing an egg) and 
bearing an elongated trichogyne. Two spermatia are 
shown at the tip of the latter, (d) With carpospores. 
(From H. J. Fuller and O. Tippo, College Botany , rev . 
< Holt, 1954) 




Fig. 3. Polysiphonia. (a) Branched thallus with single 
row of central cells surrounded by jacket cells. Two 
clusters of antheridia are shown on branches. Cross 
section of axis showing single central cell surrounded 
by jacket cells, (b) Carpogonium with elongated trich- 
ogyne. Note prominent cytoplasmic connections be- 
tween cells (c) Carpospores surrounded by urn-shaped 
coveiing. (d) Portion of axis showing tetraspores lying 
between row of central cells and jacket cells. (From 
H. J. Fullei and O. Tippo, College Botany, rev. ed.. 
Holt , 1954) 


that a special series of terms is used to describe 
them. T here are no flagellated reproductive cells. 
The female reproductive organ, corresponding to 
the oogonium in other algae, consists of a swollen 
basal portion known as a carpogonium, containing 
a single egg, and a long slender projection, the 
trichogyne. The spermatangium, corresponding in 
function to the antheridium of other plants, is a 
single-celled structure which discharges the single 
nonmotile male cell called a spermatium. Since the 
naked male cells, or spermatia, have no motility of 
their own, they are carried by the movements of 
the water. When, by chance, a spermatium becomes 
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attached to a trichogyne, the spermatial and trich- 
ogyne walls break down, and the spermatial nucleus 
enters the trichogyne, down which it migrates into 
the carpogonium where it fuses with the carpo- 
gonial nucleus. In Nemalion the resulting zygote is 
retained by the female plant and it soon undergoes 
nuclear as well as cell divisions forming asexual 
spores known as carpospores (Fig. 2). In Poly - 
siphonia and Griffithsia the carpospores are formed 
in a rather complicated postfertilization develop- 
ment (Fig. 3). In these species each carpospore 
germinates into a diploid plant, the tetrasporo- 
phyte, which is similar in general appearance and 
size to the male and female gametophytes but at 
maturity produces a tetrasporangium. In two suc- 
cessive nuclear divisions meiosis is accomplished so 
that the resulting tetraspores are haploid (see Mei- 
osis). These have been observed to develop into 
gametophytic plants. Thus involved in the life cy- 
cles are three different somata (bodies) : the hap- 
loid gametophytes, being either male or female; 
the carposporophyte or diploid stage; and the free- 
living diploid stage or tetrasporophyte which re- 
produces by tetraspores from which the haploid 
gametophytes arise. This type of life cycle is found 
in no other group of plants except certain ascomy- 
cetous fungi (see Fungi). The phylum appears to 
be a specialized terminal series in evolution which 
leads to no other group. 

[P. A. VESTAL] 

Bibliography : See Thallophyta. 

Rhombifera 

An order of Cystoidea in which the thecal canals 
crossed the sutures at the edges of the plates, so 



Pleurocystk, from the Ordovician. ( Simplified after 
O . Jaekefi 


that one-half of any canal lay in one plate and the 
other half on an adjoining plate. The canals some- 
times occurred in lozenge-shaped clusters, called 
rhombs. The theca was ovoid and sessile in earlier 
forms and comprised numerous irregular plates. 
The ambulacral grooves were trimerous and were 
restricted to the brachioles. In later forms the the- 
cal plates became fewer and larger, and were ar- 
ranged in five horizontal rows, termed cycles. A 
stem developed aborally and the ambulacra became 
pentamerous, traversing part of the theca before 
ascending the brachioles. Rhombifera probably 
died out in the Devonian. See Cystoidea. 

[h. b. fell] 

Rhubarb 

An herbaceous perennial (Rheum rhaponticum ) of 
Mediterranean origin belonging to the plant order 
Polygonales. Rhubarb is grown for its thick peti- 
oles which are used mainly as a cooked dessert. 
Propagation is by division of root crowns. Victoria, 
Macdonald, and Valentine are popular varieties. 
Commercial production is generally limited to 
areas where crowns may become dormant for 2 3 
months each year. Outdoor rhubarb is a common 
garden vegetable in most areas of the United States 
except the South. Harvesting begins in the spring 
and continues for 6-10 weeks. Commercial plant- 
ings are renewed every 4-8 years. Mi^igan and 
Washington are important centers for forced or 
hothouse rhubarb. Two- or three- vear-old field- 
grown crowns are moved into darkened forcing 
structures in late winter and forced at 55-60°F 
to obtain petioles of a bright red color. See Poly- 
gon ales; Vegetable growing. 

[ii. j. carlw] 

Rhynchobdellae 

An order of the class Hirudinea. These leeches 
possess an eversible proboscis and lack hemoglobin 
in the blood. They may be divided into two fami- 
lies, the Glossiphoniidae and the Ichthyobdellidae. 

Glossiphoniidae are flattened, mostly small 
leeches occurring chiefly in fresh water. Theromy- 
zon is a parasite of water fowl, sucking blood from 
the nasal cavity, the mouth, or the eye. A heavy 
infestation on a young bird may be fatal. Hemi- 
clepsis sucks the blood of fishes and amphibians 
and is found in stagnant waters in Europe and 
northern Asia. Placobdella is a common American 
parasite of aquatic turtles, frogs, and fishes, and 
Glossiphonia sucks the blood of acquatic inverte- 
brates, especially snails. The genus Haementeria 
contains reptile parasites chiefly, but also includes 
parasites of mammals, including man. Haementeria 
officinalis is used in Mexico for medicinal pur- 
poses. . . 

Ichthyobdellidae typically have cylindrica 
bodies with conspicuous, powerful suckers used to 
attach themselves to passing fish. They frequent y 
have lateral appendages which aid in respiration. 
There is a tendency for a particular species to e 
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Rhynchobdellae. (a) Glossiphonia complanata. (b) P/a c- 
obdella parasitica . 


confined to a specific host. For instance, Callobdella 
lophii is confined to the angler fish, Lophius pisra - 
torius , and Abranchus microstomus to the small 
shore fish, Cottas srorpius . On the other hand, 
Pontobdella murirata attacks a variety of skates 
and rays. Crangonobdella is an example of a para- 
site of crustaceans. Piscicola is one of the few 
fresh-water forms. See Arhynchobdellae ; Hi- 
KPDINEA. 

[k. H. MANN] 

Rhynchocephalia 

\n order of lizardlike reptiles represented today 
In a single living species, the tuatara, Sphenodon 
punctatus , of the Cook Strait and Bay of Plenty 
Islands, just off New Zealand. The group first ap- 
peared in the fossil recoid in the Triassic and flour- 
ished through the Jurassic, but no fossils are 
known subsequent to that time. 

The living form is a moderately large reptile at- 
taining a length of 2.5 ft and a weight of 2 lb. It 
is readily distinguished from other living reptile^ 
b> having the following combination of characters: 
two temporal fenestrae, an immovable quadrate, no 
secondary palate, no shell, and no penis in the 
males. In most of its characteristics Sphenodon 
resembles rather closely the primitive fossil mem- 
bers of the order, which are placed with it in the 
family Sphenodontidae. The tuatara is a secretive 
animal, active at body temperatures of 43-56° F, 
which spends its days in shallow burrows. At 
night it emerges to feed on terrestrial snafls and 
insects and, in season, to take part in courtship 
activities. Correlated with the nocturnal habits are 
a vertically elliptical pupil and also a small croak- 
ing voice, probably used in territorial or breeding 
activity. Fertilization is internal and the female 
produces a number of small eggs which are buried 
in the burrow. Incubation takes 12-13 months. The 
young expedite hatching by cutting their way out 
°f the leathery egg with a small egg tooth, actually 
a horny carnuncle, that develops at the tip of the 
snout and is lost shortly after they escape. See 
Heptilia; See also Lepidosauria. 

[j. M, SAVAGE] 


Rhynchocoela 

A phylum of bilaterally symmetrical, untogmented, 
ribbonlike worms, frequently referred to as the 
nemertinea. They have an eversible proboscis and a 
complete digestive tract with an anus. There is no 
coelom or body cavity, and the mesenchyme or 
parenchyma and the muscle fibers fill the area be- 
tween the ciliated epidermis and the cellular lining 
of the digestive tract. See A coelomata; Animal 

SYMMETRY. 

Morphology. The nemertineans are mostly less 
than 20 cm in length, but a few may reach a length 
of several meters. Many species are brightly col- 
ored, sometimes having stripes or transverse bars. 

The tubular proboscis, lying above the digestive 
tract in a cavity, the rhynchocoele, is attached pos- 
teriorly to the proboscis sheath by a retractor mus- 
cle and is either unarmed or armed with stylets. 
The proboscis opens anteriorly into a chamber, the 
rhynchodeum, which in turn opens to the outside 
above the mouth, through the proboscis pore. The 
proboscis can be suddenly everted by tjie contrac- 
tion of muscles which exert pressure on the fluid 
in the rhynchocoele. It is used for capturing prey, 
mostly annelid worms, and for defense, for locomo- 
tion, or for burrowing. 

The nemertineans constitute the most primitive 
group of invertebrates in which the digestive tract 
is complete with mouth and anus. In some nemer- 
tineans, however, a separate mouth is lacking and 
the esophagus opens through the proboscis pore. 

The nemertineans are the simplest animals with 
a circulatory system. There are two lateral blood 
vessels and in some a third unpaired dorsal vessel. 
The blood consists of a colorless fluid which may 
contain blood cells of several types. In species 
where the blood is colored, the pigment is present 
in the cells. There is no heart, but the walls of the 
principal vessels may be contractile. 

The excretory organs or protonephridia are com- 
posed of many tubules ending in flame bulbs. These 
are hollow, urn-shaped cells provided with vibratile 
cilia. On each side the flame bulbs are often closely 



Fig. 1. Tubulanus capistratus from the Pacific coast; 
size of various species ranges from 5 to 30 mm. (From 
L H. Hyman, The Invertebrates, vol. 2, McGrawAiill, 
1951) 
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assoriated with the lateral blood vessel, and their 
tubules are united to a common tubule which opens 
at a lateral nephridiopore. Peculiar large cells 
called athrocvtes may surround the flame bulbs and 
tubules and are assumed to be excretory, since 
they readily take up vital stains. 

The nervous system has a pair of cerebral gan- 
glia forming the brain, as well as two longitudinal 
nerve cords and many smaller nerves. The ganglia 
and lateral cords may contain unusually large neu- 
rochoid cells. In the epidermis there are scattered 
sensorv nerve cells, probably tactile. Chemotactile 
organs are situated in a pair of anteriorly placed 
cephalic grooves or in a flask-shaped protrusible 



Fig. 2. Diagram of the internal structure of a nemer- 
tinean. 


frontal organ. A few to many simple eyes, or ocelli, 
may be present m front of the cerebral ganglia. 
Statocysts, the organs of equilibrium, are rare. 
Two blind canals, the cerebral organs, are irnagi- 
nated from the epidermis and are closely associated 
with the cerebral ganglia. These organs, probably 
chemosensory, open through pores in the cephalic 
grooves or on the body surfat e. 

There are no special respiratory organs and res- 
piration occurs through the body surface. 

Nemertineans are usually either male or female, 
but a few individuals have both sex organs. The 
ovaries or testes open by short ducts to the exterior. 
Fertilization occurs outside the body in many spe- 
cies but may be internal in certain forms. 

Embryology. Cleavage of the fertilized egg, or 



Fig. 3. Stylets of Amphiporus griseus. (From W. R 
Coe , Biology of the nemerteans of the Atlantic coast 
of North America, Trans. Conn. Acad. Arts Sc/., 35. 
282 , 1943 ) 


zygote, is spiral, with the cells of the lower quar- 
tet of the 8-cell stage rotated slightly, to lie in the 
furrows between the cells of the upper quartet. De 
velopment is determinate, with the potentialities 
for future development of the embryo determined 
or fixed in the zygote before cleavage begins. Iso- 
lated cells of the 2-cell stage result in dwarf laivae 
Isolated cells of later stages result in deficiencies 
See CrLL linfagi ; Cl* avact, fmbryonic. 

After early cleavage, the development in certain 
nemertineans ma> be direct, that is. without a larva, 
the embr>o emerging from the egg membranes as 
a minute, ciliated worm. In others, the gastrula be 
comes a free-swimming, helmet-shaped, ciliated 
pilidium, formed hy the downward growth of two 
ciliate^r lobes at the sides of the mouth and having 
an apical tuft of cilia In still other nemertineans 
the gastrula remains inside the egg membranes and 


epithelial lining of blood vessel 



nephridiopore 


Fig. 4. Diagram of fhe multiple protonephridium o 
a nemertinean. ( From W. R. Coe, Unusual tyP es 
nephridia in nemerteans , Biol . Bull l, 58(3):214, 193 



Rhynchocoela 559 


becomes an oval, ciliated larva known as Desor’s 
larva, which lacks the apical tuft and the oral 
lobes. 

Both the pilidium and the Desor’s larva metamor- 
phose into an adult worm by means of the invagi- 
nation of seven or eight ectodermal plates. These 
flattened, invaginated sacs spread and finally fuse, 
thus separating the larval ectoderm and the thin 
amnion from the newly invaginated ectoderm of the 
larval worm within. The larva completes develop- 
ment with the formation of the anus and other or- 
gans. It then sheds the larval ectoderm and amnion 
and emerges as a young worm. 

Asexual reproduction and regeneration. Certain 
nemertineans have the ability to multiply asexually 
by fragmentation of the body. Each fragment con- 
taining a part of the lateral nerve cords can regen- 
erate into a complete worm. Other nemertineans, 
when irritated by handling or unfavorable condi- 



Fig. 5. Pilidium of a nemertinean. (From O. Burger 
Nemertini ( Schnurwijrmer ), in H. G. Bronn, ed ., Klas- 
sen und Ordnungen des Thier-Reichs, vol. 4, 1903 ) 


turns, fragment the body or evert the proboscis so 
that it breaks off. The anterior region, including the 
foregut, can regenerate a new proboscis and a new 
posterior end. In the process of anterior regenera- 
tion the wound is covered by migrating epidermal 
r ells. Then, in the mass of mesenchyme cells which 
forms below the closure, three groups of cells ap- 
pear, two lateral groups reforming the cerebral gan- 
glia and a median group reforming the proboscis. 
Regeneration of the posterior end occurs by a 
lengthening of the body through the differentiation 
mesenchyme cells. See Regeneration (biol- 
or 'Y) ; Reproduction, animal. 

Ecology. The nemertineans are mostly marine, 
bottom-dwelling worms, found in greatest numbers 
along the coasts of north temperate regions. They 
live under stones, among the tangled masses of 
Plants, in sand, mud, or gravel, and sometimes form 



(a) (b) (c) 


Fig. 6. (a-c) Fragmentation in Lineus vegeius . (From 
W. R. Coe, Revision of the nemertean fauna of the 
Pacific coasts of North, Central, and northern South 
America, Allan Hancock Pacific Expeditions, vol. 2, 
University of Southern California Press, 1940) 
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Fig. 7. Diagram of transverse sections of the body 
in the four orders of nemertineans, showing the ar- 
rangement of the muscular layers and the position of 
the lateral nerve cords and lateral blood vessels. 
(From W. R . Coe, Biology of the nemerteans of the 
Atlantic coast of North America, Trans . Conn. Acad. 
Arts Sci., 35:145 , 1943) 
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Fig. 8. Diagram of Malacobdelta grossa. ( From W. R. 
Coe, Biology of the nemerteans of the Atlantic coast 
of North America, Trans. Conn . Acad. Arts Sci., 35: 
308, 1943) 


mucus-lined tubes. A few are pelagic, fresh-water, 
or terrestrial. Certain species are commensal with 
other animals, but none may be regarded as para- 
sitic in a strict sense. 

Phylogenetic relationships. The Rhynchocoela 
are related to the Platyhelminthes and probably 
have evolved from the same ancestral stock which 
gave rise to that phylum. They resemble the flat- 
worms in having the region between the epidermis 
and the gut filled with mesenchyme, in the arrange- 
ment of the nervous system, in the structure of the 
eyes, in the occurrence of ciliated grooves on the 
head, and in showing spiral cleavage. The pro- 
boscis and the cerebral organs may be regarded as 
derived from certain organs in flatworms. Serologi- 
cal tests have indicated that nemertineans are closer 
to platyhelminths than to annelids. 

That the Rhynchocoela represent the most highly 
organized acoelomate animals is indicated by the 
circulatory system, the presence of an anus, and the 
specialization of the epidermis. All groups of ani- 
mals more complex than the nemertineans have 
some kind of cavity, a pseudocode or coelom, be- 
tween the body wall and the gut, instead of solid 
mesenchyme. See Coelom; Pseudocoelomata. 

Classification. The phylum Rhynchocoela, con- 
taining about 550 known species, is divided into 2 
classes. In the class Anopla the mouth is posterior 
to the brain, the nerve cords lie under the epi- 
dermis or in the muscle layers of the body wall, 
and the proboscis is unarmed. The two orders of the 
Anopla are separated on the basis of the muscula- 
ture and the character of the dermis, which is a con- 
nective tissue lying under the epidermis. The order 
Palaeonemertini has the muscles arranged in two 
or three layers; if three, the innermost layer con- 


sists of circular fibers. The dermis is gelatinous. 
The order contains such genera as Tubulanus , Curb 
noma, and Cephalothrix. In the second order, the 
Heteronemertini, the muscles are in three layers 
with the innermost longitudinal, and the dermis is 
fibrous. The order contains, among others, the gen- 
era Lineus , Cerebratulus, and Micrura . 

The second class, the Enopla, has the mouth an- 
terior to the brain, the nerve cords internal to the 
muscles, and the proboscis often armed with stylets. 
Of the two orders, the first, the Hoplonemertini, has 
a proboscis armed with one or more stylets and has 
a straight intestine with paired lateral diverticula. 
Representative genera are Emplectonema , Card . 
nonemertes (on the gills and egg masses of crabs), 
Amphiporus, T etrastemma, Prostoma (in fresh wa- 
ter), Geonemertes (oil land near the sea in tropical 
and subtropical regions), and N ectonemertes (pe- 
lagic). The second order, the Bdellomorpha (Bdel- 
lonemertini) , has an unarmed proboscis, a sinuous 
intestine without diverticula, and a posterior adhe- 
sive disk. The only genus, Malacobdelta, is commen- 
sal chiefly in the mantle cavity of marine clams, 
where it feeds on plankton brought in by the cil- 
iary current. See Anopla ; Enopla. 

[a. c. homes] 

Bibliography ; L. H. Hyman, The Invertebrates , 
vol. 2, 1951. 

Rhyolite • 

A light-colored, aphanitic (not visibly crystalline) 
rock of volcanic origin, composed largely of alkali 
feldspy and free silica (quartz, tridymite, or cris* 
tobalite) with minor amounts of dark-colored 
(mafic) minerals (biotite, hornblende, or pyrox- 
ene). If sodic plagioclase exceeds the amount of 
alkali feldspar the rock is a quartz latite. Rh>olite 
is chemically equivalent to granite. Quartz latite is 
chemically equivalent to granodiorite. 

Texture. The high silica content gives rhyolitic 
lava a high viscosity which hinders crystallization 
and promotes the formation of glass. Rhyolites com- 
posed almost entirely of glass are called obsidian, 
pitchstone, perlite, or pumice. If the glass carries 
abundant scattered crystals the rock is a vitrophyre. 
Typical rhyolites are mixtures of microcrystalline 
aggregates and glassy material, but many are en- 
tirely crystalline, and some grade into microgranite. 
Porphyritic varieties are those in which numerous 
large crystals (phenocrysts) are disseminated 
throughout an aphanitic matrix. The phenocrysts 
are usually quartz and sanidine. Plagioclase, if 
present, also occurs as phenocrysts and is usually 
zoned oligoclase. In quartz latite, plagioclase 
(oligoclase or andesine) is the most common phe- 
nocryst. Quartz phenocrysts are well-formed (eu- 
hedral), bipyramidal crystals, but they commonly 
show corrosive effects including deep embayment 
and rounded crystal corners. As the abundance o 
phenocrysts increases the rock passes into porphyry* 
See Porphyry; Volcanic glass. 

The finer features of rhyolite must be studied mi* 
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croscopically. The crystalline portion of the ground- 
mass consists of quartz and tridymite more or less 
intergrown with alkali feldspar. Cristobalite is less 
abundant. Two types of rhyolite are recognized, 
normal (potassic) and alkali (sodic). In the potas- 
sic type the principal feldspars are sanidine and 
orthoclase ; in the sodic type the principal feld- 
spars are soda-rich (soda sanidine and albite) . Nor- 
mal rhyolite most commonly carries flakes of brown 
biotite mica which may be so strongly resorbed by 
the lava that nothing remains but patches of dusty 
iron oxide which outline the earlier crystals. Green 
hornblende, much as resorbed crystals, is less abun- 
dant; augite, if present, appears typically as pheno- 
crysts. In alkali rhyolite the mafics are soda-rich 
and generally confined to the matrix as patches of 
rieheckite, arfvedsonite, hastingsite, or aegirite. Di- 
opside phenocrysts with rims of aegirite or aegirine- 
augite may also occur. Accessories almost univer- 
sally present are zircon, sphene, magnetite, and 
apatite. Hematite as dusty material in the feldspar 
may be sufficiently abundant to color the rock red. 

Structure. Many rhyolites are streaked or 
handed owing to flowage of solidifying lava. The 
fluidal structures consist of curving or wavy trails 
of tiny crystals or of alternating layers of glass and 
microcrystalline material. Spherulitic structures 
are characteristic of rhyolite. These spheroidal 
bodies consist of radial aggregates of alkali feld- 
spar needles, sometimes with intergrown quartz, 
tridymite, or cristobalite. Spherulites may coalesce 
or may be arranged in trains parallel to fluidal 
structure. Tiny cavities within spherulites (litho- 
physae) may be common. The high volatile content 
of many rhyolitic lavas promotes the formation 
of abundant gas cavities in the solidified rock. 
These are usually tiny, irregular vugs more or less 
filled or coated with minerals as in the case of litho- 
phvsae. See Igneous rocks; Obsidian. 

Devitrification, the conversion of glass to a crys 
talline aggregate, has occurred in many rhyolites. In 
this process crystallization begins commonly along 
tiny cracks or around phenocrysts and gradually 
spreads until the whole mass is converted to a 
minutely crystalline aggregate of quartz or tridy- 
mite and alkali feldspar. 

Occurrence and origin. Next to basalt and 
andesite, rhyolite is considered the most qpmmon 
volcanic rock. It commonly forms lava flows and 
tuffs. Some small dikes and sills or the chilled mar- 
gins of larger bodies may be composed of rhyolite. 
The rock is widespread and occurs in large quanti- 
ties associated with andesite, basalt, and small 
amounts of dacite and quartz latite. The extremely 
^plosive nature of rhyolitic eruptions reduces 
greatly the amount of rhyolite formed as lava flow^ 
and correspondingly increases the amount formed 
as fragmental or tuffaceous material. Great quanti- 
ses of rhyolite may have been erupted as volcanic 
ash and dust and later incorporated in the thick 
sedimentary accumulations of geosynclines. See 
hipf. 


Rhyolitic magma may form by differentiation 
from basaltic magma perhaps in combination with 
more or less assimilation of siliceous material 
(sedimentary and granitic rocks). It may also be 
generated by melting portions of the earth’s sialic 
layer. See Magma; Petrographic province. 

[c. a. chapman] 

Riboflavin 

Also known as vitamin B 2 . Although widely distrib- 
uted in nature, it is found mostly in milk, egg 
white, liver, and leafy vegetables. It is a water-solu- 
ble yellow-orange fluorescent pigment with the fol- 
lowing structural formula: 

CH 2 -(CHOH) 3 -CH 2 OH 



It is stable to acid and oxidation, but i9 rapidly de- 
stroyed by alkali at elevated temperatures and by 
light. Although little riboflavin is usually de- 
stroyed during cooking, half of the riboflavin in 
milk exposed to the sun in bottles may be destroyed 
in 2 hours. 

Riboflavin is determined by microbiological 
methods using the lactic acid-forming organism 
Lactobacillus casei , which requires it for growth. 
Riboflavin is also determined by chemical methods 
in which its fluorescent properties are used. 

A dietary source of riboflavin is required by all 
animal species studied. Riboflavin deficiency re- 
sults in poor growth and other pathologic changes 
in the skin, eyes, liver, and nerves. Riboflavin de- 
ficiency in man is usually associated with a crack- 
ing at the corners of the mouth called cheilosis; in- 
flammation of the tongue which appears red and 
glistening, glossitis; corneal vascularization ac- 
companied by itching; and a scaly, greasy dermati- 
tis about the corners of the nose, eyes, and ears. 

Riboflavin is found in all tissues with its concen- 
tration usually paralleling metabolic activity. The 
vitamin functions biochemically in two coen- 
zymes, flavin mononucleotide (FMN) and flavin 
adenine dinucleotide (FAD). Enzymes contaiiyng 
these coenzymes are called flavoproteins. In gen- 
eral, these enzymes participate in oxidation-reduc- 
tion reactions by accepting hydrogen ions (pro- 
tons) and electrons from one substrate and 
transferring them to another. Over 14 riboflavin- 
containing enzymes have been studied. See Coen- 
zyme; Enzyme. 

Most of the energy-yielding oxidations of food to 
carbon dioxide and water occur through the cyto- 
chrome system in which the flavoprotein cyto- 
chrome reductase is essential. L-Amino oxidise, 
another flavoprotein, is important in the intercom 
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version of amino acids to nonnitrogenous metabo- 
lites of carbohydrate and fat metabolism. See Cy- 
tochrome. 

Riboflavin requirements do not appear to be re- 
lated to calorie requirements or muscular activity, 
but are affected by heredity, growth, environment, 
age, and health. Evidence in animals suggests a 
need for increased riboflavin in low protein diets 
because of a decreased ability of the liver to retain 
the vitamin. There is also evidence that as a result 
of intestinal synthesis by bacteria, less riboflavin 
is required on diets high in carbohydrate than on 
those high in fat. Human requirements for ribo- 
flavin are based primarily on urinary excretion 
data and studies in which riboflavin deficiency has 
been experimentally produced. Riboflavin allow- 
ances of the National Research Council have been 
computed from protein allowances in such a way 
that 0.025 mg of riboflavin have been recommended 
per gram of dietary protein. Thus, dailv riboflavin 
allowances vary from 0.4 mg for infants to 2.5 mg 
for 16- to 20-year-old boys and lactaling women. 
See Vitamin. f s. n. girshofi] 

industrial production. Riboflavin production is 
commercially accomplished by either direct chemi- 
cal synthesis or fermentation. 

Chemical synthesis. Industrial syntheses of ri- 
boflavin generally proceed along the lines of the 
original Karrer method with modifications by in- 
dividual producers. A typical manufacture starts 
with D-ribose, which is condensed with 1.3,4-xyli- 
dine and simultaneously hydrogenated to form 
/V-n-ribitylxylidine. The ribitylxylidine is coupled 
with diazotized aniline to produce 1.2-dimcthyl-4- 
D-ribitylamino-5- phenyl azo benzene. This azo com- 
pound is hydrogenated to l,2-dimethyl-4-D-ribityl- 
amino-5-aminobenzene, and then is condensed with 
a mixture of alloxan and alloxantin to riboflavin. 
By another method, the azo compound is con- 
densed directly with barbituric acid. [l. a. i lfxsf.r] 

Fermentation . Riboflavin production is also ac- 
complished commercially by fermentation, utilizing 
the synthetic ability of bacteria, yeasts, or fungi. 
Production in the United States was 577,000 lb in 
1963 with sales of 555,000 lb, in the value of $5,- 
952,000. 

The outstanding organisms for production of ri- 
boflavin are the two closely related ascomycete 
fungi, Eremothecium ashbyii and Ashby a gossvpii . 
The inoculum is started from slants or from spores 
dried on sand and after one or two flask stages is 
carried through one or two tank inoculum stages. 

The final fermentation is carried out in tanks 
with a capacity of 10,000- 100,000 gal with a me- 
dium suitable for the organism being used. For 
Eremothecium usually stillage (still slops) from 
the ethyl alcohol fermentation with skim milk, soy- 
bean meal, or casein added is used as a proteina- 
ceous source; a carbohydrate source such as malt- 
ose, sucrose, or glucose is added. For Ashby a , com- 
mercially used media may contain corn-steep liquor, 
and usually also some animal protein such as crude 


peptones, animal-stick liquor, or fish-stick liquor; 
the carbohydrate sources are similar to those used 
for Eremothecium . The medium is aerated and usu- 
ally also agitated during fermentation for 96-120 
hours; optimum titers may be 3-6 g of riboflavin 
or more per liter. See Ascomycetes; Carbohy- 
drate; Casein; Ethyl alcohol; Soybean. 

Riboflavin may be recovered for animal feed sup- 
plements by evaporation of the whole broth in mul- 
tiple-effect evaporators, followed by drum or spray 
drying. For drug and fine food uses, pure crystalline 
riboflavin is isolated by heating the fermentation 
broth, filtration, and precipitation of the riboflavin 
with dithionite (hydrosulfite) followed by several 
purification steps including crystallization. 

rR. E. BENNETT] 
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Ribonucleic acid 

An e^ential constituent of all living things. Tts 
seveial types take part in the various steps of pro- 
tein synthesis, and in viruses containing RNA, act 
as the carrier of genetic information. There are 
four types of RNA, viral, messenger (mRNA), 
transfer (tRNA), and ribosomal. See Protein. 

RNA is one of the two forms of nu< l^ic acid, the 
other is deoxyribonucleic acid (I)NA). All nucleic 
a(ids are linear polymers of nucleotide subunits. 
The polymer chains consist of a sugar phosphate 
diestenTbarkbone to which four kinds of bases, two 
purines and two pyrimidines, are attached. The 
bases have the unique property of forming com- 
plementary pails, each base being able to “recog- 
nize'’ its partner. Adenine (A) pairs with uratil 
(U) or 5 methyl uiacil (thymine) (T), and 
guanine (G) with cytosine (C). This propeity is 
the basis of their function as ( arriers of hereditan 
information. ThK information may he transmitted 
to the progeny of an organism by copying, and it 
may he expressed as the synthesis of protein. The 
sequence of bases along the polynucleotide chain 
directs the assembly sequence of amino acids in 
the polypeptide chain of proteins. So far the se- 
quence of bases of only one naturally occurring 
nucleic acid is known. See Deoxyribonucleic acid; 
Genetics; Nuclfic aud. 

Differences between RNA and DNA. The only 
invariant chemical difference between DNA and 
RNA is that the sugar in DNA is deoxyribose while 
that of RNA is ribose. Ribose in the polynucleo- 
tide chain has a free hydroxyl group that is respon- 
sible for the sensitivity to alkaline hydrolysis of 
RNA as well as the functional differences between 
RNA and DNA. The other chemical differences be- 
tween the polymers have their exceptions. These 
differences are that natural RNA usually contain* 
uracil while DNA contains thymine. However, DNA 
containing uracil instead of thymine occurs as the 
genetic material of some bacterial viruses, an 
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some thymine is found in transfer RNA— one of 
the various types of RNA. Both polymers occur in 
the single- and double-stranded form. The latter is 
one containing two parallel strands running in 
opposite directions in a helix. The strands are held 
together by hydrogen and hydrophobic bonds, and 
their bases are paired as previously described. This 
double-stranded helical form is associated with all 
replicative polynucleotides. Most DNA and also 
m>me viial RNA are in this form. 

DNA and RNA differ in function. DNA has only 
two known functions. These are to transmit genetic 
information by serving as template foi furthei DNA 
synthesis (leplication) and to express this informa- 
tion by being the template for RNA s\ntl»esis (tian- 
scription). The function of all known types of 
RNA is to direct or participate in protein synthesis 
One form of RNA, viral RNA, also serves as tem- 
plate for its own replication. So while DNA dim Ls 
the synthesis of both DNA and RNA the rev else 
does not occur. RNA can diiect its own s\nthesis 
but not that of DNA. DNA itself cannot dim t pio- 
tein synthesis, piohably be< ause it cannot atta< li 
to the ribosomes upon which pioteins are made. A 
polynucleotide chain containing libose instead of 
deoxyiibose, but otherwise identical to DNA, i ail 
do so. Thus, the fiee hydroxyl groups of RNA play 
a decisive lole in protein synthesis. 

Viral RNA. Vhuses contain cither DNA m RNA 
but not both RNA is the geneth matiual of all 
viruses whose hosts aie plants, and of some animal 
and bacterial viruses This RNA mav be eithei 
single- or double-stianded in the virus. Polio and 
tobacco mosaic \iral RNA, for example, are single- 
branded while Reo and Wound Tumoi vital RNA 
aie double-stranded. All viial RNA is self 
replicating in a host cell. This goes via a double- 
branded l explicative foim, which resembles double- 
branded DNA. In the case of the single strdnded 
viruses the RNA host serves as template for the 
synthesis of an RNA replicating enzyme protein, 
which then synthesizes the replicative form. Since 
messenger RNA in protein synthesis must be single- 
branded, a question arises about the replication 
( 'f double-stranded RNA viruses. These double- 
branded RNA viruses mav use host-cell en/ymes 
and be transcribed into single-stianded messenger 
RNA, or the infection by such viruses is due to a 
r Jre single strand whieh can serve as messenger 
RVA. Most viral RNA is infectious, but with a 
lower efficiency than the intact virus -with the 
RNA sunounded by a protein shell — which is 
toade in these infections. The host cell range of 
election by viral RNA is much wider than with the 
mtact vims. The wide host range of viral RNA an<3 
d ko of some viruses— some multiply in both insec ts 
d nd plants — is a reason for believing that the ge- 
np hc code is universal. The size of viral RNA 
v <u*ies from a molecular weight of about 700,000 
for tobacco necrosis satellite virus to several mil- 
l^n for other viruses. Viral RNA differs from all 
ot Rer RNA in that it is its own origin; that is, it 


replicates. All other RNA is a transcript of some 
segment of DNA. See Animal virus; Bacterio- 
ph all ; Plant virus. 

Messenger RNA. DNA does not participate di- 
rectly in protein synthesis. The expression of its 
genetic potential is via the transciipt of one of its 
two strands into an mRNA copy. Thus mRNA, as 
the name implies, carries this information to the 
ribosomes, where its linear sequence of nucleotides 
directs the assembly of the linear polypeptide 
chain that is a protein. To he active, mRNA must 
he single-stranded and consist of “readable” se- 
quences along its length, which is much greater 
than the diameter of a ribosome (200 A). A row 
ot ribosomes may move along this tapelike message 
at one time. There are as many different mRNA 
molecules as there are genes. The number of copies 
of a given kind depends upon the demands by the 
cell for the particular protein that it specifies. A 
packet of adjacent gene* that is regulated as a unit 
(opeion) dppears to produce a single mRNA with 
the information for the synthesis of several proteins 
along its length. mRNA thus has the same protein- 
specifying role as viral RNA. However, the differ- 
ence is that mRNA is the gene pioduct, not the 
gene itself, and therefore not seli-replicating. 

Roth types of RNA will also function in a cell- 
fiee protein-synthesizing system in a test tube. 
Artificially pioduced mRNA of known composition 
will also woik. Thus polyribonucleotides contain- 
ing but a single type of base lead to the formation 
of pioteins containing hut a single type of amino 
ac'id. Addition of the RNA of some bacteiial viruses 
to an in-vitro protein-synthesizing system leads to 
the torrnation of some viral coat protein. The size 
of mRNA is variable, and apart from the closely 
related viial RNA, no pure mRNA has been iso- 
lated. 

The base sequence in mRNA is complementary 
to that of the DNA segment from which it origi- 
nates. This is indicated by the fact that mRNA can 
form a hydrogen-bonded RNA-DNA hybrid double 
helix with, and only with, this DNA segment. In 
bacteiia. mRNA is rapidly made and degraded, 
unlike transfer and ribosomal RNA. It has a half- 
life of only 3—4 minutes. Such a rapid turnover ex- 
plains why it constitutes less than 10% of the total 
RNA of a cell while accounting for about 80% of 
the total RNA synthesized. Degradation of mRNA 
in differentiated mammalian cells appears to -be 
much more sLable. 

Transfer RNA. These molecules serve a cofactor 
role in amino-acid incorporation into proteins. 
There are 20 amino acids, each of which is acti- 
vated by an amino acid-activating enzyme which 
attaches the amino acid to a particular tRNA oi to 
a particular group of tRNA molecules. Since each 
amino acid in the genetic code has at least one or 
sometimes several nucleotide sequences (codons) 
which are specific for the amino acid, there are 
one or several tRNA molecules for each amino acid, 
one for each codon. The attachment of amino acid 
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(aa) to tRNA proceeds by two steps, where ATP 
is adenosine triphosphate, AMP is adenosine mono- 
phosphate, and PP is pyrophosphate: 

(l) aa 4* ATP + enzyme ^ aaAMP enzyme + PP 
(2) aaAMP enzyme + tRNA ^ aa-tRNA + AMP 

The activating enzymes serve as translators of the 
code. In a sense, they couple the amino acid to its 
codon. Accuracy of this coupling is achieved by 
discriminating against the wrong amino acid at 
both reactions 1 and 2. The tRNA carrying the 
amino acid then adds to the growing polypeptide 
chain on a ribosome mRNA complex. The selection 
of the aa-tRNA species that adds to the growing 
polypeptide chain depends upon the nucleotide 
sequence (codon) being read in the mRNA. The 
selection is specific for the tRNA molecule and is 
no longer dependent on the amino acid. The num- 
ber of bases in each codon appears to be three. It is 
postulated that recognition of these codon bases 
by the amino acid tRNA is through a complemen- 
tary binding site on the tRNA. If the genetic code 
is universal, these binding sites will also be the 
same in all species. There are, however, other, as 
yet undefined, segments in tRNA which give speci- 
ficity to tRNA and the activating-enzymes species. 
The tRNA molecules contain about 80 nucleotides 
each. The nucleotide end is mostly G, and at the 
nucleoside end CCA is common to all, and this is 
where the amino acid attaches. In addition to A, 
C, G, and U, tRNA also contains pseudo-uridine 
(5 ribosyl uracil), 4 thiouracil, xanthine, dihydro- 
uracil, thymine, and some other methylated bases. 

The methylation of the bases occurs after poly- 
merization by methyl transfer from adenosyl 
methionine. By study of tRNA-DNA hybrids it has 
been concluded that there may be multiplicity of 
DNA segments specifying each kind of tRNA. The 
number of different tRNA types is still unknown; 
it is greater than one for each amino acid and 
probably one for each codon, of which over 40 are 
known. The sequence of one tRNA is known. 

Ribosomal RNA. This constitutes the bulk of 
cellular RNA and plays an essential but unknown 
role in amino acid incorporation into proteins. The 
ribosomes consist of two particles, each contain- 
ing about half their weight as a single strand of 
RNA with a molecular weight of about one million. 
Proteins make up the rest of each particle. The 
sedimentation constant of these two RNA strands 
is 16 and 23. Hybridization experiments with DNA 
show that the two RNA strands are formed on 
separate segments of DNA and have different nu- 
cleotide sequences. As with tRNA, there is a mul- 
tiplicity of DNA segments for both the 16 and the 
23 sRNA. In the ribosomes the RNA is partly on 
the surface, and can be attacked by degradative 
enzymes. Such degradation leads to inactivation of 
the ribosomes in mRNA binding and protein syn- 
thesis. Like tRNA the ribosomal RNA is meta- 
bolicallv stable and plays a catalytic — but unde- 
fined — role in protein synthesis. 


Synthesis and breakdown of RNA. The synthe- 
sis of RNA — except viral — occurs on a DNA tem- 
plate from ribonucleoside triphosphate precursors 
in a reaction catalyzed by RNA polymerase. This 
reaction is specifically inhibited by the antibiotic 
actinomycin D, which stops all RNA synthesis— 
except viral — in vivo and vitro. In bacterial cells 
RNA synthesis is controlled by the availability of 
amino acids. In strains of cells having a nutritional 
requirement for an amino acid, synthesis of RNA 
ceases when the amino acid is lacking. The direc- 
tion of the synthesis of RNA is known. The in-vitro 
synthesis leads to RNA which retains the initial 
triphosphate end. RNA is also made on an RNA 
template by a virus-programmed enzyme. In the 
test tube, RNA of random sequence can also be 
synthesized from ntfecleoside diphosphates — with- 
out a template — using polynucleotide phosphory- 
lase, which may play a degradative role in nature. 
There are also enzymes found in cells which 
synthesize mostly polymers of adenosine from ATP. 
Their role is unknown. The CCA end of tRNA is 
synthesized by a special enzyme from triphosphate 
precursors and without a template. The degrada- 
tion of RNA is produced by three classes of enzyme 
endonucleases which cleave in the chain and exo- 
nucleases which attack at the nucleotide or the 
nucleoside end. Pancreatic ribonuclease and spleen 
and snake-venom diesterase, respectively, are ex- 
amples of these nucleases. One funftion of nu- 
cleases may be to destroy mRNA. 

Other functions of RNA. It has been postulated 
that or^e of the gene products —that is, RNA or a 
protein made from such RNA —is responsible for 
regulation of gene function by acting as repressor. 
RNA has also been found associated with a number 
of enzyme systems, but its role there is a mystery. 

fj. F. SPF.YhR | 
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Rice 

The plant Oryza sativa is the major source of hu- 
man food for nearly one-half of the world’s popula- 
tion. In China, Japan, Korea, the Philippines, India, 
and other countries of the Middle and Far East, 
rice is more important than wheat as a source of 
carbohydrates (see Carbohydrate). In some coun- 
tries of the Orient, the consumption of rice per 
capita is estimated at 200-400 lb/year. In contrast, 
the yearly per capita consumption of rice in the 
United States is only about 5 lb. The most impor- 
tant rice producing countries are India, China, Pa*' 
istan, and Indochina, but in many of the smaller 



countries rice is the leading food crop. Although 
the acreage planted in rice is only about one-half 
that planted in wheat, the total world production is 
nearly as great, due to higher average acre yields 
( Sf€ W HEAT ) . 

Production and economic importance. In the 

United States rice is produced on approximately 
1,500,000 acres, in contrast to over 60,000,000 acres 
of wheat, largely concentrated in selected areas of 
Arkansas, Texas, Louisiana, and California. Al- 
though this represents less than 1% of the world 
rice acreage, the United States exports about 1.5% 
of its rice, largely to Japan, Korea, and South 
American countries. The annual value of the rice 
crop in the United States for the period 1945-1954 
was $209,019,900. 

Uses. Although eaten mainly as boiled rice, a 
considerable amount of rice is consumed as break- 
fast cereals. Rice starch also has many uses. Bro- 
ken rice is used as a livestock feed and for the 
production of alcoholic beverages (see Ethyl al- 
cohol). The bran from polished rice is used for 
livestock feed; the hulls are used for fuel and cel- 
lulose (see Cellulose). The straw is used for 
thatching roofs in the Orient and for making 
paper, mats, hats, and baskets. Rice straw is also 
woven into rope and used as cordage for bags. 
This crop serves a multitude of purposes in coun- 
tries where agriculture is dependent largely upon 
the culture of rice. 

Origin and description. Rice probably origi- 
nated in the tropical climate of southern India 
and spread eastward into China and westward into 
Persia and Egypt nearly 5000 years ago. In the 
United States, rice was not grown until about 1685. 
In the Jate nineteenth century Louisiana became 
an important rice-producing state; early in the 
iwentielh centur> rice production spread to south- 
eastern Texas, eastern Arkansas, and north cen- 
tral California. Rice is a comparatively new crop 
m its present area of greatest production. 

Unlike many other cereal grains, all cultivated 
varieties of rice belong to the same species and 
have 12 pairs of chromosomes, as do most wild 
tvpes. The extent of variation in morphological and 
physiological characteristics within this single spe- 
<ies is greater than for any other cereal crop. Al- 
though the chromosome number is the same, many 
of the ancient types have become so wickrfy differ- 
entiated that hybrids between them are only par- 
tially fertile. See Genetics. 

Rice is an annual grass plant varying in height 
from 2 to 6 ft (see Annual plants). Plants tiller, 
that is, develop new shoots freely, the number de- 
pending upon spacing and soil fertility. Among the 
m any types grown, some mature in 80 days ; others 
require over 200 days. The inflorescence is an open 
Panicle (Fig. 1) . Flowers are perfect and normally 
^lf pollinated with some varieties exhibiting 5-4% 
natural crossing. See Flower (botany) ; Inflores- 
cence; Reproduction, plant. A distinct charac- 
teristic of the flower is six, rather than the custom- 
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ary three, anthers as in other grasses. Spikelets 
have a single floret, lemma and palea completely 
enclosing the caryopsis or fruit which 'may be yel- 
low, red, brown, or black. See Fruit (botany). 
Lemmas may be awnless, partly or fully awned ( see 
Grass crops). In threshing, the caryopsis is not 
freed from the glumes and is called rough rice or 
paddy. Grain color, unmilled, may be white, brown, 
amber, red, or black, and the grain may be long 
and slender to short and thick. 

Varieties. In India alone over 8000 varieties have 
been recorded, and in the Philippines over 3500 
varieties are known. In contrast, only a few varie- 
ties are grown in the United States. Cultivated va- 
rieties are classified as upland and lowland. The 
upland varieties can be grown without irrigation 
and are relatively unimportant in acreage. The 
lowland types are grown submerged in water for 
the greater part of the season (see Irrigation of 
crops). In contrast to most plants, rice can thrive 
when submerged because oxygen is transported 
from the leaves to the roots. Rice varieties also are 
classified as common or glutinous Recording to 
starch characteristics. Common rice is more exten- 
sively grown than glutinous rice, which is used 
mainly in the Orient to prepare pastries and con- 
fections. The grains of the widely grown common 



Fig. 1. Panicles of rice. Each spikelet has a single 
caryopsis enclosed in the lemma and palea. 
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rice may be translucent to opaque, hard to soft, and 
when boiled may be soft to firm, retaining their 
shape. Thus among the thousands of varieties 
known, there exists a wide range in plant and grain 
characteristics. 

Cultural practices. Because of the peculiar con- 
ditions of growing a crop submerged in water, rice 
land seldom becomes a part of a regular rotation 
system. Often two or more successive crops of rice 
are grown and the land is then pastured or fallowed 
to control weeds. Rice is grown on heavy soils un- 
derlain by an impervious subsoil to prevent seepage 
of water. See Soil. 

In the Orient and in many other countries, rice 
fields are established by transplanting seedlings 
from seedling beds when the plants are 30- SO days 
old. Fields to be transplanted are flooded and 
worked into a soft mud. Clumps of three to four 
seedlings are pushed into the mud in rows to per- 
mit hand cultivation for control of weeds. This sys- 
tem of transplanting seedlings saves irrigation wa- 
ter and permits the field in which they are to be 
established to grow another crop while the smaller- 
sized seedling bed is being grown. Yields from 
transplanted rice usually exceed those planted di- 
rectly from seed. 

In the United States the oriental system of trans- 
planting is impractical because of labor costs. Con- 
sequently, rice in this country is seeded with a 
grain drill at 80 lb /acre prior to irrigation. In Cali- 
fornia the seed often is sown from airplanes and 
left on the surface of the soil. The field is then 
submerged prior to germination. In the southern 
states, fields are submerged with 1-2 in. of water 
when the seedling plants aie 6-8 in. tall. Later the 
depth of water is increased to 4 6 in. and remains 
at that depth until the land is drained prior to har- 
vesting the crop. 

The rice crop in the Orient and some other coun- 
tries is harvested by hand (Fig. 2). In the United 
States, rice is often harvested with a grain binder 
in the southern states; the bundles are shocked in 
the field and threshed when the grain moisture 
content is reduced to 14 r < . When harvested with a 
combine, a practice common in California, the 
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Fig. 2. Hand harvesting is the common practice used 
in many countries. 



Fig. 3 Hoja blanca disease of rice (Inter American 
Institute of Agricultural Sciences) 


grain j^hould not be driei than 21 28 f r (see \uu 
cuLltJRAi MAUI1N] ry). Rm e di led to a lowu mul- 
ture content while standing in the field may ‘-halter 
and the giam quality mav be lowered When hat 
vested at this high moisture content, the grain i^ 
dried artifu ially to 1 4 r c moisture, c are being taken 
to keep the drying temperature below 110°F to 
avoid damage to the giain. Sa A(.ri< Lilt RAi s< i 
lmi (pi am ) ; Graiin crops [i. i toiinson 1 

Diseases of rice. Rice diseases are of gieat im- 
portance because large numbers of people in Asia 
depend mainly on this cereal for carbohydrate 
Since population and rice production are in smh 
close balance in countries like India, China, and 
Japan, relatively small losses can lead to conditions 
approaching famine. In 1934 famine in certain dis- 
tricts of Japan was caused by the rice blast disease 
In 1943 the famine in Bengal, India was attributed 
primarily to the loss in rice production caused by 
Helminthosporium leaf spot disease. 

The major diseases of rice are the Helmintho- 
sporium leaf spot disease, blast or rotten neck 
caused by the fungus Piricularia oryzae ( see 
Funci), and a very recently discovered disease, the 
hoja blanca of Cuba and Venezuela (see Pi ant m* 
rus). The hoja blanca is believed to be caused by 
a virus which is spread from diseased to health) 
plants by an insect (Fig. 3). Losses in susceptih e 
varieties caused by this disease have been reports 
to be as high as 60% of the crop. Control in these 


Rica 565 


countries has not been satisfactorily obtained be- 
cause presently available resistant varieties do not 
yield well enough for use. 

Another disease of rice is the balcanae disease of 
Japan caused by Gibberefla fujikurae . It is of par- 
ticular interest, since this fungus is the producer of 
gibberellin, the plant growth stimulator, which has 
been recognized as a possible means of increasing 
plant growth and crop yields. See Chiberelmn; 
Plant disease. fs. j. p. chilton] 

Processing. The four main parts of the rice 
kernel are the hull, bran, germ, and endosperm. The 
purpose of milling rice is to separate the outer 
portions from the inner endosperm with a minimum 
of breakage. The various steps followed in rice 
milling are illustrated in the flow diagram (Fig. 4). 

Polished rice. Rough rice, or paddy rice, as it is 
known, is separated from foreign material by vi- 
brating sieves and air currents. Various sizes of 
sieves separate seeds that are larger or smaller than 
rice, and air currents carry off chaff, dust, and other 
lightweight material. Rotating vertical cylinders 
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Diagram illustrating the processing of rice. 


containing indentations or perforations are also 
uwd to lift out and remove certain types of foreign 
seeds from rice. 

The thoroughly cleaned rice is conveyed to shell- 
ing machines which loosen the hulls. The machines 
are similar to buhrstones used in wheat milling and 
consist of two steel plates usually 4 ft or more in 
diameter, mounted horizontally, with the inner sur- 
face of the plates lined with a mixture of cement 
and coarse carborundum. One plate rotates, and the 
other, set at the proper distance to permit rice 
grains to assume vertical positions, remains station- 
ary. As the plate revolves, the force on the ends of 
the kernels disengages the hulls. The great problem 
in rice milling is to remove the husk and bran with- 
out breaking the endosperm. After this first opera- 
tion, approximately 20 r / ( of the rough rice remains 
unhulled and must be processed further. 

The mixture of loose hull, bran, and germ, as 
well as the unhulled kernels, is conveyed to a stone 
reel. This consists of a large revolving octagonal 
framework covered with wire screens where fine 
material, known as stone-reel bran, ds recovered. 
The large pieces of hull remaining are removed by 
suction in an aspirator, and the mixtures of hull 
and unhulled grains left are separated in a paddy 
machine, a large box shaker fitted with vertical 
plates to form zigzag divisions which separate the 
lighter unhulled paddy grains from the heavier hull 
grains. The plates and the shaking action cause the 
paddv grains to move gradually upward and over 
the machine into a trough, while the heavier, hulled 
grains are collected at the lower side. The unhulled 
grains are sent through auxiliary hulling stones, 
which are set to smaller clearances; from there, 
they reenter the main stream going to the stone 
reel. 

Rice with hulls removed is called brown rice, 
because it retains a light brown color from the bran 
coat. Removal of the bran layers is done in two sets 
of hullers generally referred to as first- or second- 
break operations. The term huller is a misnomer, 
siru e the function of this machine is to remove bran 
Ia>ers instead of hulls. The bran layers are removed 
by a scouring action between the inner walls of the 
huller and the rapidly revolving, grooved inner 
core. The mixture of scoured kernels and bran 
passes through the first break bran reel where the 
bran is separated. Then the rice goes to the second 
break hullers. Similar to the first, but adjusted for 
closer action, these remove the remaining part of 
the bran coat. After leaving the second set of 
hullers, the rice has lost much of its brown color. 
And it loses still more in the second bran reel. 

Pearling cones are used in some mills as an ad- 
junct to the hullers or in place of the last set of 
hullers. A pearling machine consists of a cone, 
coated with abrasive material, which revolves fiiside 
a heavy wire screen. The scouring action can be ad- 
justed to suit requirements. 

Rice passes from the second break huller, or 
from the pearling cones, to a cooling bin and then 
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to a brush machine* The latter consists of a verti- 
cal, cylindrical frame covered with soft leather 
strips revolving at a high rate of speed within a 
cylinder of wire screening. The rice is rubbed 
smooth by friction during its travel through the ma- 
chine. A considerable amount of heat is generated 
in a brush machine, and cooling is accomplished 
by a stream of air which travels countercurrent to 
the flow of the rice. From the brush machine, the 
rice passes through the brewers’ reel, where the 
smallest fragments are removed. This reel usually 
is covered with a mesh screen of proper size to re- 
move the rice fragments, known as brewers’ rice be- 
cause this material has a ready market in the man- 
ufacture of beer. 

Often a coating of glucose or talc is applied in 
revolving tumblers. These are cylinders about 9 ft 
long and 4 ft in diameter, set on an incline of 
about 15° from the horizontal. Not all rice is coated 
with glucose or talc. In some markets an uncoated 
grade of rice is preferred, but the luster of the 
grains is greatly improved by coating. 

Gean rice is graded by machines which consist 
of rows of vertical disks mounted on revolving 
shafts. The indented disks collect the smaller sizes, 
carry them over, and discharge them into a chute 
leading to cylinders where further separations take 
place. The kernel size of the separations desired 
can be changed by raising or lowering the edge of 
the apron on the stationary axis of the machine. 

Many classes and grades of rice are marketed. 
The by-products of rice processing, such as hulls 
and bran, are generally sold for animal feed. Some 
rice hulls are used in the manufacture of purified 
alpha cellulose. 

The common yields of the various products pro- 
duced from rough rice are as follows: hulls, 20% ; 
brown rice, 79% : whole grains, 58% ; three-quar- 
ters to half grains, 3%. ; screenings, 6% . By-prod- 
ucts obtained are bran, 8%, and rice polishings, 
2 %. 

Converted rice. In the course of manufacturing 
polished rice, much of the nutritive value, in both 
protein content and vitamins, is removed. Specifi- 
cally, 76% of thiamine, 57% of riboflavin, and 63% 
of niacin are lost for human consumption. Because 
of this, efforts have been made to resupply the vita- 
mins by a patented converted rice process, and by 
the Malek parboiling process. See Niacin; Ribo- 
flavin; Thiamine. 

In the process of milling brown rice to white rice, 
there is a marked reduction in B vitamins and iron. 
Since customers prefer well milled white rice to 
brown rice, there has been much interest developed 
in methods to retain more of the B vitamins in the 
milled rice. This problem has been approached in 
two ways : by removing less of the brown bran lay- 
ers and germ in milling, and by processing the rice 
prior to milling in such a way as to transfer vita- 
mins and other water soluble nutrients from the 
outer portions of the grain into the endosperm. 

The first method produces undermilled or unpol- 
ished rice. The outer bran is removed but the in- 


ner layers retained. Since the greatest decrease in 
B vitamins and minerals occurs in the first break 
only limited improvement in nutritive value can be 
effected by decreasing the degree of refinement in 
subsequent stages of the milling process. Attention 
has therefore been focused on methods to increase 
the vitamin content of the milled rice by subject- 
ing rough rice to a parboiling treatment prior to 
milling. 

Converted rice is produced by the following proc- 
ess: rough rice is cleaned and placed in steeping 
tanks which are sealed and evacuated to remove 
air from the tank and the interspaces of the rice 
kernels. Hot water is added and pressure is applied 
for a steeping treatment. This transfers the water- 
soluble vitamins from the bran and germ into the 
endosperm. Then th^ rice is subjected to live steam, 
dried under vacuum, and finally milled and pol- 
ished. Converted rice is a highly-milled, polished 
product of greatly improved nutritive value. 

[~J. A. SHELLENBF.RCEK ) 

Bibliography : J. B. Reed, The By-Products of 
Rice Milling , US Dept. Agr. Bull. 570, 1917; T. B. 
Wayne, Modern rice milling, Food Ind 2:492-495 
1930. 

Ricinulei 

An order of extremely rare arachnids, also known 
as the Podogona, with a bodv less than 1 in. in 
length. Superficially, they resemble ti<4cs in general 
appearance and movement, and are found onl\ in 
tropical Africa and in the Americas, from the Ama- 
zon toTexas. The two anterior pairs of appendages 
are cftelate. The terminal segments of the third legs 
of the male are modified as copulatory structures. 
Less than 20 modern species are known. The occur- 
rence of several fossils from Carboniferous time 
suggests that the group was formerly more com- 
mon. Virtually nothing is known about the repro- 
duction, growth, and ecology of the Ricinulei. Ser 
Arachnida. [c. c. iiofi | 

Rickets 

A disorder of calcium and phosphorus metabolism, 
primarily affecting bony structures, due to vitamin 
D deficiency. Precursor substances from the diet 
are normally converted to vitamin D by the actum 
of ultraviolet light (sunlight) on the skin. There- 
fore, infants are affected, especially in winter. 
Dark-skinned peoples require additional vitamin D 
as dietary supplement because their skin pigmenta- 
tions interfere with natural production. See Cal- 
cium metabolism; Phosphate metabolism; Vi- 
tamin D. 

In children rickets consists of defective calcifica- 
tion and excessive production of cartilage at the 
ends of growing bones. Restlessness, constant move- 
ment often with hair loss from pillow contact, an 
defects of the ribs and long bones are typical symp- 
toms. Bowlegs and pigeon-breast may result, in * j 
dition to craniotabes, or softening of the flat 
bones. These later develop abnormally to form a 
square, boxlike skull. There is an increased suscep- 
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tibility to fracture, delayed tooth eruption and 
enamel defects, and other indications of faulty 
mineral deposition. See Tooth disorders. 

In adults, vitamin D deficiency produces osteo- 
malacia, or demineralization of bones. It is seen in 
a softening of the spine, pelvis, and leg bones. Frac- 
tures and deformities due to compression of the de- 
rive bones are common. In addition, low calcium 
levels in the blood may be present with resulting 
irritability, spasms, and convulsions, particularly of 
the hands, face, and larynx. See Bone; Bonl (bio- 
physics). 

Vitamin D regulates the absorption of calcium 
and phosphorus from the gastrointestinal tract, 
thereby maintaining blood levels. [r. c. stijartJ 

Rickettsiales 

\n order of very small (0.2-0.5 micron diameter) 
haitcria which are obligate intracellular parasites 
of animals (see Microorganisms). The Rickett- 
siales were placed in the class Miorotatobiotes be- 
uiuse at one time they were thought to be closely 
u lilted to the viruses. However, further studies 
showed that the only things they have in common 
with the viruses aie their small size and obligate 
jiifi ii< ellular parasitism. The order is divided into 
tour families, Rickettsiaceae, Chlamydiai eae, 
Baitonellacear, and Anaplasmataceae. 

Rickettsiaceae. This is a family of typhuslike 
.Mid related agents with 9 geneia ( Rukettsia , Coxi- 
din. Rot hahmnea,Ehrlt< hia. Con Alia % hleoiirkett- 
s m. It o/barhia , Symbiotes , and RuKettsiella ) and 
it least 27 well-described species associated with 
insects and other invertebiates as intermediate or 
definitive hosts. The type species, Rickettsia pro - 
iazekii , is the well-known cause of epidemic, or 
louse borne, typhus fever of man. Another impor- 
tant species rs the agent of the woi ld-wide Q fever 
ol man and animals, Coxiella burnetii. Although its 
reservoir is in ticks, it is most often spread by in 
halation of contaminated dusts from various 
s ouues. A canine disease of the U.S. Pacific Coast 
•aused by Neoriekcttsia helminthoeca is trans- 
mitted by parasitic intestinal trematodes. See Q 
hhr; Typhus fever, epidemic (louse-borne). 

Chlamydiaceae. These agents of diseases related 
to trachoma and parrot fever are not insect-borne 
an( i comprise 5 genera ( Chlamydia , Colesiota , 
Rirolcsia, Colettsia , and MivagaimnellaY and at 
Wst 20 well-described species. The type species is 
' hlamydia trachomatis , cause of the widespread 
c>p disease, trachoma, while some of the species 
signed to Miyagawanella cause psittacosis, lym- 
Phogranulomatous venereal disease, and virus pneu- 
,n °ma. Many agents of the family produce forms of 
jnimal conjunctivitis, especially in Africa. See 
Lymphogranuloma venereum; Psittacosis. 

Bartonellaceae. Members of this family are 
P ar asites of the red blood cells of man and animals, 
he family comprises 4 genera ( Bartonella , Gra - 
amf 'Hn t Haemobartonella 9 and Eperythrozoon) and 
least 20 accepted species. The type species is 
[ an °nella bacilli for mis , the cause of both anemic 
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Rickettsia prowazekii, cause of epidemic typhus, in 
chick embryo, yolk sac cell, showing pleomorphism. 

( Photography by N. J. Kramis, Rocky Mountain Labora- 
tory , USPHS) 

disease (Oroya fever) and eruptive disease (Ver- 
ruga Peruana) in man on the northwest coast of 
South America. It is carried by sandflies of the 
genus Phlebotomus. Other species are found in 
native mice and other small rodents and occasion- 
ally in domestic animals. See Carrion’s disease. 

Anaplasmataceae. These are parasites of the 
red blood tells, chiefly of domestic, cloven-hoofed 
animals. One genus, Anaplasrna , and three species 
are recognized. The bacterial or protozoan nature 
of the Anaplasrna species has been disputed, but all 
are transmitted by ticks and mechanically by biting 
flies as well as by surgical instruments. The type 
species is Anaplasrna marginal e , cause of world- 
wide, malignant anaplasmosis of cattle. 

fc. B. PHILIP] 

Rickettsialpox 

A benign, infectious disease, similar to typhus, 
caused by bacterialike microorganisms, Rickettsia 
akari. It is transmitted by the mite, Alloderman - 
yssus sanguineus (see Mcsostigmata; Rickettsi- 
alt s). The disease was recognized in the late 1950s 
and has been reported only in Atlantic Coast cities 
of the United States, in Afiica, and in European 



Rickettsia akari , causative agent ot rickettsialpox in 
stained smear from yolk sac of Infected chicken em- 
bryo. ( Photomicrograph by N. J. Kramis, Rocky Moun- 
tain Laboratory, USPHS ) 
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Af/odermanyssus sanguineus , the mite vector of rickett- in T. T. Mackie et a I., Manual of Tropical Medicine, 

sialpox. (a) Adult female, (b) Nymph. (From C. B. Philip 2d ed., Saunders , 1954) 


U.S.S.R. In all these areas strains of R. akari have 
been recovered from house mice and their mites, as 
well as from patients, often in the environs of mod- 
ern apartments. Unlike trombiculids, which trans- 
mit scrub typhus, these mites are parasitic in older 
stages and leave the host between feedings. In ad- 
dition to a rash, patients exhibit a primary eschar, 
or ulcer, and often show a swelling of lymph glands 
similar to that in scrub typhus and fievre bouton- 
neuse. An agglutination test, the Weil-Felix OX 19 , 
is only occasionally positive. Complement-fixation, 
cross-immunity in guinea pigs, and intranuclear 
growth of organisms show a relationship to spotted 
fever group rickettsioses, but so far no toxic factor 
has been demonstrated. See Rickettsioses. 

[C.B.P.] 

Rickettsioses 

Infectious diseases affecting man and some animals, 
caused by bacterialike microorganisms. The human 
pathogens are members of the genus Rickettsia and 
the related genus Coxiella which are classified in 
the family Rickettsiales (see Rickettsiales) . 
These rickettsial agents comprise a restricted group 
found in parasitic arthropods, such as insects, ticks, 
and mites, which act as vectors, are noncultivable 
on ordinary media, are usually intracellular in 
growth, and usually will not pass medium to fine 
filters. Dr. H. T. Ricketts, who died of typhus fever 
in Mexico after confirming the causative agent, was 
memorialized in the naming of the group. Related 
rickettsialike organisms which include harmless or 
beneficial symbiotes of invertebrate hosts, or patho- 
gens of vertebrate hosts only, most of them origi- 
nally assigned to this genus, have recently been 
transferred to other genera. 

Morphology. The microorganisms are gram- 
negative, small, coccoid to rod-shaped or filamen- 
tous, and often pleomorphic. In size, they generally 
lie between the bacteria and the filterable viruses 
and are visible under the light microscope; only 


Coxiella has a readily filterable phase. Under the 
electron microscope, magnified 10,000-100,000 
times, they exhibit an outer envelope and an inner 
matrix which can be separated by suitable physico- 
chemical techniques; the matrix appears to include 
numbers of dense granules. 

Growth and reproduction. The* grow intra- 
cellularly by simple division ; a report was made in 
1957 of the cultivation of one agent in a cell-free 
but intracellularlike environment. However, this re- 
mainrf unconfirmed. One other species grows extra- 
cellularly in the gut of its body-louse host but will 
not grow in yolk sacs of embryonated chicken eggs 
as will the other Rickettsia . Eventual cultivation on 
suitable artificial media is to be expected under 
present intensive research. Though there is no 
spore formation, a few species are resistant to en- 
vironmental stress and will live for a few months or 
even years in such detritus as dried arthropod feces 
or pulverized, infected animal offal and fomites 
Others persist in tissues of the recovered animals. 



Coxiella burnetii, the rickettsialike, causative agent 0 
Q fever showing outer envelope and inner matrix ,n 
Cells under the electron microscope. (Electron m' icr0 ’ 
graph by R. O. Ormsbee and E, Ribi, Rocky Moonto> n 
Laboratory, USPHS ) 


Rickettsioses 569 


No complicated cycle of growth has been postu- 
lated. Organisms may be scattered diffusely through 
the cytoplasm of the cell, or more compact colonies 
may occur, such as the so-called Mooser bodies 
seen in endemic typhus. In the spotted fever group, 
the organisms may even invade the cell nucleus. 
See Tick typhus, Siberian. 

Diseases caused. Rickettsia species are the 
etiologic agents of such human diseases as epidemic 
and endemic, or murine typhus, the Rocky Moun- 
tain spotted fever group of diseases, including 
fievre boutonneuse of the Old World, and several 
tick typhuses, such as tsutsugamushi disease, or 
scrub typhus, of the Far East, as well as the rick- 
ettsialpox of the Atlantic Coast of the United States 
and of U.S.S.R. Clinically, all are characterized by 
fever and a cutaneous eruption or rash which is 
absent only in related Q fever. In addition, a pri- 
mary ulcer, or eschar, at site of vector attachment 
and swollen glands which drain this area are as- 
soiiated with fievre boutonneuse subgroup, Siberian 

* m 
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Intracellular riclcettsiae under the light microscope. 
^ Rickettsia typhi of endemic typhus in characteristic 
infected Mooser cell from tunica of male guinea pig 
ifr °m T. T. Mackie, G. W. Hunter , and C. B. Worth, 
4 Manual of Tropical Medicine, 2d ed., Saunders, 
1^55); (b) R. tsutsugamushi of scrub typhus in yolk cell 
°* chicken embryo (from C. 8. Philip, Scrub typhus, 
Sci Monthly, 69:281-289, 1949). 


and North Queensland tick typhuses, rickettsialpox, 
and scrub typhus. Orchitis and swelling of the 
scrotum customarily occur in male guinea pigs in- 
fected with murine typhus and the spotted fever 
group. See Fievre boutonneus^; Rickettsialpox; 
Typhus, scrub; Typhus fever, endemic (flea- 
borne); Typhus fever, epidemic (louse-borne). 

Rickettsial study techniques. The relationships 
and characteristics of these agents are still under 
investigation. The techniques for studies of the 
rickettsiae include appearance and staining reac- 
tions under microscopic examination; survival un- 
der different biologic al and physicochemical 
stresses, such as in animal oi insect wastes, drying 
under vacuum, and storage by freezing; growth 
chaiactcristics in chicken embryos, tissue cultures, 
and in unnatural arthropod hosts, such as injected 
mealworms, or in natural hosts, such as intrarec- 
ta lly injected body lice or ticks fed artificially 
through membranes and glass capillaries; differen- 
tial behavior of suspensions in cellulose ion-ex- 
change columns and other chromatographic proce- 
dures; < ross-immunitv studies in recovered animals 
and cross-protection in vaccinated ones; serological 
patterns displayed with nonspecific Weil-Felix 
tests, and specific rickettsial toxin, agglutination, 
and complement-fixation tests; differential suscep- 
tibility of, pathogenicity for, and survival in various 
laboratory animals. 

Staining charattenstu s. These are usually deter- 
mined by the Giemsa or Macehiavello methods. 
Rickettsiae on air-dried (lightly flamed) smears 
from infected yolk sacs, or from appropriate ani- 
mal tissue such as scrotal sacs of male guinea pigs 
or scrapings from body cavities of mice, are col- 
ored purplish with Giemsa and bright red against 
a blue background with Macehiavello stains. 

Serology. The Weil-Felix test is based on pro- 
duction of nonspecific agglutinins (antibodies) in 
blood of patients by the agents of the tvphus and 
spotted fever groups and of scrub typhus in blood 
of patients. These react against the nonmotile 0 
form of the bacterium Proteus vulgaris strain X. 
The proteus strains OXi» and, to a lesser extent, 
OX 2 react against the typhus and spotted fever 
groups, but do not differentiate between them, while 
OXK is diagnostic for scrub typhus ( see Proteus), 
A rise in titer in serially drawn specimens from 
patients after the fifth day of the disease has spe- 
cial significance. Such agglutinins fade in a few 
weeks, are entirely absent in cases of trench- and 
Q fever, and uncommon in rickettsialpox. The com- 
plement-fixing antibodies last longer and are also 
used to differentiate groups and. in some cases, 
species of Rickettsia , as are specific agglutinins 
which cause clumping of organisms suspended in 
serum of convalescents. A toxic factor capable of 
killing mice is associated with the infectious agents 
of epidemic and endemic typhus, some members of 
the spotted fever group, and two strains of tsotsu- 
gamushi disease. See Serology. 

Immunology. There appear to be five distin- 
guishable groups of human pathogens, namely, the 
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typhus group, the tsutsugamushi group, the spotted 
fever group, Q fever, and trench fever. For the last, 
there are no susceptible nonprimate laboratory ani- 
mals. Partial to complete cross-immunity exists be- 
tween these pathogens and is detailed under arti- 
cles on the individual diseases. 

Vectors, treatment, and prevention. The rick- 
ettsial vectors, the treatment for, and prevention of, 
rickettsioses are presented in this section. 

Vectors . Most rickettsiae are transmitted by spe- 
cific arthropods, such as body lice, fleas, ticks, or 
mites, but a new species from U.S.S.R., R. pavlov- 
skii , is reported in all of the last three. See A ca- 
bin A ; Anoplura; Siphon after a. 

Treatment. All these agents are susceptible to 
the so-called broad-spectrum antibiotics, including 
chloramphenicol and the tetracyclines, chlortetra- 
cycline and oxytetracycline, under appropriate dos- 
ages. See Antibiotic; Chloramphenicol; Chlor- 
teiracycline; Oxytetracycline; Tetracycline. 

Prevention. Protection of individuals is accom- 
plished in two ways: ( 1 ) control of the source of 
infection, such as lice and flea vectors in the typhus 
fevers, rat and mouse reservoirs in endemic typhus 
and rickettsialpox, and contaminated environments, 
such as dust and rnilk, in Q fever; and (2) vaccina- 
tion — for example, practical vaccines of killed or- 
ganisms have been commercially developed against 
epidemic typhus and Rocky Mountain spotted fe- 
vers. In addition, efficacy of live, attenuated vaccine 
against the epidemic typhus has also been demon- 
strated. rc.B.p.i 

Bibliography: A. J. Rhodes and C. E. Van 
Roovr.n, Textbook of Virology , 3d ed., 1958; T. M. 
Rivers and F. L. Horsfall. Jr. (eds.), Viral and 
Rickettsial Infections of Man , 3d ed., 1959. 

Rift valley 

An elongated, relatively narrow depression caused 
by the subsidence of a crustal block between two 
or more faults. The boundary faults are steeply in- 
clined down toward the downthrown block, and 
where the direction of displacement has been as- 
certained, it indicates that the dislocations are 
gravitv faults. Thus, rift valleys are the surface ex- 
pression of large grahen. The term rift is used by 
some geologists as a synonym for graben. Others 
define u rift as a strikeslip fault that parallels the 
trend of the regional structure. See Fault and 
fault structures; Graben. 



A generalized cross section of the rift valley of the 
Rhine and the adjoining block mountains of the Vosges 
and the Black Forest. ( Drawing by E. Raisz , from P. E. 
James , An Outline of Geography, 2d ed., Ginn, 1943) 


Rift valleys commonly have lengths measured 
in hundreds of miles with relief at their margins of 
hundreds or thousands of feet. Rift valleys cut 
across broadly arched regions and are produced hy 
the lateral extension of the rocks of these areas. 
The association of basaltic lavas with many rift 
valleys suggests that the boundary faults are major 
breaks in the crust and pass downward into the suh- 
crustal region of the earth. Rift valleys, therefore, 
have been interpreted to be a part of the major 
tectonic pattern of the earth and to be the result 
of deep-seated deforming pressures. See Africa; 
Tectonic patterns. ( i».h.o. ) 

Rigel 

Beta Orionis, a blue supergiant of spectral t\pc 
B8. Although Rigel is one of the apparently bright- 
est stars in the sky (0.2 visual magnitude), it is too 
distant to have a measurable parallax or proper 
motion. Its luminosity can be estimated as — 7 m or 
— 8 m because it has a faint companion with whidi 
it is probably physically connected. So high a 
luminosity, about 60,000 times that of the Sun. 
means that Rigel is an exceptionally voung star in 
rapid evolution, with a life span of only a few mil- 
lion years. See Star. [.f.l.ul] 

Rigid body 

An idealized extended solid whose size and shape 
are definitely fixed and remain unfltered when 
forces are applied. Treatment of the motion of a 
rigid bodv in terms of Newton’s laws of motion 
leads an understanding of certain important as- 
pect s f of the translational and rotational motion of 
real bodies without the necessity of considering the 
complications involved when changes in size and 
shape occur. Many of the principles used to trcai 
the motion of rigid bodies apply in good approxi- 
mation to the motion of real elastic solids. Ser 
Rigid-body dynamics. |d.wi.1 

Rigid-body dynamics 

A rigid body is defined as an assemblage or sWem 
of mass particles that are located rigidly with re- 
spect to one another and therefore can have no 
motion relative to each other. Motion of a rigid 
body can occur by movement of all points ol the 
body in a parallel direction through equal di^ 
tanees during a given interval of time, called trans- 
lation, or by movement of all points in circles about 
a common axis with a common angular velocity, 
called rotation, or by combined translation and ro- 
tation. 

Center of mass. The center of mass of a rigid 
body is a single point located within the body such 
that any force acting externally on the body along 
a line of action which passes through this point 
will result in pure translation, that is, no rotation 
(see Fig. 1). See Center of mass. 

In order to calculate the position of the center 
of mass, consider a rigid body divided into elemen 
tal volumes (or particles) labeled dV in Fig- 
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Each such elemental volume is located from a fixed arbitrary rigid body 

point 0 by means of a position vector r and has a 
mass density p. 

The total mass m of the rigid body can then be 
expressed by the following volume integral: 

m = f v pdV (1) 

The center of mass of the rigid body is then de- 
fined as the point within the rigid body whose posi- 
tion vector r,. is given by 

( 2 ) 

The coordinates of the mass center are then 




where Jt, y, z are the coordinates of the volume dV . 

Translational motion. If a group of forces 
push or act on a rigid body in such a way that 
the line of action of these forces passes through the 
center of mass, pure translational motion results 
(Fig. 3). If the line of action does not pass 
ihrough the center of mass, the resulting motion is 



^9- 1. Resultant motion for a force acting (a) at the 
center of mass, (b) right of the center of mass, and 
lc > left of the center of mass. The resultant motion in 
e °ch case is shown. 


Fig. 2. A rigid body of arbitrary shape may be con- 
sidered to be composed of a continuous distribution of 
volume elements. A typical volume element dV and 
position vectors are shown. 



(a) ** 


Frtsul 

Vi 

( b ) velocity of rotation 

Fig. 3. Illustration showing fa) pure translation caused 
by a resultant force passing through the center of mass 
of a rigid body and ( b ) combined translation and rota- 
tion caused by a resultant force which does not pass 
through the center of mass. 

a combination of both translation and rotation. 
However, in either case the motion of the center of 
mass of the rigid body is governed by the follow- 
ing equation, derived directly from Newton’s sec- 
ond law applied to each particle of the rigid body 
and summed for all such particles: 

SF = m.a c = m (4) 

where a f = d*x c /dt~ is the vector acceleration of 
the center of mass, and 2F is the sum of all ex- 
ternal forces acting on the rigid body. All internal 
forces sum to zero because such forces between 
particles of the body occur in equal and opposite 
pairs (Newton's third law). 

Equation (4) states that the motion of the center 
of mass of a rigid body is the same as would be 
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Fig. 4. Translational motion of projectile. The motion 
of the center of mass of the projectile in (a) is the same 
as the motion in (b) of a mass particle of equal mass 
and subjected to the same external forces. 


the case if all of the mass of the body were con- 
centrated at this mass center and all external forces 
were applied there. The motion of translation of 
Lhe center of mass of a rigid body is therefore de- 
termined by the same methods as those used to de- 
termine the motion of a particle (see Fig. 4). The 
one significant difference from particle dynamics, 
however, is that the forces are those acting on the 
actual rigid body and as such often depend upon 
the shape of the body, its orientation in space, and 
sometimes upon the time rate of change of this ori- 
entation in space. Examples are the motion of an 
airplane, dirigible, or projectile through air or of 
a submarine through water. 

The motion in translation may also he expressed 
in teims of a vector quantity called linear momen- 
tum. Because the velocity of the center of ma^s is 
given by 


V c = 


dr c 

"dt 


Eq. 4 may he written 


dv r d dP 

1F ~ m di = d t (mVc) ~i; 


( 5 ) 


where P = mv, is defined as the linear momentum 
of the rigid body. Thus the resultant external force 
F acting on a rigid body is equal to the time rate 
of change of the linear momentum of the body. 

If no external forces are acting, Eq. (5) states 
that the linear momentum of the body remains 
constant a statement of the law of conservation of 
linear momentum. See Conservation of momen- 
tum; Momentum. 

Rotational motion. If a rigid body is rotating 
about an axis fixed in space, for example, a wheel 
turning on a shaft, all points on the axis remain fixed 
while other points in or on the rigid body move in 
circular paths concentric to the axis and in planes 
perpendicular to the axis. If the angular position 
6 of any given radius OX of the body is specified 
as a function of time, then the position, velocity, 
and acceleration of every point of the body are 
known (see Fig. 5). 


As an example, if two successive positions of OX 
are taken over a small time interval At then the 
instantaneous angular velocity <o of the rigid body 
at time t (see Fig. 5 b) is specified as 

change in angular displacement of OX 
time interval 
AS dd 

- lim — = — ( 6 ) 

At- o At dt 

Similarly, the instantaneous angular acceleration 
at time t is given by 

change in angular velocity 
a = - - — . — 7 

time interval 

.. Ao) dco d 2 6 

= lim r » — = — ( 7 ) 

At— o dt dt 2 v } 

As is the case for linear velocity and accelera- 
tion, both angular velocity and acceleration are 
vectors. The vectors representing these quantities 
are drawn along the axis of rotation in a direction 
which represent* the direction of advance of a 
right-handed screw which is rotated in a manner 
designated by the angular velocity and acceleration 
respectively (see Fig. 6 ). 

If now a plane body such as a disk oi wheel is 
pictured rotating about a fixed axis, the tangential 
velocity of any point B on this body resulting horn 
the rotation is given by the vector pignluct oi tin 




Fig. 5. Wheel or disk rotating about a perpendicular 
axis through 0 , showing (a) angular quantities as func- 
tion of time, (b) instantaneous angular velocity. 



Fig. 6 . Vector representation of the angular velocity 
of (a) a rotating disk, (b) a rotating screw. 
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angular velocity to of the body and the vector dis- 
tance from the axis of rotation to the point in ques- 
tion. 


v * (8) 

( )r in this case, 

\ B - wrOi (9) 

where \b is the vector velocity of point B in a direc- 
tion normal to the radius r and angular velocity 
\ector to (see Fig. 7). This direction is designated by 
the unit vector 0i. The acceleration of point B is 
found by taking the derivative of v# in Eq. (8), or 


d\H d t K /dto \ 

a " dt "di (wXr) " (7/r Xr ) + l 

/ dr' 

) 

« (a x r) + to x (a> x r ) 


(10a) 

>r in the planar case of Fig. 7 



a/y = arOi — o> 2 rri 


(106) 


The acceleration of B is therefore composed of two 
parts — a tangential acceleration nr and a radial ac- 
( deration directed inward toward the axis of rota- 
tion equal to ut~r. 

For a three-dimensional rigid body, if the vector 
r is specified as the radius vector from any point 
on the axis of rotation to the point B , Eqs. (8) and 
1 10a) are equally valid for this case. See Acceler- 
ation; Velocity; see also Rotational motion. 

Rotation about translating axis. If a body rotates 
about an axis that is translating, for example, an 
automobile wheel or a spinning missile, the velocity 
of ea<h point is the vector sum of the velocity of 
tianslation of the axis of rotation and the velocity 
that results from the rotation about the axis 

Angular motion; angular momentum. The equa- 
tions that describe the rotational or angular motion 
of a rigid body are again derivable from Newton’ 1 
second law. In Fig. 2 a rigid body of arbitrary 
shape is located and moving in an inertial system. 
This body may be subdivided into mass particles 
dV of mass m, and Newton’s law applied to each 
particle: 


dh 
m% dt' 2 


F 


(ID 

* 


If both sides of Eq. (11) are multiplied by the 
Position vector r (by means of a cross product), 



Here the vector product (r x F) is defined as the 
nionient M or torque about the point 0 of the re- 
s ultant force F acting on dV (see Torque). Equation 
^2) may be written as follows: 






( 13 ) 



Fig. 7. Illustrating velocity of point B for a rotating 
disk. 


where r, v, and m, are the position vector, velocity, 
and mass, respectively, of the element dV . Equa- 
tion (13) is valid for each elemental particle of 
the rigid body, and b\ summing the equation for 
all such particles of the body, the equation of 
angular motion is obtained from the following: 

2M„ = (M,,) ext = ^[(rx v)p dV » (14) 

where m, has been replaced by ft dV as before. 
In Eq. (14) the expression 

J v (r x m,v ) = j v (r x v)p dV = H 0 (14a) 

is called the moment of linear momentum or the 
angular momentum about a point O of a rigid body. 
On the left-hand side of Eq. (14), the summation 
process lesults in zero foi all equal and opposite 
collinear force*- between particles (internal forces), 
and only the moment M> of the external forces 
exists. 

Equation (14) expresses the principle of angular 
momentum, that the time rate of change of angu- 
lar momentum of a rigid body about any point O 
fixed in an inertial system is equal to the resultant 
moment of external forces about the same point 0. 
If the rigid body is not acted upon by any external 
moment, the angular momentum must remain con- 
stant. This is the principle of conservation of angu- 
lar momentum. 

An important extension of the angular momen- 
tum Eq. (14) is as follows. Equation (14) is pre- 
cisely valid for the case where the angular momenta 
and the moments of external forces are taken about 
the center of mass of a rigid body, even though the 
center of mass does not remain at rest in an inertial 
system. In this case the equation is 

M, - St (15) 

where c denotes the center of mass. Equation ( 15 ) 
is useful, for example, in predicting the motior of 
a projectile moving through air under accelerated 
conditions. The angular position of the projectile 
affects the aerodynamic forces acting on the pro- 
jectile, and Eq. (15) is necessary for the solution 
of the problem. The fact that the angular equa- 
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tion can be written about the moving center of 
mass fixed within the projectile, instead of about 
some fixed point located exterior to the projectile, re- 
sults in great simplification in the analysis of the 
motion. See Ballistic s, exterior. 

Moments and products of inertia. To investigate 
the rotation of a rigid body, Eq. (14) or (15) is 
used, wherein the resultant moment and the angu- 
lar momentum are taken either about a point fixed 
in an inertial system or about the center of mass 
of the bodv. In order to handle the equations most 
easily, however, it is usually essential that the 
point about which the moments and angular mo- 
menta are calculated be fixed in the body itself. 
Therefoie, if the body contains a point fixed in an 
inertial system, this point is taken as the origin of 
a coordinate system. If no point within the body is 
fixed, then the center of mass is taken as the ori- 
gin. 

Because the same equation, (14) or (15), de- 
scribes the rotation of the body in either of these 
two cases, they are treated together. Considei a set 
of axes xyz attached to the rigid body with eithei 
a fixed point or center of mass as origin 0. The 
elements or particles of the rigid bod> are at rest 
with respect to these axes, and as a result the ve- 
locity of any element dV relative to the origin O 
( Fig. 8) is given by 


H 0 * i/[a>*(y 2 + z 2 ) — o) v xy — Wgxz\p dV 
+ j I[-o>xxy 4- w y (x 2 + z 2 ) - a> z yz\p dV 
+ k/[-a ) x xz - co v yz -f co,(x 2 + y 2 )\p dV (18) 

The values o>,, (!>„, are the same for all volume 
elements in the rigid body, and Eq. (18) can be 
rewritten in a particularly useful way: 

Ho = i (/jWi / xyWy /zfCOz) 

+ j (—lyx<*>x + lyWy ~ IyzU>z) 

4“ k(— Igx&x ~ IzyUy + IgOJf) (19) 

where 

/* = J(y 2 + Z 2 )p dV ly = S(z 2 + x 2 )p dV 

Iz= !(x 2 4 y 2 )pdV (20 > 

are called the moments of inertia of the rigid body 
about the x, y, z axis through 0, and 

Izy ~ h t* ~ J y z P dV 

/«- hx =- J xzpdv (21) 

lyx — lxy ~ jxyp dV 

are called the products of ineitia. These six quan 
tities are geometrical constants associated with 
the body and do not vary with its motion or with 
time. 

If Eq. (19) is substituted into Eq. (14) or (15) 
and the time derivatives of the moving unit vectors 
i, j\ k taken, the final equation becomes 


dr 

-- v = co Xr 

Then the angular momentum of the body about 
0, Eq. ( 14<z ) , becomes 

Ho = J(r x v)p dV = |r x (w x r )p dV ( 16 ) 

Now r and co are vectors which can be expressed 
in terms of their components along x, y, z axes*. 

r=i*fjy-bkz (]7 v 

<o = ico x 4- jojj, 4- koj* 1 ' 

Substituting Eqs. (17) into (16) gives 



Fig. 8. Rigid body of arbitrary shape with an xyz co- 
ordinate system attached at the center of mass and 
moving with the body. 


M 0 * i (//, 4- - a) z // w V 

4 - j (//,/ 4 - u z ll x - u t IL) 

4 k(// z 4- a ) x H y - u y Hj) (22^ 

wherei#/ r , //,„ and H , are the y, and z compo- 
nents of Il„ in Eq. (19). See Momi Nr oi iniriia 
Principal axes. An important theorem cxi^ 
which states that at any point in a rigid bodv it is 
possible to find and construct a set of rectangular 
coordinate axes such that the products of inertia 
vanish and only the three moments ol ineitia ex 
ist. This is the principal axis theorem, and such 
coordinates are called principal axes. In paitiruLir, 
in any rigid bodv that has two perpendicular 
planes of symmetry, the coordinate planes of flu 
principal axes coincide with the planes of svni 
nietry. 

If the principal axes are chosen for the x, y 2 
coordinate system, Eq. (22) simplifies as follows 


Mfl = i (Iz&x 4* (lz ~~ Iy)<rfyWz) 

4" jlUv^V “h tfx ” /*)c*JxWz) 

4- + (ly “ /x)WxOty) $ ) 

Equation (23) is called Euler’s equation, after 
the famous mathematician of the eighteenth cen- 
tury, and can be used to solve the majority of rigid' 
body dynamics problems. See Euler’s equations 
of motion. 

Work and energy relations. The work done b> 
the forces acting on a single mass particle ( a * 
beled i ) as the particle moves from point 1 to P oint 
2 in space is defined by the following vector eqn* 1 



r, - £ F, • dr t ( 24 ) 

where F, is the resultant vector force acting on the 
particle and dr x is the vector displacement of the 
particle as it travels from A to a neighboring point 
B in time dt (see Fig. 9). 

For a rigid body considered as a system of such 
elemental particles, the work done by all of the 
external forces acting on the rigid body (the inter- 
nal forces in a rigid body do no work) from Eqs. 
(24) and (11) is 

W i,2 = Jj 2 5 Z (F. • dr,) = jj 2 L (m x • dr x 

Thus, the change in the kinetic energy T of a 
rigid bodv in going from locations 1 to 2 in space 
is equal to the work done on the rigid body dur- 
ing this period. Or, the rate of change of kinetic 
energy of the bodv is equal to the rate at whit h 
work is done by all external forces acting on the 
body. If the forces acting are a function of the co- 
ordinates only and the work done is therefore in- 
dependent of the path the body follows (gravita- 
tional forces, for example), the system is said to be 
conservative (frictionless, without energy dissipa- 
tion). Then the work done on the body bv the 
forces acting on it, when this body moves in a 
conservative force field from locations 1 to 2 in 
space, is called the potential energy of the bodv at 
2 with respect to 1, or is equal to the negative of 
the change in potential energy of the body in pas- 
sage from 1 to 2. Then 

JFi,* = -AF a . 2 (26) 


a 
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where AFi, 2 is the change in potential energy of 
the body. From Eqs. (25) and (26) 

7*1 + F, = T 2 +V 2 ’ (27) 

Equation (27) is called the conservation of en- 
ergy equation for a conservative system wherein the 
vsum of kinetic and potential energies remains con- 
stant throughout the motion. See Conservation of 
energy; Enfrgy; Work. 

Rolling motion. The motion of a cylinder rolling 
without slipping on a surface offers an interesting 
and important application of Eqs. (4) and (23). 
If a moving coordinate system is located at the cen- 
ter of mass, as shown in Fig. 10, then <i>, = = 0 

and ( 0 / = o>. Then the equations for linear and angu- 
lar motion become 


v r di x d 2 x 0 

Lb x = ma x = m — = m -77 
dt dt 1 

0 

dci) 


(28 a) 
(286) 
(28c) 


The energy equation for such 
tern is 


a conservative sys- 


A T =- — AF (29) 


where 


T = Vz nwr -+ h Into 2 (30) 

and F is the potential energy of the cylinder. 

The specification of no slipping requires, first, 
that the cylinder complete one revolution as the 
center O advance- a distance of one circumfer- 
ence, or 



and, second, that a frictional force /, acting at the 
point of contact, is sufficiently large to create a 
moment M» that satisfies Eq. (28*/ ) . 

If the cylinder in Fig. 10, starting from rest, 
rolls without slipping down the incline under the 
influence of gravity, the motion can be determined 
from Eqs. (28) which become for this case 


IT/ ' C ^ dt'x /or»\ 

W am a - f ■* m -~r * m - - (32) 

J dt 2 dt ' 

W cos a — /V = 0 (33) 

-(34) 

where /V is the normal force and K is the radius of 
gyration such that mK 2 = I 0 (see Radius of gyra- 
tion). Substitution of Eq. (34) into (32) gives 


mg sin a 


mK 2 do) 
r dt 


dv x 
m — 
dt 


(35) 


and Eq. (31) into (35) results in 


^'9 9. Illustration of the work done by a force mov- 
,n 9 a mass particle along an arbitrary path. 


dv x g sin a 

1i ~ 1 + WJ/) " a * 


(36) 
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where g is the acceleration of gravity. The cylinder 
therefore rolls with a constant acceleration a r . 

The motion can also be determined by use of 
Eq. (29), the conservation of energy equation. 

If the frictional force / were zero, then <«> would 
be zero (see Eq. 34) and pure translation would 
take place at an acceleration of g sin a. The value 
of acceleration is therefore always less for the fric- 
tional (no slip) case but approaches the g sin a 
value when the mass of the cylinder is so concen- 
trated at the center that K — * 0. If the cylinder is 
a thin-walled tube such that K — » r, then 

dv x . 

- « y 2 g sin a 

If the cylinder is solid and uniform, K- * r 2 / 2. 
and for this case 


dv x 

~dl 


2 fig sin a 


The frictional force required to prevent slipping is 

mgK 2 sin a 
J = "> + K 2 

From Rq. (33), the normal force is 

TV = mg cos a 

Since / = /aTV where /t is defined as the coefficient 
of static friction. Rqs. (37) and (38) show that in 
order for rolling to take place without slipping 
the coefficient must he such that 


(37) 

(38) 




K 2 tan a 


(39) 


See Friction; Statics. 

Instantaneous axis. Consider a rigid body mov- 
ing in a completely general manner. A point A is 
chosen on or within the body as an arbitrary base 
point and the velocity of A denoted by Vj. The ve- 
locity of any other point B on or within the body is 
given by 


i. 

* 

% 



Fig. 1 1 . Sketch showing location of instantaneous cen- 
ter of a rigid body moving in an arbitrary manner. 


V B = V/1 | (w X rAn) (10) 

where t\b is the vector distance between A and B 
directed toward B. 11 the base point A i?> changed, 
the translational velocity v,i will he different hut the 
angular velocity g> will remain the same.^Thc vectoi 
G) pertains lo the angular motion of the body as a 
whole and is to he regarded as a free vector since it 
does not depend upon a choice of base point. 

Now, it is always possible to find a point C in space 
(not necessarily on or in the body) and an a\i fc 
through this point parallel to g> such that the velocity 
of any point B on or in the body is given at any 
instant by 

\b *= g> x r cb (1^ 

Therefore, it will also he true from Rq. (40) that 
VA = G> x rc A 



Fig. 10. Cylinder rolling down an inclined plane with- 
out slipping. 


Such a point C is called an instantaneous center 
(with an instantaneous velocity of zero) and the 
axis through C an instantaneous axis. The motion 
of a rigid body may therefore be considered a 
succession of pure rotations about the instantane- 
ous axis. 

The instantaneous axis can always be found as 
follows. If y A is the known velocity of a base point 
A (Fig. 11), then the instantaneous axis is found 
by shifting the axis of rotation to pass through a 
new point C located a vector distance r,ic f rorn ^ 
such that 

-VA = G> X VAC ^ 

For the rolling cylinder case in Fig. 10, the in- 
stantaneous center (Eq. 42) is the point of contact 
B because 

v x “ Tbx t*> 



* 



Fig 12 Block sliding down an inclined plane. 


sliding motion. Newton’s second law, the prm 
tiples of friction, and experimental values of p 
are needed to determine the motion of sliding rigid 
bodies. 

\s a simple example, tonsider the problem of a 
bloc k sliding down an inclined plane (Fig. 12) 

| he vet tor equation of motion is 


and the two scalar equations of motion for this ease 


$77 

&oWi<m txA 

gives the equations of motion. See PowsoVa 
METHOD. U-EBO.f 

Bibliography : L. Page, Introduction to Theo- 
retical Physics, 3d ed., 1952; F. W. Sears, Me- 
chanics, Heat and Sound, 2d ed., 1950; J. L. Synge 
and B. A. Griffith, Principles of Mechanics , 3d ed., 
1959. 

Ring 

A tie member or chain link. Tension or compres- 
sion applied through the renter of a ring produces 
bending moment, shear, and normal force on radial 
sections Because shear stress is zero at the bound- 
aries of the section where bending stress is maxi- 
mum. it is usually neglected. A quadrant of the 
ring is a curved bar with moments M i and at 
the ends, as illustrated. 

An approximate solution for moments at the 
ends of the quadrant neglects curvature and em- 
ploys the proceduies used for statically indeter- 
minate straight beams. The numerically larger mo- 
ment occurs at the load section A where M t ~ 
0.118 PR and Mu = 0.181 PR where P is load and 
R is radius. The variution of moment is found by 
statics in lerms of angle 0 defining the section. For 
tensile load. M r - PR (0 118 - h sin 8). Mo- 
ment at A tends to increase the curvature; the 
ring becomes flatter at B. The end moments have 
opposite signs and M = 0 near 0 = 39°. 

Important stresses occur at the inside and out- 
side of sections where the normal and bending 
stresses reach maximum values. At any section 


are 

dv d 2 x 

mgs.n0-/ = 2 t = m 
mg cos 0—^=0 
where f^ “ A 1 


C _ c . P_l m 6 

( 43 ) J - Jk-r 2A 

(44) where S, is found by nitved-bar theory and A is 
(4 -, sectional aiea. Or stresses <an be calculated from 

the corrected straight beam formula 


and //, the coefficient of sliding or kinetic friction, 
m dependent upon the materials and smoothness of 
the surfaces and ma\ he estimated from expenmen 
tal values given in the literature. 

Equations (43 45) can be solved to give the re 

suits 


v = ^(sin 6 — cos d)t -f to 
X = #(sSin 0 - cos 0)t 2 /2 + vot ^ 
f - p! (mg cos 0) 

Combined rolling and sliding. The problem ol 
a cylinder tolling down an incline is now Panted 
again for the case where Eq. (39) is not fulfilled: 
that is. if the moment of inertia of the cylinder is 
made Urge, the slope of the incline large, or the 
rvlinder radius small, the case easily arises where 

(Fig. 10) 


f K? tan a 

/v-** < P + e 


(46) 


The cylinder then rolls and slides in a manner 
governed by the principle of kinetic friction, an 
if ft' is known as an experimental coefficient, then 



Stresses in rings. 
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an an 
®21 <*22 


®ln 
«2 n 


c „ Af, , P sin 0 

s x T + -^ r 

where /£ depends on end restraints, / is moment of 
inertia, and c is distance from centroids to extreme 
element. The greatest stress (compressive for ten- 
sile load) occurs at the inside of the section where 
load is applied. Where the greatest tensile stress 
occurs depends on the ring dimensions. For a thick 
ring, whose radius of curvature is small compared 
to the dimension^, maximum tension mav occur at 
top and bottom sections, whereas for thin lings 
with relatively large radius of curvature, greatest 
tension is at the side sections perpendicular to the 
load line. Thin rings subjected to external hvdro- 
static pressure may fail by compressive buckling. 
Deflection of the ring is most convenientlv found 
by energy methods, which include the moments, 
shearing, and normal forces acting in the ring. 
Bending has the greater influence in thin rings. See 
Curved bars. [w.j.kr. ] 

Ring theory 

The mathematical term ring is used to designate a 
type of algebraic system with two compositions sat- 
isfy ing most but not all the properties of the addi- 
tion and multiplication in the system of integers, 

0. drl, ±2 In precise terms a ring is a set 

R with two binaty compositions called addition and 
multiplication whose results on an ordered pair 
n y b in /?, aie denoted b\ a t- b and ab re- 
spectively. These compositions must satisfy the fol- 
lowing conditions: 

C. a 4 b and ab belong to R (closure) 

Al. a + h = h -f- a (commutative law) 

A2. (a + b) -+ r = a + [b + r) (associative 
law) 

A3. There exists an clement 0 (called zero) in 
R satisfying a + 0 = a for every a in R. 

A4. For each a in R there exists an element —a 
(called the negative of a) in R such that « + 
(—a) = 0 . 

Ml. (ab)c = a (hr) 

D. a(b + r) = ab + ac, (b + c) a = ba + ca 
(distributive laws) 

In the ring / of integers (addition and multiplica- 
tion as usual) there are further conditions, for ex- 
ample, the commutative law of multiplication 
(ab = ba) and the cancellation law that if a ^ 0 
and ab - ar then b = r. See Set theory. 

Types of rings. The impoitanee of the concept 
of a ring stems from the fact that it enbraces many 
special cases which are fundamental in all branches 
of mathematics. Thus it includes the ring / of in- 
tegers, the ring Ro of rational numbers, the ring R* 
of real numbers, the ring C of complex numbers, 
various rings of functions, rings of matrices, and 
so on. An example of matrix rings is the following: 
Let R n # denote the collection of all the n by n ar- 
rays or matrices 



whose entries a X] are taken in the ring R # of rea j 
numbers. Two such matrices A = (a XJ ) and 
B = (b t} ) are regarded as equal if and only ]| 
a XJ = b, } for every ij =* 1, 2, . . . , n. If A = ( fl|; ), 
B = ( b,j ) then A 4- B is defined to be S = ( t $ ?J ) 
where s XJ = a X} -f b x] and AB is defined to be 
P = (p,j) where p X} = + «»2 b 2) + • • • 4 

a in b nj . The conditions C, A1-A4, M, and D are ful- 
filled, so that R n * is a ring. If n = 1 this is essen- 
tially the same as the ring /? # , but if n > 1, then 
/? T , # differs from R # because the commutative law 
of multiplication doe«f’not hold; that is, there are 
instances in which AB /- BA . The example R n * 
has a geometric counterpart, namely, the ring of 
linear transformations of an n-dimensional vector 
space. In fact these tings are isomorphic in the 
sense defined below. The first example of a ring in 
which the commutative law of multiplication does 
not hold is the system Q of quaternions intro- 
duced hv W. K. Hamilton as an appropriate tool 
for studying rotations in 3-dimensional space Thh 
system is the set of all the expressions of the form 
al + bi + cj + dk where a, b % t , d are in R # 
Addition is defined hv adding corresponding co 
efficients as in 01 dinary algebra, and multiplica- 
tion is defined to satisfy the associative and dis- 
tributive laws and the following rules for the 
quaternion units 1. 7. /. A- la = u = al for u - 1, 
z, 7, A; = j 2 = k 2 * - 1 ; ij - - ji = A, jk = 
—kj = 7, hi = —ik -]. See Quaternions. 

Tlu* conditions Al A4 on the addition composi- 
tion are exactly equivalent to the statement that 
anv ring is a commutative group relative to its ad- 
dition composition. This group is called the addi 
tive group of the ring. The algebraic system (on- 
sisting of the set of elements of a ring together 
with its multiplication composition is called the 
multiplicative semigroup of the ring. See Ghvth 
THEORY. 

Various classes of rings are singled out by im- 
posing conditions on the multiplicative semigroup. 
Thus integral domains are rings in which the prod- 
uct of nonzero elements is nonzero. Division rings 
are rings whose sets of nonzero elements are group* 
relative to the multiplication composition, and 
fields are division rings satisfying the commutative 
law of multiplication. The system of quaternion 1 ' 
Q is a noncommutative division ring; /? # and C are 
fields. Important instances of integral domains are 
the rings F[xu x 2 , . . . , x f ] of all formal polyno- 
mials in the letters x x with coefficients taken out of 
some field F. 

If R is a ring then a subring of R is a subset 
S of R which is a ring with respect to the addition 
and multiplication defined in R. The conditions tor 
this are that if s 1 and 52 belong to S then so «° 
si — sat * s\+ (— S2) ] and S1S2. In a similar man- 



ner the concept of a suhfield of a field is defined 

Ideals, difference rings, homomorphism, hi 

elementary number theory it is often important to 
*eparate the ring / of integers into subsets defined 
by a divisibility condition. For example, there are 
the ^ets of even and odd integers. More generally, 

,f m k a positive integer then the set of integers 
decomposes into m subsets / n , J rM , w b e re 

/, is the set of integers which gives the remainder 
j on division by m. Two integers a and b are in 
the same / ; if and only if a — b is divisible by m. 

If this condition holds one writes, following Gauss, 
a b (mod m) which is read, “a is congruent to b 
modulo m.” Congruences can be added and multi- 
plied, and this leads to a new ring whose elements 
are the m sets / o, / 1 , . . . , /*„ i. The study of this 
ring gives a natural setting for important results of 
number theory. 

The construction just indicated can be carried 
o\ei to anv ring R. One begins with an ideal M in 
R which is defined to be a subset of R having the 
tallowing closure properties: 

1. If rn i, m -2 are in M , then m\ — m 2 is in M. 

2. If rn is in M and a is anv element of ft, then 
am and ma are in M. If R = / the ring of integers, 
then the set M of multiples of a fixed positive in- 
Irgci rn is an ideal. 

As in this special case, two elements a % b of anv 
ring R are said to be congruent modulo an ideal 
1/ if a b is in M. The ling M can be decomposed 
into nonoverlapping congruence classes where such 
j < lass [r/] is the complete set of elements \ of 
R v\ li ic h are congruent to a fixed a. The congruence 
f lapses can be added and multiplied and are the 
elements of a new ring R 'M called the difference 
lo t factor or quotient) ring. This is flu ring ana- 
log nt the quotient group defined in the thcorv of 
groups (sec Group jhfoky). Also, as in group the- 
m v. the mapping which associates with every a ol 
R the congruence class | a] of R M is the prirm 
instance of a homomorphism. UR and R' are anv 
two rings a mapping a — > f(a) of R into ft' is a 
homomorphism if f(a-\-b) = f{a) -f fib) and 
liab) =/(a)/(6). If distinct elements have dis- 
trict images then f is called an isomorphism, and 
H and its image are said to be isomorphic. The im 
age under any homomorphism is isomorphic to the 
difference ring R/M where M is the idea^ of ele- 
ments mapped into 0. This basic result is tTie funda- 
mental theorem of homomorphism for rings. 

Advanced aspects. Ideals play an important 
foie in higher arithmetic, which deals with the 
arithmetic aspects of number fields. Ideals are also 
tasic in algebraic geometry. In fact, the theory of 
algebraic curves makes considerable use of a tyf>e 

ideal theory, called Dedekind ideal theory. whk*h 
includes the ideal theory of number fields. On the 
01 her hand, higher-dimensional algebraic geometry 
( an be founded on the ideal theory of so-called 
^oetherian rings. 

The structure theory of rings is essentially an 
analysis of the anatomy of rings. The general idea 
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is that of reducing the study of classes of rings to 
that of simpler classes. Intertwined with this is the 
theory of representations of rings. A representa- 
tion of a ring is defined to be a homomorphism of 
a ring into a ring of endornorphisms of a commuta- 
tive group. See Boolean algebra; Lattice (math- 
ematics) ; Number theory. | n.j.] 

Bibliography : E. Artin et al„ Rings with Mini - 
mum Condition , 1944; G. Birkhoff and S. Mac Lane, 
A Survev of Modern Algebra , 1941; N. Jacobson, 
Lectures in Abstract Algebra , vols. 1 and 2, 1951 
and 1955; N. Jacobson. Structure of Rings , 1956: 
I). G. Northoutt. Ideal Theoi\ , 1955; P. Samuel 
and 0. Zariski, Commutative Algebra , 1958; B. L. 
van dcr Waerden. Modern Algebra , vols. 1 and 2, 
transl. from 2d rev. German ed., 1949 1950. 

Ripple tank 

A shallow tray containing a liquid and equipped 
with a means for generating surface waves. Ripple 
tanks are used to study a number of physical phe- 
nomena which can be described in terms of wave 
mechanics. Water, acoustic, light, and "electromag- 
netic waves can be investigated with equal fa< ility. 

Theory. All wave motion can be described in 
terms ol wave peiiod 7\ or frequency / = 1 T, 
and wavelength L; hence, celeritv C oi speed of 
propagation of a wave is defined as C - //,. The 
speed of surface waves on the liquid in the ripple 
tank is dependent upon density p. surface tension 
a , and depth of liquid h , thus 

In general the ripples are produced by a wave gen- 
erator oscillating at a fixed frequency; hence the 
wavelength in the above equation ma> be replaced 
bv the fundamental relation L = C/f. Therciore 



Wave refraction at a boundary between deep and 
shallow sections of a ripple tank. 
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For a given liquid and frequency of ripple genera- 
tion, the parenthetical terms will be constants* and 
the speed of propagation will depend only upon 
liquid depth A. However, as the depth becomes 
large, the hyperbolic tangent term rapidly ap- 
proaches unity and the celerity equals a constant 
Co which also depends upon the frequency and fluid 
properties; hence 

"-(&)* + (^6 

A graph of ratio Co /C versus water depth may 
therefore be constructed to serve as the ripple- 
tank calibration. 

Analogy with wave phenomena. Diffractive phe- 
nomena associated with the propagation of sound, 
light, and electromagnetic waves can readily be 
studied in the ripple tank by observing that the 
ratio of celerities obtained above can be interpreted 
in the following manners: (1) for sound waves, 
Co /C is the acoustic index of refraction; (2) for 
light waves, C» /C is the optical index of refrac- 
tion; and (3) for electromagnetic waves, Co /C is 
the square root of the dielectric constant (for those 
materials whose magnetic permeability is near 
unity). See Rffra(TION of waves. 

Control of water depth in the ripple tank by 
contouring the bottom permits the simulation of a 
variable or discontinuous media for wave propaga- 
tion. For example, a step change in the depth as 
shown in the diagram results in a wave diffraction 
in accord with Snell’s law. Acoustical and optical 
wave diffractions have been studied in ripple tanks 
and phase fronts near two-dimensional models of 
antenna structures and radomes have also been in- 
vestigated. Ripple-tank models of large-scale water- 
wave motions in harbors and along seaeoasts can he 
useful provided that the surface tension term in the 
celerity equations is small compared with the gravi- 
tational term. Water depths of approximately 1 in. 
and frequencies of 1 ops have been used success- 
fully in this type of investigation. 

Experimental equipment. The usual ripple tank 
consists of a glass or plastic plate with vertical 
sides to contain the liquid. Electronically diiven 
probe vibrators are used to excite the water surface 
at a given frequency. Synchronously chopped light 
is directed through the tank to a ground-glass 
screen on which the phase-front shadow patterns 
appear stationary. Reflections from the walls of the 
tank are reduced to a minimum by placing folded 
wire screens and cloth around the boundaries. The 
head of a pin vibrating vertically can be made to 
serve as a radiating probe. 

If care is taken to measure and adjust water 
levels accurately, depths as small as 0.1 mm can be 
used. At an exciting frequency of 20 cps a range 
of depths of 5-0.1 mm will result in a refractive 
index of 1-2.5 which would also correspond to a 
dielectric constant of approximately 1-6. At these 
small depths only short paths along which the 


waves travel can be used because of attenuation 
of the wave. See Shadow graph of fluid flow- 
Wave motion in liquids. Ld.r.f.h.] 

Ripple voltage 

The total voltage across the load resistor of a recti- 
fier minus the average voltage across the same re 
sistor. The ripple can be expressed as a Fourier 
series. The fundamental frequency of the ripple 
voltage of single-phase half-wave circuits ia the 
same as that of the ac input. For a single-phase 
full-wave circuit the fundamental frequency j s 
twice that of the ac input voltage, while for a 
three-phase half-wave, the fundamental frequency 
is three times that of the ac supply. To reduce the 
ripple voltage a low-pass filter is usually placed 
between the rectifier and the load. The filter is 
more efficient in reducing the ripple voltage if the 
fundamental frequency of the ripple voltage is 
high. See Rectifier. [d.l.w.] 

Ritz’s combination principle 

The empirical rule (W. Ritz, 1905) that sums and 
differences of the frequencies of spectral lines 
often equal other observed frequencies. The rule is 
an immediate consequence of the quantum me 
chanical formula hf = E, — E / relating the energy 
hf of an emitted photon to the initial energy E, and 
final energy E f of the radiating sy^fem; h is 
Planck’s constant and / is the frequency of the 
emitted light. For example, the figure shows the 
photon energies A/i 2 , A/ n , A/io associated with 
transitions from level 3 to lower-lying levels, eti 



Energy levels and emitted frequencies. 
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Level 3 can radiate directly to the ground state 0 , 
emitting /« o, or it may first make a transition to 
level 2 , which subsequently radiates to the ground 
state, etc. Since the total energy emitted in these 
two alternative means of making transitions from 
3 to 0 is exactly the same, namely E 3 — £ 0 , it fol- 
lows that A/a o — A/32 + A/20. Similarly, A/30 = 
hlu + A/21 + A/10, etc. See Atomic structure and 
spectra; Quantum mechanics. |e.g.] 

River 

A water stream of natural origin which flows across 
the surface of a continent or island. A river is part 
of a river system, which drains a topographically 
related section of land surface known as a river 
basin. The system begins in the precipitation which 
falls on a rock-, soil- or vegetation-covered surface 
and immediately becomes surface runoff, or eventu- 
ally appears as snow and ice meltwater or under- 
ground drainage. Such a system may be divided into 
headwater streams, tributary streams, and the main 
stem. The headwaters are in springs, marshes, lakes, 
or small upper streams generally in the highest rel- 
ative elevation in a basin. A river ends in a mouth, 
where it may discharge into a major lake, a dry 
basin of interior drainage (playa), an inland sea, 
or the ocean. 

Terminology. Like many words which have long 
been in general use, the term “river” is somewhat 
plastic in meaning. In English usage the main stem 
of a stream system is nearly always designated as a 
river, but so are all important tributaries, and even 
mme secondary tributaries. A tributary may also be 
known as a fork, branch, or creek, and may have the 
same volume of flow as other streams called rivers. 
Smaller headwater streams are usually creeks or 
brooks. 

Rivers flow in channels or water-courses and de- 
velop many distinctive valley features by erosior 
and deposition. For details of form and character 
of these valley patterns, see Flood plains; Flu- 
vial EROSION LANDFORMS. 

boundaries of secondary 



f ' 9- 1. Maplike diagram of a drainage basin. Note 
that such basins are composed of a system of second- 
ar Y basins. 



Fig. 2. Cartographic diagram illustrating stream, di- 
vide, and basin patterns in a dendritic drainage sys- 
tem. Streams shown by black lines; divides by white. 

Rivers may be described by the pattern of the 
s>stem of which they are part, by their length, ve- 
locity, volume of discharge, and the nature of water 
flowing within them. Most rivers are part of a den- 
dritic drainage pattern, but some, responding to the 
underlying geologic structure, are in radial, annu- 
lar. rectangular or trellised (latticelike) pattern. 
In some limestone regions a kaist (enclosed de- 
pression ) drainage may be found, with under- 
ground rivers. A few rivers, such as the Nile in its 
lower reaches, are exotic, and flow for considerable 
distances without receiving drainage of any conse- 
quence from tributaries. Such river reaches always 
occur in arid regions. 

River regime and flow patterns. The regime is 
directly dependent on the climate of the region or 
regions involved. It also is influenced by the size of 
the drainage basin funneling upon the stream; the 
direction of flow; the conditions of vegetative 
cover; and the nature of the surface geology, topog- 
raphy, and soil conditions in the basin. Few if any 
streams have completely stable conditions of flow; 
the rule is variation from day to day, season to 
season, and year to year. Study of these variations 
and their causes is an important part of the science 
of hydrology (see Surface water). 

In arid regions, intermittent streams are common. 
The flow of an intermittent stream may fluctuate 
markedly from nothing to flood stage within a mat- 
ter of minutes if a storm of sufficient extent and in- 
tensity covers part or all of its drainage area. Nor- 
mally dry channels of these streams are called ar- 
royos or wadis. See Desert erosion features. 
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Under more humid climatic conditions, the chan- 
nels of streams of sufficient volume to be called 
rivers are only occasionally dry. Fluctuations of flow 
nonetheless are found everywhere. For example, 
natural flow near the mouth of the Tennessee has 
varied between 4500 and 500,000 ft ;l /sec. In middle 
latitudes the season of low flow is generally sum- 
mer, when evaporation and transpiration within the 
basin are greatest. High water may come during 
autumn, winter, or spring, depending on tempera- 
ture conditions and the time of heaviest precipita- 
tion. Storage of large volumes of water, such as 
snow over frozen ground, characteristically causes 
early spring floods in the Great Plains region of the 
United States when a rapid thaw takes place. 

Within high latitude areas of the Northern 
Hemisphere, high water inevitably occurs in spring 
on the northward flowing rivers because melting 
progresses from headwater to mouth, and the flow 
of water released upstream is barred by ice dams 
remaining downstream. The rivers of Siberia are 
notable examples of this condition with broad flood- 
ing over lowland plains. 

In low latitude areas, on the other hand, high 
water is directly related to seasonal maxima of rain- 
fall, but high altitude conditions may complicate 
the regime in most zones. Where there is a pro- 
nounced dry season, as on the Indian peninsula, 
high water occurs soon after the onset of the rainy 
season, when the moisture requirements of hitherto 
dormant vegetation are still low. In all parts of the 
world, altitudinal conditions may influence the re- 
gime of a stream in another manner. Where head- 
waters are in extensive high mountain areas with 
heavy winter accumulations of snow and ice, high 
water occurs at the season of heaviest melt, early- 
or mid-summer. The Columbia, Ganges, Indus, and 
Rhine rivers all show this influence in their regimes. 

Surface materials and the nature of vegetative 
cover also influence the regime. The more continous 
the forest or grass cover, in general the more sta- 
ble the volume of discharge. Soil conditions which 
favor easy infiltration also promote more equitable 
flow, as on the sands of the Atlantic and Gulf 
Coastal Plain of the United States. 

Water qualities. Every river is an agent of ero- 
sion as well as an agent of drainage. Many mineral 
materials other than water consequently are con- 
stantly in motion where a river flows. These mate- 
rials are transported by water in solution, in sus- 
pension, and as bed load. For discussion of stream 
erosion, transport, deposition, and associated land 
forms .see Stream transport and deposition. 

The high capacity of water as a solvent imparts 
many different qualities to river water as a solu- 
tion. The great majority of rivers are fresh water, 
but a few are saline (relatively high salt content). 
All rivers, however, contain perceptible amounts of 
mineral material in water solution. In most cases 
this is calcium, the most common cause of “hard” 
water, hut any of the elements soluble in water may 
he found, such as magnesium, potassium, sodium, 


silicon, nitrogen, and the elements which combine 
with them to form salts. The content of salts in 
solution is highest in the rivers of regions under 
desert or semiarid climates, but calcareous mate- 
rials derived from limestone may yield hard water 
in humid regions. 

Like most other bodies of water on the earth’s 
surface, a river also is a medium for the support of 
life, from bacteria and simple forms of plant life to 
fish, and amphibian, mammal, and bird wildlife. 
This capacity is related not only to the capacity of 
water to carry nutrient minerals in solution, but 
also dissolved gases and particularly oxygen. 

River management. The characteristics of rivers 
have made them important to human society. No 
other natural feature, excepting the soil, has been 
more closely tied to tfte past progress of civilization 
for the majority of human beings. Means of counter- 
acting the vagaries of flow have been an important 
part of civil engineering for centuries (.see River 
engineering). This has been true in part because 
of the attractiveness of flood plains to agricultural 
occupance, and the consequent need to avoid natu- 
ral flooding. It has also followed from man’s need 
for water storage in order to live through drought 
seasons. In modern times the problem of river man- 
agement or river control has become much more 
difficult because of the rapid increase of population, 
its concentration in dense settlements^ the vastlv 
increased disposal of wastes in rivers, and the 
larger number of purposes that rivers must serve si- 
multaneously. The general objects of river manage- 
ment aj£ the conservation of natural flow for lelease 
at the times needed b\ man. the confinement of 


Discharge, basin area, and length of some 
of the world's major rivers 



Average 
discharge, 
ft 3 / sec 

Busin 

area, 

mi 2 

Length, 

miles 

Amazon 

7,200,000 

2,772,000 

3900 

La Plata-Poranu 

2,800,000 

1,198,000 

2150 

Congo 

2,000,000 

J , 125,000 

2900 

Yangtze 

770,000 

750,000 

3100 

U a nges- B r a h m a pu t ra 

707,000 

793,000 

1800 

Mississippi-Missouri 

620,000 

1,243,700 

3892 

Mekong 

600,000 

350,000 

2600 

Mackenzie 

450,000 

682,000 

2525 

Nile 

420,000 

1.293,000 

1053 

St. Lawrence 

400,000 

565,000 

2150 

V olga 

350,000 

592,000 

2323 

Lena 

325,000 

1,169,000 

2860 

Y e nisei 

No data 

1,000,000 

3550 

Ob 

No datu 

1,000,000 

2800 

Da n u he 

315,000 

347.000 

1723 

Orinoco 

No data 

570,000 

1600 

Zambesi 

No data 

513.000 

2200 

Indus 

300,000 

372,000 

1700 

Amur 

No data 

787,000 

2900 

Niger 

No data 

584,000 

2600 

Columbia 

235,000 

258.200 

1214 

Huang 

116,000 

400.000 

2700 

Yukon 

No data 

330,000 

2100 

SAo Francisco 

No data 

252.000 

1811 

Euphrates 

No data 

430,000 

1700 

Murray-Darling 

No data 

414,000 

234s 




Adirondacks Pennsylvania 



Fig 3 Cartographic diagrams showing types of 
stream patterns. ( After A. K. Lobeck, Geomorphology , 
McGraw -Hill, 1939 ) 


flood flow to the channel and planned areas of flood- 
water stoiage. and the maintenance of water quality 
at a level which will yield the optimum benefit 
through multiple use. The techniques oi rivet man- 
agement only recently have become well under- 
stood; their practice is still very incomplete, in part 
because the economics of river development is not 
well known. Domestic river development is an im- 
portant responsibility of the United States Army 
Corps of Engineers. It also is the central responsi- 
bility of the Tennessee Valley Authority, and now 
an important objective of the Bureau of Reclama- 
tion of the Department of the Interior. 

Of the major rivers in the world (see table) none 
ls yet controlled or managed in the manner which 
modern engineering, administrative, and biological 
techniques would permit. The closest approach to 
such management iR made on some medium-sized 
breams, the Tennessee, the Rhine, and the Rhone, 
for example. Some other rivers, such as the San 
Joaquin in California, have been fully developed 
for a single purpose, irrigation. Commencing in the 
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1930s the greatest river regulation works of all his- 
tory were undertaken. The United States and the 
Soviet Union, and since 1946, France’ have been 
foremost in supporting work of this kind. Among 
the notable achievements have been the series of 
great dams on the Columbia and Missouri, and the 
regulation of the Tennessee in the United States, 
the Volga-Don Canal, the lower Volga dams and 
other works in the Soviet Union, and the Rhone 
regulation in France, 

The greatest and potentially most productive 
works remain for the futuie. These include plans 
for important work on the three largest streams of 
all, the Amazon, the La Piata-Parana, and the 
Congo. These basins contain storage and power 
generation sites of several times the capacity of the 
largest hitherto developed. Of the eight rivers hav- 
ing basins of 1,000,000 or more square miles in ex- 
tent, only the Mississippi and Nile have more than 
minor control works. Still other great streams offer- 
ing major possibilities for physical development are 
the Yenisei, Yangtze, Huang, Amur, Mekong, Chao 
Phya, Tigris-Euphrates, Niger, Zambesi, Orinoco, 
Sao Francisco, Danube, Mackenzie, and Yukon. The 
extent and timing of such development will depend 
upon economic need, availability of investment 
funds, and political cooperation. The need is patent 
for development of the Yangtze, Huang, Nile, Ni- 
ger, Tigris-Euphrates, Danube, Sao Francisco, and 
lessor streams in densely settled, underdeveloped 
areas. It is therefore probable that the latter half of 
the twentieth century will be a period of extending 
control of these streams, as political conditions 
permit. [k.a.a.] 

Bibliography: W. H. Hunter, Rivers and Estu- 
aries , 1913; P. H. Kuenen, Realms of Water, 1956: 
F. C. Lane, Earth 9 s Grandest Rivers , 1949; U.S. 
President’s Water Resources Policy Commission, 
Ten Rivers in America's Future , vol. 2, 1950; 
Large Rivers of the United States , USGS Circ. 44, 
1949. 

River engineering 

A branch of transportation engineering consisting 
of the phvsical measures which are taken to im- 
prove the liver and its banks. 

Most centers of civilization developed in the val- 
leys of the world’s rivers. The people depended on 
alluvial plains for their agricultural economy and 
upon streams for domestic water and transporta- 
tion. Subsequently, this reliance upon waterways 
has been expanded to include water for industrial 
as well as domestic consumption, to provide eco- 
nomical water power, and to utilize the river for 
waste disposal. With this expansion, use of the 
streams for ti ansportation has continued, despite 
extensive developments of other transportation fa- 
cilities. Today the improvement of rivers fo* in- 
land navigation is actively prosecuted in all parts 
of the civilized world. Inland waterway traffic within 
the United States, increased from 262.000,000 tons 
in 1947 to 384,000,000 tons in 1956. 


Rectangular drainage in > 






Fig. 1. Aerial view showing head of navigation proj- souri River near Sioux City, Iowa ( U.S Army Corps of 
ect and uncontrolled and stabilized sections of Mis- Engineers ) 


The measures that are taken to improve the river hanks at one location while building them at an- 
and its banks may include contraction of the river other. 

channel to improve navigation depths; bank stabi- Most natural sti earns are in regimen, with channe 
lization to minimize erosion which would destroy dimensions that are more or less unique to t la 

farm land, cities, and bridges; creation of slack- stream. This implies a balance between the enerM 

water pools by means of locks and dams; or com- forces of the flow, the forces required to ero e 

binations of these means. It may also include im- bed and banks, the sediment load, and possibly other 

provement of the channels to assist them in carry- factors. There is no universally accepted theory re- 

ing flood flows and regulation of the rivers’ flows by lating these factors, but, in general, a stream n 

upstream reservoir storage. In approaching the erodible alluvium will be wide and sha <jw i 

problems of river engineering, consideration must banks are readily erodible or narrow an eep 

be given to the characteristics of the stream, its the banks are erosion resistant. . , . 

slope, meandering, sediment load, flow variations, Channels may be generally classified as s ral ® ’ 
and other factors. meandering (following an alignment conjus g 

River characteristics. A stream is said to be in principally of pronounced bends), or brai e 

regimen if the major dimensions of the channel re- number of interconnected channels presenting 

main relatively constant and if it is neither ag- appearance of a braid). These forms are in 

grading (raising of the bed) nor degrading (low- by many factors, including the stream isc 

ering of the bed ) . The channel need not be fixed in the nature of the soils, and the sediment oa * ^ 

position, however; many streams in regimen are ever, they may be best correlated with t e £° 

constantly shifting their channels by eroding the the valley in which they are located. Straig 



Fig. 2. Uncontrolled river. 



Fig. 3. Pile dike contraction works. 


nels are found in valleys of either flat or steep 
slope, meandering channels occupy valleys of in- 
termediate slope, and braided channels of streams 
in regimen occur on steep slopes. Braided chan- 
nels of streams not in regimen may occur on either 
flat, intermediate, or steep slopes. 

Technical knowledge is inadequate to ex plait* 
fully the relationship between stream form and val 
ley slope, but it is necessary in river engineering to 
recognize it. For example, many attempts to im- 
prove meandering channels by excavating straight 
channels have failed because the stream immedi- 
ately began to erode its banks to reassert the mean- 
ders, meanwhile dumping excessive quantities of 
sediment into the channel downstream. In like man- 
ner, attempts to impose bends or curves on a chan- 
nel in steep slopes must be considered -with due 
raution. 

River channel improvements. These may con- 
sist of revetting the banks to prevent erosion and 
shifting of the channel, realignment of the channel 
tn provide smoother bends and a more regular 
alignment, contraction of an existent channel ( par- 
ticularly the contraction of a braided low-water 
r each to provide a single effective low-water chan- 
nel ) , the provision of slack-water pools by the 
construction of low dams and ship locks, or the 
complete excavation of a new channel. Problems in- 
volving revetment, realignment, or contraction oc- 
cur most frequently in meandering streams in ero- 
dible alluvium. 


Rivar •ng'mtaHft? SIS 

Contraction works. Used primarily to confine the 

J‘ n A tno< ^ eta ^ flows oi a wide, %ha\Vow, ot 

omded stream to a <W*\. cm- 

u action yjotYl* are required predominant^ in me- 
andering streams in erodiVAe alluvium. It is impor- 
tant that the rectified channel he planned with due 
regard to maintenance of regimen. Alignment of 
the channel should be generally similar to that of 
the existent stream, following a series of smooth 
bends rather than straight lines, and maintaining 
essentially the same channel slope. 

Structures used in contraction consist of revet- 
ment in the concave portions of bends and of guide 
structures. The latter are normally of pile dike 
or other permeable fence-type construction de- 
signed to utilize the sedimentary and erosive char- 
acteristics of the stream in the initial shaping of 
the channel (sec Stream transport and deposi- 
tion). 

Where the position of the rectified channel devi- 
ates materially from that of the original channel, 
the concave hanks of bends may be excavated and 
revetted in the dry, a pilot channel excavated, and 
the stream encouraged to scour the channel to the 
desired dimensions. In other cases, the guide struc- 
tures are constructed in stages, contracting the 
channel and causing the opposing bank to erode 
progressively to the desired location. The permea- 
hle guide structures serve to turn the current as de- 
sired yet permit deposition of sediments to build up 
the abandoned area behind them. .See Revetment. 

Locks and dams. In some streams, navigable 
depths are secured by relatively low-head dams 
which create a series of slack-water pools. Locks, 
consisting of gated chambers, are provided to pass 
boats and barges around the dams. A vessel is 
brought into the lock chamber from below the dam, 
the gates are closed, and the lock chamber is filled 
with water drawn from the upper reservoir. When 
the chamber has been filled to the level of the up- 
per pool, the upper gates are opened and the vessel 
passes through into the upper pool. The reverse 
process is followed in going from the upper pool to 
the lower pool. 

The lift of the lock may vary from a few feet 
to over 100 ft. The locks may be supplemented by 
gates through the dam. These gates may be lowered 





Fig. 4. Lock and dam at Minnelsko, Minnoiota. 
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to the stream bed to permit free navigation during 
periods of adequate flow. See Dam. 

Canals . Canals are constructed to provide con- 
nections between waterways or to bypass critical 
river reaches. They may range from essentially 
open waterways, such as the Suez Canal, to complex 
systems of excavated waterways, dams, and high 
lift locks such as the Panama Canal; or they may 
be included in a system with locks, dams, and open- 
river navigation as in the St. Lawrence River. They 
may also include channels excavated through low- 
slope braided streams or swamp areas, as in the 
Illinois River. See Canal. [d.c.b.; w.e.j.1 

Bibliography : T. Blench, Regime Behavior of 
Canals and Rivers , 1957; R. S. Rowe, Bibliography 
of Rivers and Harbors and Related Fields in Hy - 
draulic Engineering , 1953. 

River tides 

Tides that occur in rivers emptying directly into 
tidal seas. These tides show three characteristic 
modifications of ocean tides. (1) The speed at 
which the tide travels upstream depends on the 
depth of the channel, v \/gh, where v is the 
speed, g the acceleration of gravity, and h the chan- 
nel depth. (2) The further upstream, the longer 
the duration of the falling tide and the shorter the 
duration of the rising tide. (3) The range of the 
tide decreases with distance upstream. See Tide. 
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River tide curves. 

In a river the difference between the depths of 
water at high and low tides mav be relatively large, 
leading to a marked difference between the speeds 
at which high and low tides move. In the Hudson 
River the low tide (at lower high water) takes 10 
min longer than the high tide (at higher high wa- 
ter) to reach Tarry town, 24 nautical miles from 
the mouth, whereas the low tide takes 60 min 
longer than the high tide to reach Albany, 125 
nautical miles from the mouth. 

The difference in depth between various points 
on the river also partially explains the second mod- 
ification, or duration of fall and rise. In addition, 
the river flow, which may fluctuate widely, helps a 
falling tide but hinders a rising tide, increasing 
the difference in duration. At the mouth of the 
Hudson the average fall lasts 6 hours 22 min, 
whereas the average rise lasts 6 hours 3 min. At 
Tarrytown the values are 6 hours 33 min and 5 
hours 52 min, and at Albany 7 hours 21 min and 5 
hours 4 min, respectively. 



The third modification or decrease in tidal range 
upstream may be accounted for by loss of energy 
of the water through friction with the sides and 
bottom of the channel. At the mouth of the Hudson 
the average tidal range is 4.4 ft, whereas at Troy, 
131 nautical miles upstream, the range is 3.0 ft. 
Although friction always saps energy from the 
tide, if the channel becomes constricted within a 
short distance, the water may be forced into a 
smaller space, thus producing a larger tidal range. 
For example, Bristol Channel in Great Britain is 
40 miles wide at the mouth, where the average tidal 
range is 20 ft. Within 80 miles the channel nar- 
rows to 5 miles, at the mouth of the Avon River, 
where the tidal range is 33 ft. See Tidal bore. 

Tides penetrate upstream until they encounter a 
darn, rapids, or falls. In the Amazon a 10-ft tide 
at the mouth is detectable 450 nautical miles up- 
stream. See Fall line. (b.ki J 

Bibliography : A. T. Doodson and H. D. War- 
burg, Admiralty Manual of Tides y 1941; H. Lamb, 
Hydrodynamics , 1945; H. A. Marmer, Tidal Datum 
Planes , rev. ed., U.S. Coast and Geodetic Survey, 
Spec. Publ. 135, 1951; H. A. Marmer, The Tide , 
1926; J. Proudman, Dynamical Oceanography , 
1953; A. C. Redfield, The analysis of tidal phenom- 
ena in narrow embayments. Papers Phys. Oceanog 
Meteorol, , 11(4) :l-36, 1950; J. J. Stoker, Water 
Waves, 1 957. * 


Rivet 

A short ynd with a head formed on one end. A rivet 
is inserted through aligned holes in two or more 
parts to be joined; then by pressing the protrud 
ing end, a second head is formed to hold the parts 
together permanently. The first head is called the 
manufactured head and the second one the point 
In forming the point, a hold-on or dolly bar is used 
to back up the manufactured head and the rivet is 
driven, preferably by a machine riveter, For high 
grade work such as boiler-joint riveting, the rivet 



flat round button 



cooper's belt steeple 


Fig. 1. Standard rivet heads. 




before rivet set 

explosive 

Fig. 2. Two types of blind rivet. 

holes are drilled and reamed to size and the rivet is 
driven to fill the hole completely. Structural rivet- 
ing uses punched holes. 

Small rivets ( 7 4<; in. and under) are used for 
general purpose work with head forms as follows: 
flat, countersunk, button, pan. and truss (shown in 
Fig. 1). These rivets are commonly made of rivet 
steel although aluminum and copper are used for 
some applications. The fillet under the head mav 
he up to u ,v 2 in. in radius. 

Large rivets in. and over) are used for struc- 
tural work and in boiler and ship construction with 
heads as follows: round-top countersunk, button 
(most common ) , high button or acorn, pan, cone 
(truncated ), and fiat-top countersunk. 

Boiler rivets have heads similar to large rivets 
with steeple (conical) added but have different 
proportions from large-rivet heads in some cases. 

Special purpose rivets are tinners’ rivets. whi< h 
have flat heads for use in sheet-metal work; coop- 
er’s rivets, that are used for riveting hoops for 
hairels, casks, and kegs; and belt rivets, used for 
joining belt ends. 

Blind rivets are special rivets that can be set 
without access to the point. They are available in 
many designs, but are of three general types: screw, 
mandrel, and explosive (Fig. 2). In the mandrel 
l)pe, the rivet is set as the mandrel is pulled^hrough. 
In the explosive type, an explosive chatge in the 
point is set off by a special hot iron; the explosion 
expands the point and sets the rivet. 

Standard material for rivets is open-hearth steel 
(containing Mn, P, S) with tensile strength 45,- 
fiOO -55,000 psi. Standards include acceptance tests 
for cold and hot ductility and hardness. Materials 
for some special purpose rivets are aluminum and 
copper. [ p.h.b.J 

Bibliography, American Standards Association, 
American Standard for Large Rivets (V/' Nomi- 
nal Diameter and Larger) , B18.4^-1950 (R1957) ; 
ASA, American Standard for Small Solid Rivets , 
818.1-1955; T. Baumeister (ed.), Marks' Mechani ■ 
ral Engineers 9 Handbook , 6th ed„ 1958; Industrial 
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Fasteners Institute, Fasteners Data Book , 1950; 
V. H. Laughner and A. D. Hargan. Handbook of 
Fastening and Joining of Metal Parts , 1956. 

Riveted joint 

The permanent joining of two or more machine or 
structural members, usually plates, by means of 
rivets. The plates may be lapped or hutted. In the 
butt joint one or more cover plates must be used 
to accomplish the joining. One of these cover plates 
is often made wider than the other (Fig. 1). The 
rivets in the joint may be disposed in several ways 
to form single or multiple rows in a regular or 
staggered arrangement. 

Terminology. Riveted joints are described in 
terms of their dimensions. Pitch p is the distance 
between adjacent rivets along the gage line. Where 
different pitches are used on adjacent gage lines 



Fig, 1. Typical riveted joints, (a, b, c) Lapped Joints, 
(d, e) Butt joints. 




5§§ Rood runner 


the largest is the pitch for the joint. Gage line is 
the line through the centers of the rivets parallel 
to the edge of the plate. A unit strip or length is 
equal in width to the pitch. The distance p t be- 
tween two adjacent gage lines in the same plate is 
the back pitch or transverse pitch. Diagonal pitch 
Pa is the distance between adjacent rivets on ad- 
jacent gage lines. Margin m is the distance between 
a gage line and the edge of the plate. The efficiency 
of a joint is the ratio of the weakest section of a 
unit strip to the strength of the same width of 
imperforated plate. 

Stresses. Lap joints are subject to eccentric 
loading, which brings about a bending of the joint 
(Fig. 2). This in turn complicates the stress pat- 
tern on the various components in the joint, and the 
stresses calculated by straight-forward assump- 
tions of simple shear, bearing, or tensile loads must 
be increased by substantial factors to give adequate 
design stresses. 

A riveted joint in tension may fail in one of 
several ways (Fig. 3). In butt joints with two or 
more plates and two or more rows of rivets the 



Fig. 2. Eccentric loading bends a lap joint 



Fig. 3. A riveted joint may fail from (a) shear, (b) rup- 
ture, (c) crushing of rivet or plate, id) double shear 
through the margin, (e) rupture of the margin, or ( f ) zig- 
zag tension. 



joint strength calculation is complicated by the un- 
certainty of the division of the load between the 
vaiious rivets. Although the strength of a joint is 
usually considered to be a function onlv of the 
strength of the rivets and plate, friction between 
the plates accounts for a large but indeterminate 
amount of load capacity. 

Strength of riveted joint. The foiee F that a 
lapped riveted joint (Fig 4) can sustain depends 
on the stress S that can be withstood by the materi- 
als of whit h it is built and their dimensions ( s< e 
SlRLNGTH OF MAILRIALs). Thus, the strength of 
the solid plate is F = pkS. Tensile strength F at 
the outer gage line is F, ~ (p — d) hS. Similarly 
shear strength F* of all rivets is 

F 6 - (2n 2 — /ii)7rd 2 S,/4 

in which n i is the number of rivets in single shear. 
n 2 is the number of rivets in double shear, and d 
is the rivet diameter, assuming all rivets to be the 
same size. The crushing strength of rivets is 

F r = (n 2 h 4- n\h 2 )dS < 

where h 2 is thickness of wider strap. 

For maximum efficiency e of a joint. Ft = F, - 
F„. Under this optimum condition 

[n 2 4- (nih 2 /h)]S r 
[«,' + (n^t /h)\S e + S 

Resistance in shear does not appear in the equa- 
tion for maximum efficiency. See Bolted joint : 
Joint (mechanical); Structural connections ; 
WfcLDFD JOINT. [l.S.L 

Road runner 

A bird. Geococcyx calif or nianiis , a member of the 
family Cuculidae, the cuckoos. The road runner is a 
rather odd-looking chickenlike bird, with a long 
tail, moderately long neck, and strong legs. I* lb 
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The road runner. Geococcyx califormanus; length to 2 
ft. (From E. L. Palmer , Fie/dbook of Natural History , 
McGraw-Hill, 1949) 

terrestrial, and runs to escape its enemies, espc- 
< iallv man, attaining speeds up to 18 mph. 

Road runners feed primarily upon snakes, lizards, 
scorpions, and insects. They sometimes destroy 
bird eggs and for this reason are considered harm- 
ful, hut such eggs are a very minor part of their 
diet. 

This strange bird lives in the arid plains of the 
West from western Kansas and Colorado south- 
ward into Mexico. See Cue koo; Ci < uui orivus. 

[.I-D.B. | 

Robin 

The most familiar of all American songbirds. T Ur- 
dus migrator! us. a member of the thrush family 
The robin derives its name from a superficial re- 



The robin, T urdus migratorius ; length to lO’Ti in. (From 
E L. Palmer, Fieldbook of Natural History, McGraw-Hill, 
1949) 

• 

’Hnblance to the European robin. The robin nests 
throughout North America from the tree limit 
southward, except the southern portion of the 
coastal plain. In the fall it usually migrates out of 
touch of this territory and congregates for the win- 
ter in great roosts in the southern United States, 
to the central states some individuals may migrate, 
w hile others seek shelter in the river valleys and 


reappear in towns and uplands early in the spring, 
or during warm spells in winter. See Passeri- 
formes. f J.D.B.] 

Rochelle salt 

Sodium potassium tartrate tetrahydrate, 

KNaC,H(0 tt -4H 2 0 

a crystalline solid known for its anomalously large 
dielectric constant and piezoelectric response for 
an electric field along the crystallographic a axis. 
Because of its large piezoelectric effect, Rochelle 
9alt is widely used in micro f hones, earphones, and 
phonograph pickup cartridges. See Piezoelec- 
tricity. 

Between two critical temperatures (Curie 
points), — 18°C and 4-24°C, Rochelle salt is spon- 
taneously electrically polarized along the a axis: 
that is, it has a permanent electric dipole moment. 
A macroscopic Rochelle salt crystal consists in gen- 
eral of regions with opposite spontaneous polari- 
zation (domains). The spontaneous polarization 
can he aligned and reversed in the whole crystal 
by an electric field along the a axis or by a shear 
stress in the plane perpendicular to the a axis. 
See Ferrofli < rnics. 

Rochelle salt is susceptible to damage bv ex- 
tremes of relative ambient humidity, losing water 
of crystallization from its surface in air below 35% 
humidity (25°C). and going into solution in water 
absorbed from ambient air at humidities above 
85'/ . It is also damaged bv temperatures approach- 
ing 55 °C (130°F) at which point it loses water 
of crystallization and breaks up into sodium and 
potassium tartrate. [w.K.'] 

Bibliography: W. P. Mason, Piezoelectric Crys- 
tals and Their Application to Ultrasonics , 1950. 

Rock 

A relatively common aggregate of mineral grains. 
Some rocks consist essentially of but one mineral 
species (monomineralic, such as quartzite, com- 
posed of quartz) ; others consist of two or more 
mineials ( polvmineralic. such as granite, composed 
of quartz, feldspar, and biotite). Rock names are 
not given for those rare combinations of minerals 
that constitute ore deposits, such as quartz, pyrite. 
and gold. In the popular sense rock is considered 
also to denote a compact substance, one with some 
coherence; but geologically, friable volcanic* ash 
also is a rock. A genetic classification of rocks is 
shown in the following list. 

Igneous 

Intrusive 

Plutonic (deep) 

Hypabyssal (shallow) 

Extrusive 

Flow 

Pyroclastic (explosive) 

Sedimentary 

Clastic (mechanical or detrital) 

Chemical (crystalline or precipitated) 
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Rock 


Organic (biogenic) 

Metamorphic 

Cataclastic 

Contact metamorphic and pyrometasomatic 

Regional metamorphic (dynamoihermal ) 

Hybrid 

Metasomatic 

Migmatitic 

Exceptions to the requirement that rocks consist 
of minerals are obsidian, a volcanic rock consisting 
of glass; and coal, a sedimentary rock which is a 
mixture of organic compounds. See Coal; Vol- 
canic glass. 

Igneous rocks. Igneous rocks are those that 
have solidified from a molten condition. The parent 
material is magma a natural, hot. mutual solution 
of silicates with minor amounts of watet and other 
volatiles. Igneous rocks are divided into those 
which crystallized before magma reached the earth’s 
surface (intrusive rocks) and those that solidified 
at the surface, some as layers of lava (the extrusive 
flow rocks) and others as pyroclastic debris in ex- 
plosive eruption (Table 1). See Magma; Pyho- 
(_ LA STIC ROCKS. 

Chief elements in igneous rocks are oxy- 
gen (0), silicon (Si ), aluminum (Al),iron (Fe), 
magnesium (Mg), calcium (Ca), sodium (Na), 
and potassium (K). Compositions range from about 
40 °/ SiO-j ( peridotites ) to as much as 70 c 'r> SiO:» 
(granites). Silica-poor rocks contain relatively 
large amounts of Ca, Mg, and Fe J (basic rocks), 
whereas silica-rich types contain larger amounts of 
Na and K ( acidic rocks ) . See Igneous ro( ks. 

Sedimentary rocks. Clastic sedimentary rocks 
(consisting of mechanically transported particles) 
are subdivided on the basis of particle size (Ta- 
ble 2). Those having intermediate and fine-grain 
sizes are lurther subdivided on the basis of composi- 
tion (Fig. 1). Other significant clastic rocks are 
those consisting of detrital calcite. the calearenites 
and calcilutites. .See Calcareniil. 

Textures of clastic rocks derive from grain size, 
sorting, form, and arrangement. Form includes 
sphericity (shape), the degree to which a particle 


Table 2. Size classification of clastic sedimentary 
particles and aggregates 


Size, mm 

Particle 

Aggregate 

Greater than 256 

Boulder 

Gravel, conglomerate 
(psephite, rudile) 

256-64 

Cobble 

Breccia (angular) 

64-4 

Pebble 


4-2 

Course sand 

Sandstone (psammitc, 
arenite) 

2-i G 

Sand 


\ \ 

Silt 

Siltatone (petite, lutitey 

Less than ‘ 2 s6 

Clay 

Clay 

Shale 


approximates a sphere; and roundness, the meas- 
urement of the sharpness of edges and corner^. 
Only glacial sedimentary rocks (tillite) do not 
show layering or stratification. 

Chemical sedimentary rocks are those precipi- 
tated from ocean, lake, and ground waters. The 
most important ones are shown in the following 
list. 

Rock 
Chert 
Limestone 
'Travertine (spring 
deposit) 

Dolomite 
Phosphorite 
Salines (evaporites) 

Rock salt 
Rock anhydrite 
Ruck g>psurn 

Orga/fic sedimentary rocks include (1) siliceous 
types made up of opaline tests of diatoms, diatomite. 
or radiolaria, radiolarite ; (2) calcareous tvpes. ion 
sisting of calcite shells shell limestone and to 
quina; and (3) carbonaceous tvpes coal and otliri 
accumulations of altered plant debris. See Shji- 
MLN1ARY ROCKS; SEDIMENTATION ( GEOLOGY ) . 

Metamorphic rocks. Metamorphic rocks owe 
their complexity of composition and texture not 
only to the existence of several types of incta* 
morphisrn but also to the application of these tvpes 
under different intensities to a variety of parent 


Chief mineral 
Chalcedony, Si ()*2 
Calcite, CaCOa 
Calcite, GdCO (i 

Dolomite, CaMg(C (){)'2 
Apatite, ( ,a 10 (P< ) 4 ) r>(G( ) j) 1^ 

Halite, NaCl 
Anhydrite, CaS() 4 

Gy ps u m , ( ,aS ( ) 4 211 >0 


Table 1. Simplified classification of major igneous rocks on the basis of composition and texture 


SU) 2 -rich (acidic)* - — — ♦SiCVpoor (ba.iii ) 

Light colored* Gray -Dark colored — ►Blaik 


Quartz, Potash feldspar, Sodic plagioclase, Augite, olivine, Olivine, 

Mineral potash feldspar, biotite, or hornblende, or hypersthene, enstatiK 

composition biotite amphibole augite calcic plagioclase augite 

Intrusive 

Medium-grained Granite* Syenite Diorite Gabbro Peridotite 


Extrusive 


Fine-grained to 
aphanitic 
Porphyritie 
Glassy 
Vesicular 
Fragmental 


Rhyolite Trachyte Andesite Basalt 

< Felsite — ► 

Rhyolite porphyry Trachyte porphyry Andesite porphyry Basalt porphyry 
Obsidian 

Pumice Scoria 

Tuff and agglomerate of each type 


Exceptionally coarse-grained rock of general granitic composition is pegmatite. 
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Table 3. Simplified classification of metamorphic rocks, with selected examples 


Parent rocks 

Contact 

metamorphism 

IjOW grade 

Regional raetarnorphism 

Intermediate grade 

High grade 

sandstone, arkose Quartzite (quartz) 

Quartzite and quartz-feldspar gneiss 


Shale 

Ilornfels (andalusite, 

Slate, phyllite. 

Mica schist (biotite, 

Sillimanite gneiss 


cordicrite) 

(chlorite, 

garnet, kyanite, 

(sillimanite, alman- 



muscovite) 

staurolite) 

dite) 

Limestone 

Marble (calcite) 

Marble and calc-silicate gneiss 




f Calcite, treinolite) 

(Calcite, woltas- 

(Calcite, diopside. 




tonite) 

anorthite) 

Basalt 

Ilornfels (plagio- 

Greenschist fchlo- 

A m phi bole schist, 

Amphibolite (andes- 


clase, hypersthene) 

rite, nlhite, epidote) 

(plngioclase. 

ine, hornblende, 




actinolite) 

garnet) 


rocks; thus, both sedimentary and igneous rocks 
niav he metamorphosed (Table 3). Regional met- 
amorphic rocks are distinguished by foliation, a 
parallel onentation of platv or prismatic minerals. 
See Metamorfhk rocks; Mfi amorphism. 

Physical properties and behavior. When 
stresses are applied to rocks, eilher natural (those 
active in mountain building) oi man-made, result- 
ing from loading with structures (such dams) 
deformation (strain) may result. Rocks subjected 
to stress noimallv undergo three deformation 
stages: (1) elastic— the rock returns to its original 
si/e or shape upon withdrawal of stress; (2) plastic 
beyond a limiting stress (elastic' limit) there is 
oiilv paitial restoration upon stress removal: and 
( 1) fracture — breakage with further increase in 
stiess. With increases in confining pressure (load 
of overlying rocks) and temperature, the interval 
between the elastic limit and fracture increases. 
Thus rocks that behave as brittle sub*-* antes near 


clay minerals, 
seriate, chlorite 



Classification of psammitic and politic rocks based on 
Proportions of three most common clastic minerals: 
Quartz, feldspars, and clays— excluding calcilutites and 
c alcarenites. (From E. W. Heinrich, Microscopic Pe- 
lr °graphy, McGraw-Hill, 1956) 


Table 4. Physical properties of some common rocks 


Rock 

Specific 
Kravil y 

Poroftit y, 

Gompreasive 
strength, pai 

TotiHile 
strength, p»i 

Igneous 





Granite 

2 67 

1 

30.000 50 000 

500 1000 

Husull 

2 75 

1 

25,000 30,000 


Sedimentary 


' 


SamlHtMiie 

2 1 2 5 

5 50 

5.000 1 5 000 

100 200 

Shale 

1 V 2 4 

7-25 

5.000 10.000 


Limestone 

2 2 2 5 

2 20 

2,000 20.000 

400 850 

Metamorphic 




Marble 

2 5 2 8 

0 5 2 

10 000 30 000 

700 1000 

Qimrt/ile 

2 5 2 6 

1 2 

15 000 40 000 


Slate 

2 6 2 8 

0 5 5 

15,000 30 000 



the earth’s surface, failing by fracturing, will, at 
depth, be deformed plastically by solid flow. The 
effects of stress depend on physical properties 
(Table 4). See Lngini ering geology ; Rock me- 
chanics; Strut i ijral geology. 

The rock cycle. Igneous rocks exposed at the 
earth’s surface are ••ubject to weathering, which al- 
ters them chemically and physically . Such material 
when transported, deposited, and consolidated be- 
comes ^edimentarv rock, which, through heat and 
pressure, may be converted to metamorphic rock. 
Both sedimentary and metamorphic rocks also may 
he weathered and transformed into younger sedi- 
ments. Deeply buried metamorphic rocks may be 
lemelted to yield new igneous material. See Litho- 
SPERE. GFOCHEMISTRY OF; See also PETROGRAPHY; 
Pftroi ogy ; Stone and stone products. | e.w.h.] 

Rock (age determination) 

The determination of the time of formation of 
crustal rocks. Absolute rock age determination be- 
came possible, in principle, with the discovery of 
radioactivity. Prior to this discovery, the methods 
of stratigraphy and paleontology provided the only 
means of determining time of rock formation. These 
methods were and still are useful in establishing 
the sequence of events and in defining the succes- 
sions of strata. They aid in piecing together 1 ' the 
geologic time scale, but provide only a relative 
geochronology. See Dating methods; Geological 
time scale; Radioactivity. 

Theory. All modern isotopic methods of age de- 
termination depend on the following principles. 
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The average rate of disintegration of a large num- 
ber of radioactive atoms of a given kind is constant. 
The mathematical relationship is — dN/dt = A N, 
where N is the number of atoms of this kind present 
and A is the disintegration constant. This rate can 
be accurately measured in the laboratory by deter- 
mining the number of atoms decaying per unit time 
for a given total number of atoms. The rate is not 
altered by any physical or chemical conditions to 
which a crustal rock could have been subjected 
since its origin. In the simplest case a mineral con- 
taining radioactive parent atoms A but not stable 
daughter atoms B, crystallizes from a silicate melt 
during the formation of an igneous rock. The longer 
the time interval between mineral formation and 
measurement, the larger the ratio of B/A. The age 
relationship is given precisely by 



where T is the age (generally given in millions of 
years). The rate of radioactive disintegration is 
also given bv the half-life of the isotope, that is, the 
time required for half of the existing number of 
atoms to disintegrate. The half-life (t\/z) is related 
to the decay constant by 1 1/2 = .693/A. For prac- 
tical purposes the half-life of a radioactive isotope 
must be the same order of magnitude as the time 
span to he measured. Thus isotopes of interest for 
geochronology must have half-lives ranging from 
thousands of years (for the study of recent geologi- 
cal and archeological event?) to hundreds of mil- 
lions of years (for ancient rocks and the age of the 
earth). Providing the parent (A) and daughter 
(B) atoms are quantitatively separated at the time 
of mineral formation and that the mineral has re- 
mained a closed chemical system during its history, 
an absolute age can be obtained the accuracy of 
which is only limited by the uncertainties in the 
chemical and isotopic analyses of A and B and in 


the half-life. Under the most favorable conditions 
the age determinations can be made to within a few 
per cent even for a rock thousands of millions of 
years old. 

The early phase of quantitative age determination 
based on radioactivity occurred between 1900 and 
1938. During this period work was restricted to the 
measurement of lead-uranium ratios in uranium 
minerals and in helium-uranium ratios in a variety 
of mineral and rock types. This pioneer work 
established the order of magnitude of the geologic 
time scale and provided the first age measurements 
for many geologic provinces. It suffered from rela- 
tively crude analytical methods that were available, 
inadequate knowledge of the nuclear phenomena 
involved, and the absence of reliable criteria for 
identifying chemical alteration or the incorporation 
of daughter product of the isotopic clocks at the 
time of mineral formation. 

Modern isotopic geochronometry began with the 
first comprehensive and precise measurement of 
the lead isotopes in uranium and lead minerals bv 
A. O. Nier and his coworkers in 1939. The develop- 
ment of the instrumentation and analytical pro- 
cedures for rnicroassay by the isotope dilution 
method and the precise measurement of the isotopic 
composition made possible the discovery and appli- 
cation of a number of isotopic chronometers apart 
from the uranium-lead system. The possibility of 
obtaining independent age estimates from different 
mineral phases provided the necessary criteria for 
demonstrating a closed chemical system and for 
detecting primary contaminants. In addition, valu- 
able geochemical information could he obtained 
from partially open mineral systems. 

The most important age determination methods 
are summarized in Table 1. The U-Pb (uranium- 
lead), Rk-Sr (rubidium-strontium), K-Ar (potas- 
sium-argon), and C' 4 (carbon-14) methods ha\e 
been shown to yield reliable results on suitable 


Table 1. Methods of quantitative geochronometry 


Method 

T,/ 2 , years 

Effective 
range in years 

Applicable minerals or rocks 


Rb 87 -Sr 87 

5.0 X 10 1 " 

TV- 10* 

Muscovite, hiotite, K -feldspar, 



1.3 X io»t 

7V10 4 

lepidolite, glauconite 

Muscovite, hiotite, glauconite 


lJ m -Pl>*> 7 

4.5 X 10* ) 
0.71 X 10» } 

7V10 7 

Uraninite, rnonazite, zircon, black 


T)i“-Ph*» 

C' 4 

1.39 X 10 l »j 
5.6 X 10 3 

50,000- present 

shale 

Carbon-bearing materials once in 


U, Th-lle 

K^-Ca 40 

1.3 X 10>t 

T 0 -10 6 (?) 

T 0 -10*(i>) 

contact with the atmosphere- 
biosphere system 

Possibly sulfides and magnetite 
Sylvite 


Pb W7 -Pb*>« 

Radiation damage 
Cl 36 

2 X 10 s 

T 0 -10 8 

Uncertain 

Uncertain 

Galena, lead in pyrite 

Zircon, samarskite 

Chlorine-rich rocks exposed to 


IP 

12 

50 present 

cosmic-ray neutrons 

Ground water 


Ionium 

8 X 10 4 

4 X 10 6 -present 

Deep-sea sediments 


Re l87 -Os 187 

6 X 10‘°(?) 

To-? 

Old molybdenites 


Lu l7 Mlf 178 

2 X 10*» 

To-? 

Old rare-earth minerals 




To is the age of the earth (about 4.6 X 10 9 years). t Total half-life. 



Table 2. Comparison of isotopic ages, 10 s years, 
obtained by different methods* 


Locality 

K-Ar 

Rb-Sr 

lJSK.pb>M 

[j2U_Pb»7 

Beartooth Mts . Monl. 

2500 M 

2740 M 

2600 U 

2640 V 

Keystone, 8.1). 

1570 M 

1690 M 

1610 U 

1620 U 

Wilberforco, Out. 

960 B 

1020 B 

1020 IJ 

1020 U 

Good house. South Africa 

920 B 


930 Mo 

915 Mo 

Wichita Mta.. Okla. 

460 B 

510 R 

517 Z 

525 Z 

Redstone, N.H 

168 B 

190 B 

187 Z 

184 Z 


* Decay constants name an in Table 1 : B » biotite, M = mus- 
covite, Mo * monazite, U ■* urnninile, Z ■* zircon 


samples and have permitted the construction of 
absolute geologic history in many areas of the 
world. These methods can span all of earth history, 
although the analytical errors in the K-Ar method 
for ages below 10 7 years become rather large. All 
other methods require further research before 
they can be established as useful geochronometers. 

The U-Pb, Rb-Sr, and K-Ar methods are dis- 
cussed in some detail later. Table 2 gives the 
isotopic ages obtained by the three primary chro- 
nometers on unaltered rocks of various ages. The 
results agree within the uncertainties of analysis 
and decay constants. For the C M method see 
Radiocarbon dating. 

Rubidium-strontium method. The radioactive 
transformation of Rb H7 to Sr H7 by /?-decay pro- 
vides one of the most reliable and useful isotopic 
geochronometers, particularly for older rocks. The 
method can be applied to Cenozoic rocks, providing 
a sufficiently high Rh/Sr ratio is present as in 
lepidolite. Ordinary biotite in granites as young as 
Mesozoic can he dated by the Rb-Sr transformation. 
The soft energy of the Rb 87 /2-particles produces 
negligible radiation damage, so that mineral phases 
which can be dated by this method are intact even 
in the oldest rocks. The Rb-Sr method has been 
applied successfully to muscovite and biotite in a 
great variety of igneous and metamorphie rocks 
and to all potash-micas, pollucite, rhodizite, am«- 
mnite, and perthite in pegmatites. There are many 
other potassium minerals in igneous and meta- 
innrphie rocks that may be used, including ortho- 
Hasp, sanidine, leucite, and phlogopite, provided 
the ratio of rubidium to common strontium is large 
enough for the age involved. Glauconite appears 
promising for dating sedimentary rocks. The ratio 
of rubidium to common strontium in some stony 
meteorites is high enough for age detewninations 
*o be made on the whole rock. 

Assuming a half-life of 5.0 X 10 10 vears, which 
|s probably accurate to at least ±6%, the age 
Simula for the Rb-Sr method is 

r=7.2xl0Mn[ S R r "* + l] 

where T is the isotopic age in millions of years, 
Rh 87 and Sr 87 * are the number of radioactive 
rubidium and radiogenic strontium atoms, respec- 
tively. The isotopic age is the true age if no altera- 
tion has occurred during the history of the mineral. 
The total rubidium and strontium contents of the 
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sample are obtained with accuracies of 1-3% by 
routine, but sophisticated, isotope dilution tech- 
niques. The isotopic composition of the strontium 
in the sample must be analyzed separately. The 
Rb 87 can then be readily obtained from the known 
isotopic composition of natural rubidium; that 
is, Rb 8,r ’ = 72.15% and Rb 87 = 27.85%. The cal- 
culation of the radiogenic Sr 87 * content is more 
complex because all rubidium-bearing minerals 
also contain measurable common strontium which 
was incorporated at the time of mineral formation. 
The isotopic composition of strontium in modern 
ocean water is Sr 88 = 82.5%, Sr 87 * 7.02^, and 
Sr*° = 9 85%. In the rock-lorming environment 
the isotopic composition of the common strontium 
has generally not changed significantly with time, 
so that the Sr SH abundance in the sample whose 
age is to be determined can be used to determine 
the fraction of the total Sr 87 that was incorporated 
at the time of mineral formation. The difference is 
the radiogenic Sr s7 *. In the event that there is a 
question about the isotopic composition of the com- 
mon strontium incorporated into the rjibidium-rich 
mineral at the time of formation, a rubidium-poor 
but strontium-rich phase such as plagioclase or 
apatite may be analyzed isotopically for strontium. 

It is evident that as the ratio of rubidium to com- 
mon strontium m a rock increases, the error in the 
determination of the radiogenic Sr 87 * will increase. 
Thus in order to obtain an isotopic age that is 
analytically accurate to ±5 %, assuming that the 
isotopic composition of the strontium can be meas- 
ured to ±0.5%, the ratio of rubidium to common 
strontium would have to he at least 10 for a mineral 
1,800,000,000 years old, but at least 100 for a 
mineral 180,000,000 years old. 

The Sr 87 */Rb 87 ratio appears to remain un- 
affected in feldspar unless recrvstallization occurs. 
In biotite, however, there is some evidence that 
alteration may take place at lower temperatures, 
possibly involving base exchange phenomena. If 
Rb-Sr ages on cogenetic mica and feldspar agree, 
it is strong evidence of a real date of the last 
metamorphie or igneous event. 

Potassium-argon method. The radioactive iso- 
tope of potassium. K 40 , decays bv /3-emission to 
Ca 10 and by K-electron capture to Ar 40 . The decay 
to Ca 10 has only restricted value in geochronology 
because common calcium is largely Ca 40 and most 
potassium minerals contain significant amounts of 
calcium. The argon part of the decay is particularly 
attractive because potassium minerals appear to 
form without incorporating any primary argon 
from their environment and the analytical methods 
for argon determination are extremely sensitive. 
The widespread occurrence of potassium minerals 
suggests that the method can be applied to virtually 
all rock complexes. Using the decay constant# for 
the separate branches of the disintegration of 
K 40 , K 88 0.584 X 10~ 4 /10 c years and K 0 = 
4.72 X 10~ 4 /10° years the age equation becomes „ 

T (in 10 fl years) - 1885 In (1 + 9.10 Ar 4 VK*>) 
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The K 40 isotopic abundance is constant 
(0.0119% ) in natural potassium so that this isotope 
may be determined by standard wet-chemical 
methods. The Ar 40 is determined by the isotope 
dilution method after it is released quantitatively 
from the mineral by fusion. Correction is made for 
contamination by Ar 40 from air by monitoring the 
Ar™ in the sample gas. Isotopic ages may be deter- 
mined by this method over most of geologic time 
with an accuracy of a few per cent. For young 
minerals the atmospheric correction becomes a 
limiting factor. 

At low temperatures mica appears to retain 
essentially all of its radiogenic argon (Table 2). 
At elevated temperatures diffusion mav cause par- 
tial loss of radiogenic argon. This has been ob- 
served in field tests along the border of a younger 
metamorphic belt that is superimposed on a pre- 
existing basement. 

Other minerals such as feldspar, lepidolite, and 
glauconite do not appear to hold all of the radio- 
genic argon. It may be, however, that criteria can 
he developed for estimating the degree of retention 
for various structural types. Measurements on these 
minerals and whole rocks (particularly basalts and 
siliceous effusives) yield minimum ages only, hut 
these may be of great value for certain geological 
problems. 

Uranium-lead method. The method based on 
the decay of the thorium and uranium to lead is 
the oldest and most elegant; it involves two or 
three radioactive isotopes U 23 \ U 23 ” 1 and Th 232 , to 
three distinct isotopes of lead. In pitchblende the 
thorium content is negligible but in most other 
uranium or thorium minerals both elements are 
present in sufficient quantities for analysis. Each 
of the above isotopes decays through a series of 
8 12 isotopes until a stable lead isotope is pro- 
duced, PI)- 00 , Pb J07 , and Pb~ ow , respectively. The 
intermediate isotopes all have much shorter half- 
lives than the parent isotopes so that except for 
alteration effects the chronometers may be con- 
sidered as simple parent-daughter decay systems of 
U MS to Pb- 0,; . 

The presence of two uranium isotopes with differ- 
ent half-lives and different chemical intermediates 
with distinctive nuclear properties provides a mu- 
tual check on the reliability of the ages obtained. 
Any chemical alteration in the system will affect 
the apparent uranium-to-lead isotopic ratios in such 
a way that the calculated ages will differ. Such a 
discordance can be used to evaluate the nature, 
time, and extent of alteration if sufficient data are 
available. Concordance among these ratios is strong 
evidence that a true age has been obtained. 

The age determination consists of analyzing the 
sample for total uranium, thorium, and lead by the 
isotope dilution method and for its lead isotopic 
composition. There is only one significant isotope 
of thorium (Th 232 ) and two of uranium (U 238 and 
U 23fi ) in constant proportion so that these quan- 
tities are readily calculated from the chemical 
analysis. The lead presents a more complex prob- 


lem because nearly all uranium and thorium min- 
erals incorporate at least small quantities of com- 
mon rock lead at the time of formation. This rock 
lead contains Pb 204 , Pb 206 , Pb 207 , and Pb 208 . Al] 
of these isotopes were present in the primeval lead 
of the earth but additional Pb 206 , Pb 207 . and 
Pb 208 have been added throughout earth history ^ 
a result of the radioactive decay of U 238 , U 235 and 
Th 232 in the crust and mantle. The ratios of Pb 20b / 
Pb 204 , Pb 207 /Pb 204 , and Pb 2 <>YPb 2 « 4 are there- 
fore a function of time. They have increased only 
slowly and therefore it is generally sufficient to use 
the average crustal value at the approximate time 
of mineral formation in order to make the corrcc- 
tion for the incorporated lead. If necessary, a more 
precise correction can be made by analyzing the 
lead isotopic composition in a uranium-free min- 
eral that is cogenetic with the uranium mineral. 
7'hus if the lead isotopic ratios in the sample and 
in the contaminating common lead are known, the 
quantity of the radiogenic isotopes Pb 20fi , Pb* 07 , 
and Pb 20H may be derived. The ages are then cal- 
culated using equations analogous to that shown 
above for the simple decay of Rb 37 to Sr* 7 . Sec 
Isotope dilution techniques; Lead isotopes, 
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In some cases such as those in Table 2, the iso- 
topic ages obtained from the uranium isotopes 
agree within the experimental error. This appears 
generally true for large fresh uraninite crystals 
from pegmatites in areas that have not been sub- 
jected to any later thermal effects. In many cases, 
however, significant discordance occurs. Most often 
this is due to selective lead loss, but loss of inter- 
mediate decay products may also play a significant 
role. By examining different minerals and different 
samples of the same mineral it is possible to re- 
construct the geochemical history as well as the 
original age of the mineral. 

Although the original use of the U-Pb method 
was to date pegmatite crystals or pitchblende veins 
in metallic ores, the most important application 
appears to be to accessory zircon crystals in igne- 
ous and metamorphic rocks. Some attempts have 
been made to apply the method to date uranium- 
rich black shales but the high common-lead content 
and ease of alteration make a precise determination 
difficult. 

The variation of the average lead isotopic com- 
position in the crust has been useful in obtaining 
the approximate ages of ore deposits. The U-Ph 
method has also been found applicable to the age 
of meteorites. See Earth (age of); Meteorite; 
see also Radioactive minerals. f j.l.k.] 

Bibliography : L. T. Aldrich and G. W. Wetherill- 
Geochronology by radioactive decay, Ann. Rev- 
Nuclear Sa\ , 8:257-298, 1958; J. L. Kulp, Quanti- 
tative Geochronometry , 1962. 

Rock magnetism 

The induced and permanent magnetization of £ cT ' 
tain rocks, from which inferences concerning 
the geomagnetic field in past geological time* an 



the relative movements ol t\ve poles and the conti- 
nent* have been made. 

The magnetization of rocks results from the iron 
oxide minerals present, to a few per cent in manv 
ro(ks. Two groups are important: the magnetite 
( Fe rO ») -ulvospinel (Fe 2 TiO t ) solid solution se- 
nes, and the hematite (Fe 2 0,)-ilmenite (FeTiO,) 
^olid solution series. 

Magnetization induced by the present geomag- 
netic field is chiefly of importance in the interpreta- 
tion of air or ground geomagnetic surveys. 

Primary magnetization. Three types of remanent 
magnetization may be acquired during the process 
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Fig 1 . Graphs showing partial thermoremanent mag- 
netization. (a) Icelandic specimens of Tertiary plateau 
basalt with reverse natural permanent magnetization 
For easier comparison, the intensities are expressed in 
Per cents of the sum; for no. 9 it is 13.2 X 10 * gauss 
and for no. 398, 5.6 X 1(H gauss. The partial tber- 
moremanent magnetization is in the direction of the 
field for all temperature intervals, (b) A specimen of 
dacite pumice from Mt. Haruna, Japan. "Normal” de- 
n otes that the magnetization is in the direction of the 
external field, "reverse" that it is in the opposite direc- 
tion. (After J. Hospers in S. K. Runcorn, Magnetization 
°f Rocks, in $. Fluegge, ed., Handbuch der Physik, vol. 
V, 7956) 
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formation of an igneous or sedimentary rock. 
nermoremanent magnetization . The permanent 
or natural remanent magnetization of igneous 
roc s, such as lavas, sills, and dykes, is due to the 
magneti7ation of these minerals during cooling in 
the geomagnetic field from the temperatures at 
which they solidify, which are usually above their 
Curie points. 

Dc positional and chemical magnetization. In 
sediments the magnetization may arise through the 
orientation of the detiital iron oxide grains by the 
geomagnetic field during deposition. Alternatively 
it may arise duiing chemical change, as in the 
growth of grains of hematite in the red sandstones, 
during or perhaps slightly later than deposition. 
The forme? t\pe is known as depositional, the lat- 
ter chemical magnetization. 

Secondary magnetization. On these original 
magnetizations is often superposed a secondary 
magnetization, acquired in more recent times. This 
is due in part to magnetically unstable iron oxide 
grains, which may he in the original rock or may 
result from weathering. According to, the theory of 
I Neel, these grains are either too small or too 
finelv divided by intergrowths of different chemical 
composition to retain a peimanent magnetization 
indefinitely, and if placed in zero magnetic field 
will gradually lose their magnetization logarithmi- 
calh with time. Alternatively, such grains will, ac- 
cording to the same law. acquire a magnetization 
paullel to the field in which thev lie. This is known 
as viscous magnetization. Rocks are found with 
vaiving amounts of this secondary magnetization, 
sometimes c hanging appieciablv during laboratory 
storage hut more often possessing a relatively sta- 
ble component along the present geomagnetic field. 

Serondaiy magnetization of this type may some- 
times he proved to he absent. This is best done by 
showing that specimens of the rock tilted, folded, 
or dispersed in a conglomerate since the time of 
the original magnetization have consistent direc- 
tions of magnetization when allowance is made for 
these geological processes. Secondary magnetiza- 
tion can sometimes he removed by the process of 
ac demagnetization or bv heating to a few hundred 
degrees and cooling in zero magnetic field. Meas- 
urement of the dilection of the original component 
of magneti/ation, making allowance if necessary 
for geological tilting, enables changes in the geo- 
magnetic field to be traced throughout the geologi- 
cal rec ord in different places. 

Magnetization of metamorphic rocks. Little is 
yet known of this phenomenon, hut components of 
magnetization may he acquired through different 
processes at different stages in the history of the 
rock. 

Geomagnetic secular variation. In historic times 
such variation has been studied with archaeological 
specimens, dated varve clays, and lavas from dated 
eruptions (see Geomagnetism). The first two in- 
vestigations show that the geomagnetic field* has 
had a secular variation similar to that observed in 
the last few hundred years. The third method ap- 
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plied to the Mount Etna lavas has shown that the 
directions of magnetization of the lava flows agree 
with the observations of the field of the same date. 

Geomagnetic reversals. A characterizing aspect 
for most of Cenozoic times (the Tertiary and Qua- 
ternary periods), world-wide paleomagnetic ob- 
servations show the mean geomagnetic field (in the 
sampling of a series of rocks the averaging is done 
usually over 10 4 10 h years) to be that of a geocen- 
tric dipole along the present geographical axis. 
However, successive parts of the stratigraphical 
column have magnetizations of opposed directions. 
These reversed magnetizations may result from 
anomalous properties of certain of the iron oxide 
minerals, which are ferrimagnetic, or through 


chemical changes subsequent to original magnetic 
zation, but probably they are mostly to be ex- 
plained by the geomagnetic dipole reversing its 
polarity at rather irregular intervals of the order 
ol 10 6 years. 

Polar wandering and continental drift. For the 

most part, results of paleomagnetic observations 
and speculations concerning them have led to 
interesting though still controversial interpreta 
tions. The paleomagnetic results from early Ceno- 
zoic, Mesozoic, Paleozoic, and late Precamhrian 
rocks show magnetizations which, if interpreted as 
arising from a dipole field not along the present 
geographical axis, give nearly similar pole posi- 
tions for anv one geological period within a conti- 
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inferred from British rocks, plotted in 
northern hemisphere 
in southern hemisphere 


A" ■ — inferred from American rocks, 
plotted in northern hemisphere 

- — —in southern hemisphere 


Fig. 2. Pole positions and approximate path of North tions from Great Britain, Phil . Trans . Roy. Soc. London, 

Pole. ( After K. M. Creer, E. Irving, and S. K. Runcorn, vol. 250, 1957-1958) 

Geophysical interpretation of palaeomagnetic dire c- 
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nental mass but different from those of other pe- 
riods and other continents. A plot of the path of 
the pole through geological time can be drawn for 
each continent. The differences between these paths 
have been interpreted in terms of continental drift, 
occurring in relatively late geological times. On the 
basis of the results for Cenozoic times and from 
the theory of the geomagnetic field, the mean held 
is assumed to have an axis coincident with the axis 
of rotation. 

Polar wandering is therefore also inferred from 
the slow change of the direction of magnetization 
through the geological column (.sec Pot ar w a mur- 
ing). 

Another representation of the data is useful The 
basic assumptions reduce to the following relation 
between the angle of inclination / to the horizontal 
of the mean paleomagnetic field and the am lent 
latitude A of the site where I he rock specimens 
were collected 

tan / = 2 tan A 

and to the assumption that the mean paleomag- 
netic held lav in the then geographical meridian 
Thus the motion of a continent reluti\e to a lati- 
tude grid fixed to the axis of rotation mav he in- 
ferred. Its motion in longitude is not determined 

Paleomagnetic suivevs of the continents indicate 
that North America and Europe. South Aim in a 
and Afiiea have drifted apart suite eailv Mesozoic 
times and that India was south of the Equatoi in 
Meso/oit times A. Wegener's re< onstruetion of the 
continents and the formation of ocean basins has 
thus received some support. See St rmarini iopog- 
HAI’HY. 


Table of geological age and formation of rocks yielding 
evidence of positions of Australia 


Position 
(I'lK 3) 

(icological ago 

Formation 

w\\ 

Pliocene, Pleistocene, 

NJewer volcanic** of 


and llerent 

Vic loria 

h 

t^ower Tei liary, proba- 

Older volcamcs of 


hly Eocene 

Xu Iona 

1 

Mesozoic, probably 

Dolenle sills of 


Jurassic 

Tasmania 

Tr 

Triaasic, probably 

Lower Triussie 

Brisbane tuir 

P, 

Permian, Upper Ma- 

Voleanics^of Ilia- 


rine Series 

wnrra roast 

Pi 

Permian, Lower Ma- 

Voleanies of Hunter 


rine Series 

Valley 

( 

Upper Carboniferous 

Kuttung red varvoid 
sediments 

r 

Upper Carboniferous 

Kuttung lavas 

D 

Devonian, probably 
Lower Devonian 

Ainslie voleanies 

s 

Upper Silurian 

Mugga porphyry 


Middle Cambrian 

Elder Mountain 

sandstone 


Lower Cambrian 

Antrim Plateau 
basalts 

f> re-< s 

Top of Upper Protero- 
zoic 

Buldiva quartzite 

Pre- f2 

Upper Proterozoic 

Mallagine lavas 

Pro-ej 

Lower part of Upper 
Proterozoic 

Edith River vol- 


canics 



Fig. 3 Movement of Australia relative to South Pole 
of rotation. Heavy outline denotes present position; 
see table for geological age and formation of rocks 
yielding evidence 

The paleomagnetic observations could be inter- 
preted without the aid of these far-reaching hy- 
potheses concerning the evolution of the earth’s 
mist if it were assumed either that the original 
magnetization of rocks was controlled to an impor- 
tant degree by othei c auses such as flow in igneous 
rocks or the orienting action of water currents in 
sediments, or that the mean geomagnetic field in 
earliei geological limes was no* dipolar. The field 
evidence is predominantly, though perhaps not de- 
cisivelv. against these alternative explanations. 

Many rocks have an anisotropic susceptibility, 
show magnetostriction, and have very high roerciv- 
ities. Igneous rocks usually have intensities of mag- 
netization between 10 ' and 10 4 gauss and sedi- 
mentary rocks between 10 1 and 10 7 gauss. The 
intensity of the geomagnetic field at the time of 
magnetization is onlv one of many factois influenc- 
ing the remanent magnetization, vet it appears that 
the geomagnetic dipole moment could not have 
changed by ordeis of magnitude during geological 
time. \ s.k.r."] 

Bibliography : P. M. S. Blackett, Lectures on 
Rock Magnetism, 1956; D. W. Collinson et a]., 
Palaeomagnetic investigations in Great Britain, 
Phil. Trans. Roy. Soc. London , vol. 250, 1957; 
T. Nagata, Rock Magnetism , 1953; L. Neel, Some 
theoretical aspects of rock magnetism. Advances 
in Physics , 4(14) : 191-243, 1955; G. D. Nicholls, 
The mineralogy of rock magnetism. Advances in 
Physics , 4(14) : 113— 190, 1955; S. K. Runcorn, 
Rock magnetism, geophysical aspects, Advances 
in Physics . 4 ( 14-) :245-291, 1955. 

Rock mechanics 

Rocks deformed in nature exhibit characteristics 
of flow, recrystallization, and the development of 
slaty cleavage. These characteristics of rocks are 
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not attainable in laboratory experiments at ordi- 
nary pressure and temperature, but they resemble 
in many ways the characteristics of ductile metals 
deformed at high temperature. The mechanisms of 
flow and fractuie of rocks with particular reference 
to the problems of inferring the processes of de- 
formation of rocks in the earth are treated in this 
article. For a discussion of the aspects of rock me- 
chanics related to building and the engineering ap- 
plications of rocks, see Engineering geology. 

Deformational behavior. Rocks exhibit a spec- 
trum of deformational behavior from brittle frac- 
ture through shear fracture and cataclastic flow to 
ductile flow by intracrystalline glide or recrystal- 
lization. In nature, this spectrum is shown in any 
one rock type, from brittle behavior when the rock 
is deformed near the surface at low pressure and 
temperature, to flow when deformed at depths 
where pressure and temperature are high. In the 
laboratory, any one rock type which is brittle under 
ordinary conditions may be made to pass through 
this spectrum of behavior as confining pressure, 
temperature, or both are increased. This transition 
from brittle to ductile behavior depends also on 
the natuie of the stre^ system, on the pressure of 
interstitial fluids, and probably on the rate of 
strain, although the latter dependent e has not yet 
been explored. 

H. C. Heard reports an experimental study of the 
brittle-to-duclile transition in Solenhofen lime- 
stone as a function of all these variables except 
rate of strain. In dry compressive tests, the transi- 
tion oc curs at 1.0 kilobars (kb) confining pressure 
at room temperature; and the required confining 
pressiue decreases nearly linearly to zero at 480°C. 
In dry extension tests, however, the confining pres- 
sure required for transitional behavior is 7.5 kb at 
25°C, decreasing linearly to 0.7 kb at 700°C. In 
compressive tests with interstitial fluid pressure, 
the confining pressure at the transition increases 
by 50 ^ when the interstitial fluid pressure rises 
to 9Q c i of the confining pressure. When the intei- 
stitial fluid pressure is equal to the confining pres- 
sure. the transitional confining pressure is roughly 
tenfold that for drv specimens. Thus the depth in 
the earth required for flow must vary with the na- 
ture of the stress system and the magnitude of the 
pore pressure, as well as with temperature. 

Under sufficiently high confining pressure and 
temperature, all rocks must become ductile, de- 
forming by uniform flow. In the laboratory, rocks 
of the following types have been rendered ductile: 
anhydrite, limestone, marble, dolomite, basalt, 
dunite. and pyroxenite. Quartz and quartzite are 
brittle under the highest pressures and tempera- 
tures yet tried (25 kb at 25°C, 5 kb at 800°C). 
Granite at 5 kb and 500-800°C exhibits a stress- 
strain relation similar to that of ductile metals, but 
the deformation takes place by cataclasis in a thin 
zone of sheai . 

Recrystallization. Rocks recrystallize in a man- 
ner similar to that of metals at high temperature. 


M, E. Buerger and E. Washken demonstrated this 
with the minerals anhydrite, fluorite, periclase, 
and corundum. The energy which drives this recrys- 
tallization is predominantly the strain energy i n 
the deformed crystals. 

Recrystallization has recently been produced in 
calcite, one of the most commonly rccrystallized 
minerals in nature. D. T. Griggs, F. J. Turner, and 
H. C. Heard showed that marble undergoes syntec- 
tonic recrystallization while being deformed at 
temperatures from 400-800°C. The amount of re- 
crvstallization increases with increasing strain 
This recrystallization reached a maximum at about 
600 °C for ordinarv laboratory rates of strain; and 
the temperature for maximum svntectonic recrys- 
tallizafion prohablv decreases as the strain rate de- 
creases, so that naturally deformed limestone prob- 
ably recrystallizes at temperatures considerably 
below 600°C. Calcite recrvstallized during defor- 
mation exhibits a very high degree of preferred 
orientation. 

Annealing recrystalli/ation. in which a nuiteiial 
is deformed cold and then heated in the absence of 
external stresses, has also been produced in calcite 
crystals and aggregates. Griggs, M. S. Paterson 
Heard, and Turner report that calcite deformed 
cold will recrystallize when heated to a tempera 
tore of 500°C ot higher. This reerWallization in 
the absence of an external stress field, reduces the 
preferred orientation in deformed calcite aggre 
gates, tending toward a random orientation. In all 
these experiments on calcite, the solvents watei 
and cajhon dioxide have been shown to have no cf 
feet on the reel ystalli/al ion. 

In his studv of experimental^ deformed rocks. 
Turner discovered the existence* of internally to 
tated lamellae in deformed crystals. From the crv-> 
tallographic orientation of the^e relict structures 
it is possible to infer the strain history ol an indi- 
vidual grain, and because deformation is largelv 
homogeneous, the bulk strain of the rock com 
monly can be deduced. This method checks the 
strains measured in the experiment to about 10' r 
It has been found bv Turner and others that these 
internally rotated lamellae frequently occur in na- 
ture. It has been shown in calcite and dolomite 
rocks that these naturally produced rotated lamtl 
lae were formed by the same glide mechanism^ that 
have been found in the laboratory. Thus a new tool 
for deciphering the tectonic history of rocks has 
been found. 

Strength. Strength at elevated temperature and 
pressures has been studied for a variety of rocks 
by J. Handin, Griggs, and their coworkers. Under 
5 kb (5000 bars) confining pressure (equivalent to 
that at a depth of 20 km in the earth), granite, 
basalt, pyroxenite, and dunite all have a compres- 
sive strength of about 20 kb at 25°C. At 500 • 
their strength has dropped to 10 kb. At 800°C, the 
strength of basalt is only 2.5 kb, but the others are 
about 7 kb. Dolomite is 12 kb at 25°C. 10 kb al 
450 °C. and 6.5 kb at 800°C. Marble drops from 
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4.5 kb At 25 C to 0.5 kb At 800°C. All of these val- 
ucs are at a strain rate of 3^ /min. These strengths 
may not be applied with any confidence to rocks in 
nature until the effect of the vastly lower natural 
strain rate has been ascertained. 

The study of naturally deformed rocks by the re- 
fined methods of structural petrology has resulted 
m a vast body of observational data. In a few in- 
stances. notably the study of H. W. Fairbairn and 
H. E. Hawkes. it has been possible to infer cor- 
rectly the mechanism of deformation of ciystals 
from a study of naturally deformed rocks alone. 
Once the mechanism is known and confirmed in the 
laboratory, then the data of structural petrology 
permit the reconstruction of tectonic events. See 
SlRUCTlJRAI PFTKOI OGY. 

Quartz is the one common mineral that has not 
yielded to laboratory or field studies. Recent work 
bv W. F. Brace with diamond indentations of 
quart/ has suggested glide on {0111}. glide direc- 
tion undetermined. S. W. Bailey, R. A. Bell, and 
f I Peng present x rav evidence for bend-gliding 
about an a axis in naturally deformed quartz, con- 
sistent with {0111} glide Griggs, Turner, and 
Heard have produced slight flow in quart/ single 
<r\staU No one has vet produced definite reirvs- 
talli/ation in quartz, despite the fa<t that quartz is 
one of the most commonly deformed and recrystal- 
hzed minerals in natuie 

Analogy with metals. When sublet ted to low 
Presses for long durations, rocks deform at a very 
slow rate analogous to creep in metals The mech- 
anisms of flow in lock creep have not vel been de- 
termined. but are presumed to be similar to the 
mechanisms observed at higher strain rates This 
presumption receives some support from the fact 
that when it i* possible to derive a mec hanism of 
flow in rocks deformed naturally, this mechanism 
^ the same as that found in the laboratoiy. 

A specimen of Solenhofen limestone, subjected 
to a compressive stiess of 1.4 kb for 11 years at 
2S ’C shortened at a logarithmically decreasing 
late foi the first three years, then at an even slower 
rate The compressive strain m the last eight vears 
was onlv 0.002^ . The minimum equivalent viscos- 
ity for this interval was 10 2J poise. Ordinary stec^ 
»reeps at a very much faster rate than this. 

Rocks exhibit many other characteristics found 
•n metals, notably strain hardening atfd elastic 
after-working. Rocks and single crystals of the 
‘umponent grains also follow all the laws of behav- 
1() i derived by the students of metals. For example, 
m a monomineralie rock, deformed under condi- 
tions such that the mechanism of flow is intracrys- 
talhne glide, the law of maximum resolved shear 
S trcss is obeyed, determining which of the several 
Equivalent glide systems in an individual crystal 
Mil function. In the case of recrystallization, it has 
found that giant grain growth follows from 
thieving critical strain, and not from very slow 
K r owth rates as presumed by some students of met- 

a ^orphism. 


The theory of deformation and recrystallization 
of crystals has not yet caught up with experiment, 
so that it is not possible to predict what will hap- 
pen under a set of conditions that have not been 
explored experimentally. The great gains in the 
future of rock mechanics must come from a devel- 
opment of adequate theories of strength, fracture, 
creep, mechanisms of plastic flow, and recrystalli- 
zation. The fact that experiments with rocks paral- 
lel those with metals indicates that when theory 
is developed which will explain the behavior of 
metal crystals and aggregates it will also explain 
the behavior of rocks. 

An understanding of rock mec hanics is essential 
to elucidate the processes which mold the face of 
the earth, and produce continents, mountain ranges, 
earthquakes, and the structures which govern the 
formation of ore deposits and oil fields See Orog- 
eny ; SlRITClURAI GfOlOLY; TFt rONOPHYSMS; 
Warhng. iariu crust (dtg.J 
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Rock salt 

The mineral halite. NaCl, or common salt. It crys- 
tallizes in the isometric system, commonly in cubes. 
It has perfect cubic cleavage, a hardness of 2V> on 
Mohs scale and a specific gravitv of 2.16. Rock 
salt is colorless or white but when impure may be 
various shades of vellow. red. blue, or purple. 

Rock salt has both a broad geographic and geo- 
logic distribution. It occurs in sedimentary rocks of 
all geologic ages since the Cambrian and is widely 
distributed throughout the world. Salt commonly 
associated with gypsum, anhvdrite, clay, svlvite, 
rarnallite. and a variety of other soluble salts oc- 
curs in beds ranging from a few feet to over 1000 ft 
in thickness. Deformation of deeply buried strati- 
fied deposit* mav result in local pluglike extrusions 
through the overlying strata, forming salt domes. 
The great storehouse of sodium chloride is in the 
oceans, and it is from this source that the bedded 
deposits have been derived by evaporation in shal- 
low basins. Sait also occurs in salt seas and lakes, 
where its concentration is greater than in sea 
water. See EvapoKite (saline) ; Salt dome. 

Large deposits of rock salt are found in many 
countries throughout the world. Some of the more 
important are in Austria, Poland, Czechoslovakia, 
Germany, Spain, Great Britain, and U.S.S.R. In the 
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United States bedded salt deposits underlie large 
areas of Kansas, Michigan, New York, Ohio, Okla- 
homa, Pennsylvania, and Texas. More than 100 salt 
domes have been located in Texas and Louisiana. 

The use of salt is older than recorded history. 
Because of the necessity of salt in the human body, 
its first use was undoubtedly as a food. It was early 
an article of commerce and over many of the an- 
cient trade routes salt was carried as a principal 
commodity. Today salt finds its chief use in the 
chemical industry as the raw material used in the 
manufacture of hundreds of compounds of sodium 
and chlorine. It is also used in meat packing, fish 
curing, refrigeration, and livestock feed. 

Salt is recovered from brines in many parts of the 
world by solar evaporation. Sea water or saline lake 
water is introduced into shallow artificial basins 
where evaporation brings about concentration and 
subsequent precipitation. Koek salt is also mined 
either in the conventional manner of sinking a shaft 
to the deposit or by dissolving the salt in water 
introduced into the salt bed and pumping the brine 
to the surface. See Chlorine; Salt (food); 
Sodium. [c.s.hit.J 

Rock shell 

Any of several species of the family Muricidae, 
class Gastropoda, phylum Mollusca. Most authori- 
ties place the rock shells in the genus Murex , but 
others divide the group into several genera. Not 
all the Murex are known as rock shells. 

These animals are found in all seas, but are most 
abundant in the tropics. They are active, carnivo- 
rous snails, generally preferring gravelly or rocky 
bottoms. Their shells are thick and solid, and usu- 
ally spiny with three growth ridges to a whorl. 

The red rock shell, Murex rerurvirostns rubidus, 
is a fairly common shell of the Florida coast. It is 
about 2 in. long and is mottled gray, brown, or pink 
in color, with a yellow operculum. One of the more 
common Pacific species is Murex (Ocenebra) in- 
terfossa , the sculptured rock shell, which is com- 
mon from Alaska to Lower California. It is a 
small rock dweller, only about an inch long. 

Murex ( Pterynotus ) festivus , the festive rock 
shell, may be 3 in. or more in length. It is com- 
mon from Santa Barbara. Calif., southward. It is a 
dingy, rough shell, shading from white to gray, with 
rather elaborate ridges, frills, and sculpturings. 
The young are sometimes brilliant scarlet. Thi9 
snail lives on weeds and trash, or sometimes on 
muddy rocks. See Gastropoda; Snail. [j.d.b.] 

Rocket 

Either a propulsion system or a complete vehicle 
driven by such a propulsive engine. A rocket engine 
provides the means whereby chemical matter is 
burned to release the energy stored in it and the 
energy is expended, in this example, by ejection at 
high velocity of the products of combustion (the 
working fluid ) . The ejection imparts motion to the 
vehicle in a direction opposite to that of the ejected 
matter. A rocket vehicle is propelled by rocket re- 


action and includes all components necessary for 
such propulsion, a payload such ae an explosive 
charge, scientific instruments, or a human crew. 
A rocket vehicle also includes guidance and control 
equipment mounted in a structural airframe or 
spaceframe. fu.p.s.] 

Rocket astronomy 

The technique of obtaining astronomical data by 
means of instrument-carrying rockets. Earth’s at- 
mosphere is virtually opaque to electromagnetic 
radiation of wavelengths outside bandwidths (“win- 
dows”) ranging from 0.3 to a few microns and from 
9 to 14 microns. However, instruments transported 
beyond Earth’s atmosphere by means of rockets can 
register radiation in spectral regions that are ordi- 
narily absorbed by atrifcospheric gases. 



First complete ultraviolet photograph of the Sun 
Photograph taken at altitude of 123 miles by camera 
recovered from nose cone of Aerobee rocket launched 
March 13, 1959 at White Sands. Experiment con- 
ducted by scientists of Naval Research Laboratory 
under auspices of the International Geophysical Year 
program. ( Official U.S. Navy photograph) 

Instrument readings are usually transmitted bv 
radio from rocket to Earth (see Telemetering). 
Certain types of information (for example, photo- 
graphs) cannot be satisfactorily transmitted, and 
therefore arrangements are often made to protect 
and recover the pertinent equipment (see illustra- 
tion). . 

Astronomical instruments have also been carried 
to high altitudes by balloons, and instrumentation 
to be carried by artificial satellites is under devel- 
opment. . 

Rocket astronomy, first used in 1945 in the Unite 
States with German V-2 rockets, has been especially 
fruitful in studies of solar phenomena. See Astro- 
nomical spectroscopy; Radio astronomy; ^ irN * 

[K.W.P.J 



Rocket engine 

A rocket engine provides the power to drive a vehi- 
cle. In rocket propulsion a reaction force is im- 
parted to a flying vehicle by the momentum of 
ejected matter (see Propulsion). This matter, 
called propellant, is stored within the vehicle and 
consists of chemical compounds which, when react- 
ing with each other, release energy, thus differen- 
tiating this from other types of rocket engines 
which use nuclear or electric energy as their power 
source. See Electromagnetic propulsion; Ion 
propulsion ; Nuclear rocket. 

In this article are described the performance cri- 
teria, the basic features, the application, and the 
preparation of various rocket engines which are 
driven by the combustion energy of chemicals. 
Those rocket engines using liquid propellant and 
solid propellant will be described in some detail. 

Performance of rocket engines. The perform- 
ance of a missile or space vehicle propelled by a 
rocket engine is usually expressed in terms of such 
parameters as range, maximum velocity of flight, 
maximum altitude, or time to reach a given target. 
Engine performance parameters (such as exhaust 
velocity, specific impulse, thrust, or engine weight ) 

Table 1. Typical performance values of rocket engines* 

Engine parameter Typical values 

Specific impulse at sea level 1 80-375 sec 

Specific impulse at altitude 215-449 sec 

Exhaust velocity at sea level 5800-12,000 ft/sec 

Combustion temperature 4000-7500° F 

Chamber pressures 100-2500 psi 

Ratio of thrust to engine weight 20-150 

Thrust 0.01 4,000,0001b 

Flight speeds 0-40,000 ft/sec 

* Exact values depend on application, engine design, 
and propellant selection. 

Table 2. Typical performance of four categories of liquid 
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are used in computing these vehicle performance 
criteria. Table 1 gives typical performance values. 
A change in rocket engine performance will often 
significantly affect the performance of the vehicle 
that the engine drives. 

The momentum imparted to the vehicle by a 
rocket depends directly on the velocty v at which 
the hot gases are expelled from the rocket in a 
supersonic nozzle. This supersonic exhaust velocity 
is a good indicator of the effectiveness of any one 
propellant combination. It is given by 



where R is the universal gas constant, k is the spe- 
cific heat ratio of the reaction product gases, and 
g is the acceleration of gravity (32.2 ft/sec 2 ). The 
pressure of the nozzle exit at optimum nozzle ex- 
pansion area ratio is P 2 and the chamber pressure 
is p\. Because of this dependence on the pressure 
ratio, there is a slight increase (10-20%) in ex- 
haust velocity as the exit pressure is decreased (in- 
crease in altitude) or as the chamber pressure is 
increased. The propellants burn at very high com- 
bustion temperatures, as shown in Table 2. The ex- 
haust veloc ity increases as the molecular weight of 
the combustion gases M decreases and the com- 
bustion temperature T increases, but exhaust ve- 
locity also increases if the pressure ratio across 
the exhaust nozzle increases. 

Specific impulse is another way of expressing ex- 
haust velocity; it is the exhaust velocity divided by 
g. Its units are pounds of thrust per pound of pro- 
pellant flow per second. A high value is desired 
(Tables 1, 2, and 3 and Fig. 1). Specific impulse 
also increases with combustion temperature and 
decreases with molecular weight of the exhaust 
gases. Exhaust velocities and specific impulses can 
be calculated from thermochemical relations; the 

propellants 


Propellant 

Theoretical thrust chamber 
specific impulse at 500 psi 
chamber pressure, sec 

At sea level, In vacuum, 

area ratio = 8 area ratic ** 25 

Bulk 

density, 

lb/ft* 

Optimum Combustion 
mixture ratio temperature, 
(oxidizer-fuel) °F 

Molecular 
weight of 
exhaust gas 
lb/mole 

Cryogenic 

Oxygen and kerosine 

265 

* 330 

63 

2.25 

5800 

22 

Oxygen and 92.5% ethyl 
alcohol 

253 

316 

61 

1.5 

5370 

23- 

High energy 

Fluorine and hydrogen 

364 

447 

19 

4.0 

4700 

9 

Fluorine and hydrazine 

303 

372 

80 

1.75 

7300 

18 

Oxygen and hydrogen 

357 

441 

16 

3.5 

4500 

9 

Storable 

Nitric acid and dimethyl 
hydrazine 

246 

304 

76 

2.4 

5100 

22 

95 % hydrogen 
peroxide and kerosine 

248 

310 

80 

6.4 

4755 

22 

Monopropellant 

90% hydrogen peroxide 

137 

167 

87 


1365 

21 
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Table 3. Characteristic* of four types of solid propellants 


Characteristics 



Propellant type 


Composite 

Composite 

Double-base 

High-energy 

Typical oxidizer, % 

NH 4 CIO 4 , 50-86 

NH.NO*, 80 

Nitroglycerine, 30-45 

Perchlorate and/or 

Typical fuel, % 

CjH«0, 48-14 

C,H 4 0, 18 

Nitrocellulose, 45-55 

fluorine compound* 
Boron compound or 

Combustion temperature, 

°F at 1000 psi 

3000-5000 

2400-2800 

Other, 0-20 

3000-5000 

oxygen-containing 

fuel* 

4000-6500 

Typical specific impulse, sec, 
at 1000 psi, exhausting 
to sea level 

175-260 

180-200 

180-240 

240-295 

Burning rate, in. /sec, at 
approximately 70°F and 
1000 psi 

0.1 -0.7 

0.1 

0 . 2 - 0.8 

Unknown 

* Per cent composition not yot established. 

— ro 

specific impulse, sec 


S 

s 
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exhousf velocity, ft/sec 

Pig. 1. Specific impulse and exhaust velocity as a nozzle pressure ratio. Points for several propelled 

function of the chamber temperature and molecular combinations are given, 

weight for various values of specific-heat ratio k and 




high ratio of nozzle exit to 
throat area 



o 

_c 


altitude 

Fig 2. Typical variation of thrust with altitude. 

values so obtained are known as theoretical specific 
impulses and theoretical nozzle exhaust velocities. 
\ctual values are 92-96% of their theoretical val- 
ues since the losses due to friction, divergence, 
and incomplete combustion are relatively small. 

Thrust F is defined in terms of a momentum and 
a pressure term 

F =- mv + (p 2 — p 3 ) A, (2) 

where m is the mass flow through the nozzle, v is 
velocity, A, is nozzle exit area, and pressure differ- 
ence (p 2 “ P\) is that between nozzle exit pres- 
sure P 2 and ambient pressure p*. As the mass flow 
increases so does the thrust. Because p 2 is usually 
close to pu the second term of the thrust equation 
is small. As the altitude increases (p* decreases), 
the velocity and the thrust both increase as shown 
m Fig. 2. As exit area A, is changed. p 2 is changed 
also and this will affect the thrust. Since the pres- 
hure term is small, the thrust is roughly equal to 
mass flow m and exhaust velocity v. 

Rockets generally have a high nozzle area ratio. 
This is the latio of the exit to the throat area, it is 
usually between 20 and 60 for very high altitude 
or vacuum applications and between 3 and 10 for 
operation near sea level. 

Clever designs and highly stressed materials are 
used to make engine weight as low as possible 

Total impulse is a measure of the energv content 
of a given rocket and its propellants. It is the prod- 
uct of the average specific impulse and the total 
propellant weight, or it can be found from the in- 
tegral of the thrust with respect to time. 

Mixture ratio is the ratio between the oxidizer 
mass flow rate and the fuel mass flow rate of a liq- 
uid propellant. - * 

Total impulse- weight ratio is an indication of 
the over-all design effectiveness of a rocket. It is 
the total impulse divided by the total propulsion 
Ostein weight, including tanks and propellants. 
Fur pressurized liquid-propellant rockets it has 
values between 80 and 130; for solid-propellant 
ro< ket units, between 100 and 180; and for pump- 
fed liquid-propellant units, between 130 and 215. 

Liquid-propellant engines. Liquid propellants 
usually consist of a separate oxidizer — for exam- 
ple, liquid oxygen or liquid fluorine; and a separate 
fuel —for example, gasoline, alcohol, or hydrazine 
(see Propellant). 

Engine components . The propellants are fed un- 
der pressure from tanks in the vehicle into a thrust 
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chamber where they are injected, mixed, and 
burned at high pressures and very high tempera- 
tures to form the gaseous reaction products, which 
in turn are accelerated and ejected at high veloci- 
ties. The feed system for transferring the propel- 
lants into the thrust chamber includes valves and 
controls. 

With cooled thrust chambers it is possible to op- 
erate the liquid- propellant rocket engine for ex- 
tended durations. Uncooled thrust chambers are 
suitable for use with propellant combinations hav- 
ing low combustion temperatures or those which 
operate for relatively short periods of time so that 
the un cooled walls will act a9 a heat sink and not 
overheat to the point that the material will no 
longer fulfill its intended function of containing 
the pressure. 

The principal components of a thrust chamber 
(Figs. 3 and 4) are the nozzle, the injector, the 
chamber, and, in certain cases, the igniter. A 
desirable rocket thrust chamber combines light- 
weight construction with high performance, effi- 
< ient combustion, simplicity of design, and fabrica- 
tion, satisfactory heat transfer from the hot gases 
to the walls, and reliability. The nozzle is usually 
of the converging diverging De Laval type; it ac- 
celerates the gases to high exhaust velocities. The 
size and proportions of the nozzle have a critical in- 
fluence on the chamber pressure, thrust, propellant 
flow, exhaust velocity of the thrust chamber, and 
the variation of these parameters with altitude and 
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Fig. 3. Cooled liquid-propellant thrust chamber with 
contoured nozzle divergence section. 
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Fig. 4. Uncooled liquid-propellant thrust chamber with 
ceramic liners. 
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with each other. A special contoured shape of the 
divergent section permits a slight increase in per- 
formance compared to a conical nozzle. 

In the combustion chamber the burning of the 
liquid propellant takes place at high pressure, usu- 
ally between 100 and 2000 psi. An injector intro- 
duces and meters the flow of the liquid propellants 
and also atomize* and mixes them in the correct 
proportions in such a manner that they can be read- 
ily vaporized and burned (Fig. 5) . 

Certain types of fuels and oxidizers start burn- 
ing when they come in contact with each other. 
These self-reacting combinations, such as hydrogen 
peroxide and hydrazine, are known as hypergolic 
propellants. Othei types of propellants, for exam- 
ple, oxygen and alcohol, are not spontaneously ig- 
nitable, but require an igniter to furnish thermal 
energy for starting their combustion reaction Elec- 
tric al energy supplied by sparks or hot glow plugs, 
pyrotechnic powder squibs of short duration, or 
the injection of hypergolic chemicals initiate the 
combustion. In some cases, particularly in variable- 
thrust rocket engines, a small precombustion cham- 
ber is built into the inj'ector to maintain a flame 
throughout the variety of altitude and thrust condi- 
tions over which the thrust chamber must operate 
and ignite 

Cooled thrust chambers permit one or the other 
of the two propellants to circulate through a cool- 
ing jacket which surrounds the combustion cham- 
ber and the nozzle; this prevents the wall material 
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Fig. 5. Schematics of several types of injectors. {From 
G. P. Sutton, Rocket Propulsion Elements, 2d ed ., Wiley , 


1956) 


from overheating and permits operation for long 
durations. The use of one of the propellants as a 
coolant is often termed regenerative cooling he 
cause of its similarity to the regenerative steam 
power cycle. Film cooling is a method whereby a 
thin liquid film covers and protects the exposed 
wall from excessive heat transfer. The film is m 
troduced by injecting small quantities of one of 
the propellants at low velocities in a number of 
places along critical exposed surfaces. Sweat coo] 
ing or transpiration cooling uses a porous wall ma- 
terial which admits a coolant uniformly over a sur- 
face 

Since cooling permits these chambers to operate 
at relatively nominal wall temperatures, various 
common metals are suitable for < onstruction Sc\ 
era! different ( onstruction techniques have been 
used for uncooled chambers. Some aie made of 
metal with a high heat capacity, such as copper or 
steel A protective layer of ceramic or other spe 
cial coating is used to reduce the amount of heal 
that will be absorbed by the metal, rentoned 
organic materials which burn slowly (that is thar) 
and materials which ablate (absorb extra heat bv 
melting and vaporizing on the heated surface) are 
also used 

Fred system The feed system of a liquid propel 
lant rocket engine transfers the liquid propellants 
from the vehicle storage tanks to the thrust chain 
her; it has a power source, which furnishes the ic 
quired transfei energy, and conti ol deuces for i<g 
ulating the rocket propellant flow and theiefore 
the engine performanc e 

The gas-pressure feed system offers one of the* 
simplest and most common means of transfei ring 
propellant and oxidizer by displacing them with a 
high-pressure gas which is fed into the tanks under 
a regulated pressure (Fig 6). The stored high 
pressure gas furnishes the pressurization energy 
The thrust of a pressurized-gas rocket propulsion 
system is determined by the magnitude of the pro 
pellant flow which is controlled by the gas pressure 
regulator setting For low thrust and short duration 
this feed system is generally lighter and superior to 
other more complicated ones In some single use 
applications, such a9 an expendable air-launched 
missile, a simple pressure feed system that m 
use buist diaphragms instead of valves i* safMac 


tory When repeated use is desired, such as m air 
craft assisted-take-off units, a special thrust regu 
lating device, a tank-level gage, fill and drain 
provisions, and other components and functions are 
added The applic ation dictates the complexity of 
the feed system. In some cases a chemical gas j>res 
surization is substituted for the stored inert ga s < 
this arrangement saves weight but sacrifices sun 
plicity. 

In a turbopump feed system the propellant ^ 
pressurized by means of pumps driven by one or 
more turbines (Fig. 7) which derive their power 
from the expansion of hot gases. A separate g®* 
generator ordinarily produces these gases in 


the 
whi<h 


required quantities and at a temperature 
will not hurt the turbine buckets t 1200-1800 
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Fig 6. Simplified schematic of liquid-propellant rocket 
engine with gas-pressurized feed system. 


This is achieved in a chemical combustion cham- 
bei similar to the main thrust chamber, hut the 
propellants are burned at a different mixture ratio. 
The assembly of pumps and turbine is designated a 
turbopump. Like other rotating machinery it has 
bearings, seals, high-speed shafts, and lubrication 
devices. 

Turbopump feeds are generally superior to and 
lighter than other feed systems for high-thrust and 
long-duration applieations. Since turbines work 
most efficiently at a high peripheral turbine bla ie 
‘'peed, and since small high-speed turbines wei \h 
little, it is often expedient to interpose a gearbox 
between the turbine and the pumps so that the tur- 
bines ran operate at the desirably high shaft speed. 

For the large propellant flow and the high pres- 
sures involved in a rocket propulsion system, a cen- 
trifugal pump is generally considered superior to 
other types of pumps and is economical in weigh* 
and space. A multiblade centrifugal impeller is 
used with a volute casing. For fluids of verv low 
density, like liquid hydrogen, it is necessaiy to use 
multiple stages of axial-flow pumps to develop the 
tequired inlet pressures at the thrust chamber. It is 
important that the pressure at the inlet of the 
pump always be sufficiently high to avoid low-pres- 
t 'Ure boiling, which induces a phenomenon known 
as cavitation. Special impellers are often used to 
prevent cavitation because of its detrimental ef- 
fects on the operation and combustion stability of 
the rocket. See Cavitation. 

In addition to deriving thrust from a rocket en- 
gine. it is possible to obtain several auxilian uses. 
With a turbopump, for example, it is fairly easy 
to obtain shaft energy for driving various auxilia- 
ries in the missile, for example, hydraulic, pneu- 
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matic, or electric generators. The beat in the re- 
jected turbine exhaust gases is often used for 
heating various fluids in a missile, for example, the 
gases which are used for pressurizing tanks. 

Controls and operation . All liquid-propellant 
rocket engines have controls, which accomplish 
some or all of the following functions: start and 
shut down rocket operation, restart, maintain a pre- 
determined constant or variable thrust, make emer- 
gency shutdowns when safety devices sense a 
malfunction, fill and drain propellants, and permit 
functional checkout of critical components without 
actual rocket engine operation. 

Starting, stopping, and restarting are generally 
accomplished by valves in the main propellant 
lines. Because of the high pressures and the large 
flows involved, these valves are often operated from 
separate pilot valves which control the energy go- 
ing to these main valves. 

Rocket engine operations are programmed by 
automatic* controls that set and hold the flow, the 
pressure, or the mixture ratio to the desired value 
for a given flight program. Automatic thrust and 
pressuie chamber controls program a specific bal- 
listic missile flight in Mich a manner that successive 
flights can he made in a reproducible fashion. A 
hydraulic, pneumatic, or eleetucal system is often 
used to actuate the principal valves to the thrust 
chamber and the gas generator and for furnishing 
powei to any automatic controls and to the re- 
mainder of the vehicle 9) stem. Often the fuel pres- 
sure itself can he used to actuate some of the con- 
trols. 
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Fig. 7. Simplified schematic of liquid-propellant rocket 
engine with turbopump feed system. 
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One special form of control, known as the pro- 
pellant utilization system, is an automatic device 
that ensures that both the fuel and the oxidizer 
tank are emptied simultaneously. This is achieved 
by continuously measuring the amount of propel- 
lant that remains in both of these tanks and by ad- 
justing throttling valves in both of the main pro- 
pellant lines leading to the thrust chamber. 

The control of the thrust vector attitude can be 
achieved in a number of different ways, as may be 
seen in Fig. 8. 

In the operation of liquid-propellant rocket en- 
gines it is often desirable to vary the thrust or to 
throttle the rocket engine. In multiple rocket en- 
gines this can be achieved by shutting down some 
of the thrust chambers while letting others con- 
tinue to operate. In a single-thrust-chamber rocket 
engine, the throttling can be achieved by reducing 
the chamber pressure and the flow. 

Propellants. Liquid propellants include, besides 
the oxidizer and the fuel, catalytic compounds, 
which combine oxidizer and fuel properties in a 
single substance. A bipropellant rocket unit has 
two separate propellants, a fuel and an oxidizer, 
which are not mixed until they come in contact 
with each other in the combustion chamber. Most 
liquid-propellant rockets have been of the bipro- 
pellant type. A monopropellant contains oxidizing 
agent and combustible matter in a single sub- 
stance. It can be a mixture of compounds, such as 
hydrogen peroxide with liquid alcohol, or it may 
be a homogeneous chemical agent, such as nitro- 
methane. Characteristics and properties of the 
propellants and the resulting gaseous reaction 
products determine the choice and selection of 
propellants for specific applications. Economic and 
performance parameters, physical and chemical 
properties desirable for storage and operation, as 
well as consideration of common physical hazards 


are considered. Typical values for liquid propel- 
lants are given in Table 2. 

Solid-propellant rocket engines. In a solid-pro- 
pellant rocket engine the propellant is contained in 
solid form within the combustion chamber. The 
hardware includes, in addition to the combustion 
chamber, a nozzle, an igniter, and provisions for 
mounting the rocket (Figs. 9 and 10). Solid pro- 
pellants themselves usually have a plastic, cakelike 
appearance and burn on their exposed surfaces to 
form hot exhaust gases which are ejected through 
the nozzle. The physical mass or body of the pro- 
pellant is called the grain. In 9ome rockets there 
is more than one grain inside the same combustion 
chamber. 

Engine components. The solid-propellant grain 
contains all the material necessary for sustaining 
combustion. It can be a mixture of several chemi- 
cals, for example, a mixture of ammonium perchlo- 
rate in a matrix of organic fuel such as rubber, or 
it can be a homogeneous charge of special oxidiz- 
ing organic chemicals, such as nitrocellulose or 
nitroglycerine. Once the propellant is ignited, the 
grain burns smoothly on all of its exposed surfaces 
in a direction normal to the burning surface. 

Compared to liquid propellant, the solid propel- 
lant requires no pump or pressurization for the fuel 
tank, and hence is mechanically simpler. The com- 
bustion chamber with solid propellant is larger, 
especially for large rockets, and is frequently op- 
erated at higher pressure than for a liquid engine. 
Solids are more storable and are more immediate!} 
ready f^r use. 

The chamber confines the propellant grain and 
the reaction products of combustion. It is gener- 
ally made of high-strength material and is often 
protected on its exposed surfaces from excessive 
heating by internal insulating layers made of either 
a very slow burning propellant having a low burn- 



Fig. 8. Devices for obtaining thrust direction control from rocket engine. 
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Fig. 9. Solid-propellant rocket with case-bonded in- 
ternally burning grain. 
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Fig. 10. Lined, spring-held solid-propellant grain for 
assisted-take-ofF rocket unit with blow-out device. ( From 
G. P. Sutton, Rocket Propulsion Elements, 2d ed„ Wiley, 
1956 ) 


tng temperature or a ceramic insulator. The grain 
often pasted to or cast directly into the chamber 
case so that the grain forms its own heat basrier 
to prevent overheating of the chamber walls. This 
is known as case bonding (Fig* 9). The heating of 
the inner wall surfaces produces a temperature 
gradient across the wall and thereby induces ther- 
mal stresses in the wall. Insulation minimizes this. 
Combustion chambers are usually cylindrical in 
shape with elliptical or spherical ends. 

One end of the chamber is usually detachable to 
Permit the assembly or loading of the grain. Burst 
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diaphragms or other safety provisions to prevent 
overpressurization of the chamber are sometimes 
included. In some designs the burst diaphragms are 
intentionally activated to stop the application of 
thrust at a predetermined time. If the grain is 
not case-bonded, the chamber ordinarily has 
means for holding the grain in place and position- 
ing it, so that it will not be forced into the nozzle 
due to the vehicle’s acceleration. In addition, the 
chamber usually has provisions for mounting to the 
vehicle, for allowing some differential thermal ex- 
pansion between the case and the grain, and 
for sealing against moisture, which would cause de- 
terioration of certain grain chemicals. Careful de- 
sign of the hardware parts produces a lightweight 
unit. 

The most severe heating of the hardware takes 
place at the exhaust nozzle. Here the high-velocity 
gas at the high combustion temperature will oxi- 
dize, soften, wear, and erode the nozzle material 
unevenly. For this reason it is often desirable to 
put special heat-resistant ceramic or graphite in- 
serts into the nozzle throat region to, minimize un- 
symmetrical enlargement of the nozzle area. Ce- 
ramic nozzles have been successful for long periods 
of time; however, for high-temperature propellants 
their effectiveness seems to be limited to approxi- 
mately 1 minute. With low-temperature propel- 
lants, durations in excess of 10 minutes are feasi- 
ble Metal nozzles with protective coatings have 
been successful for short durations. Extra metal 
thickness is usually added to absorb additional 
heat. The development of filament-reinforced plas- 
tics that burn slowly and ablative materials has 
progressed sufficiently to permit their use as nozzle 
materials in solid-propellant rockets. 

Jetevators (elevator-type control surfaces for jet 
deflection) and individually gimballed nozzles 
have been used to control the thrust vector 
in soJid-propellant rockets (Fig. 8). An accurate 
alignment of the nozzle axis with the center of 
gravity of the flying vehicle is essential to mini- 
mize flight errors, particularly in unguided vehicles 
with fixed single nozzles. 

The igniters used for solid-propellant rocket 
units have been almost exclusively the pyrotechnic 
type. A pyrotechnic igniter usually consists of an 
electrically heated wire surrounded by a small 
amount of sensitive primer powder charge which 
ignites a larger main igniter charge. In some 
cases the igniter is put into the forward end erf the 
chamber so that ignition gases sweep past the com- 
plete propellant charge before reaching the nozzle. 

Grain shape and burning . The thrust of the 
rocket is about equal to the product of mass 
flow and effective exhaust velocity (see Equa- 
tion 2 in section on engine performance). The 
mass flow rate is equal to the product of tbe ex- 
posed burning area, the rate of burning, and the 
density of the propellant. By designing the grain 
so that more or less surface is exposed, the de- 
signer may increase or decrease the thrust (Fig. 
11), It is also possible to limit the exposed burning 
surfaces by applying inhibitors which are special 
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Fig. 11. Typical solid-propellant grain configurations. 
(From G. P. Sutton, Rocket Propulsion Elements, 2d ed., 
Wiley, 1956 ) 


inert or slow-burning chemicals. Grains that have 
much inhibitor applied to their exposed surfaces, 
called restricted-burning grains, are differentiated 
from grains that burn on all exposed surfaces. 
Holes that are put into the grain to increase the 
burning surface are known as perforations. 

If the grain design is such that the thrust in- 
creases during the operation of the rocket, it i9 
called progressive burning; if thrust decreases dur- 
ing operation, it is regressive burning. 

The burning rate of solid propellant is measured 
in a direction normal to the burning surface and is 
expressed as a linear distance per unit time. It usu- 
ally varies as the chamber pressure to a power be- 
tween 0.4 and 1.0, and is also a function of the ini- 
tial ambient temperature. The 9ame grain gives 
more thrust but a proportionally shorter firing du- 
ration at higher temperatures (Fig. 12) . The cham- 
ber pressure can be varied by changing the throat 
area of the nozzle or the exposed grain burning sur- 
face. The thrust of a solid-propellant unit may be 
varied not only by judicious design of the grain 
so that the burning surface varies with duration, 
but also by using different kinds of propellants, 
each with a different burning rate, to be exposed 
as the initial layers are consumed. 

Solid propellants . The solid propellants them- 
selves are the chemicals that constitute the grain 
and that produce hot high-pressure gases in a com- 
bustion process. 

Early rockets used black powder (a mixture of 
nitrate, sulfur, and a carbonaceous material), 
which is a loose granular powder. The use of 
tamped granular grains is generally unsatisfactory 
for high-performance applications. A solid propel- 
lant usually contains ( 1 ) oxidizers such as nitrates 
or perchlorates, (2) fuels such as organic resins, 
plastics, or rubbers, (3) a chemical compound 
combining both fuel and oxidizer qualities, such as 
nitrocellulose or nitroglycerine, (4) additives to 
control the fabrication process and such grain 
properties as burning rate, physical properties, and 
chemical deterioration, and (5) inhibitors, which 


are bonded on to the propellant to restrict the burn- 
ing surface. The addition of fine aluminum powder, 
for example, has aided combustion, stability, and 
performance. 

Of the many varieties of propellants, two are 
significant: composite propellants and double-base 
propellants. The former consist of crystalline, 
finely ground oxidizer particles dispersed in a ma- 
trix of a fuel compound; the latter contain largely 
unstable chemical compounds such as nitroglycer- 
ine or nitrocellulose, which are capable of combus- 
tion of themselves in the absence of other materi- 
als. Because these propellants are often based on 
the above two compounds they are often known as 
double-base propellants. Different solid propellants 
together with their properties are listed in Table 
3. In general, the fabrication is comparable to the 
manufacture of complex refinery products, plas- 
tics, or rubber. 

Solid propellants are frequently cast and case- 
bonded to the combustion chamber. Casting re- 
quires a fuel-binder mixture that can be safely 
handled as a liquid and that cures or solidifies 
after it is poured into the case. Case bonding places 
stringent requirements on the mechanical proper- 
ties of the propellant. About 65-85% of the pro- 
pellant is dispersed powder, the mechanical prop- 
erties being controlled by the remaining 15-35 f / 
of the matrix. This binder must absorb a wide 
range of stresses and differences in therfhal expan- 
sion. 

Operation. Solid-propellant rockets are started 
by activating the igniter. They normally burn until 
all the grain is consumed. It is possible in some 
cases to enable the burning to be stopped at a pre- 
determined time by providing burst diaphragms, 
which open additional nozzle area and lower tht 
pressure in the combustion chamber below the 
value at which steady combustion can be sustained 
A similar effect can be achieved by opening a hole 
in the end of the thrust chamber opposite that of 
the nozzle so that most of the gas produced by < om- 
bustion is released in such a direction that no use- 
ful thrust is produced. 



time 


Fig. 12. Thrust-time variation of a typical solid-P r0 
pellant rocket with slightly regressive burning ch arac 
teristics. Dotted alternate curves show effect of temp® r 
ature. 





Most solid-propellant grains are somewhat sensi- 
tive to variations in the ambient temperature and 
have a tendency to become soft on very hot days or 
brittle on very cold days; for certain propellants it 
is therefore necessary to restrict the temperature 
range over which they may operate. If the propel- 
lant should crack from too great a temperature var- 
iation, which induces thermal stresses, or from 
rough handling, additional burning surfaces would 
be created in the cracks and an unregulated in- 
crease in the pressure would cause failure of the 
chamber. Care is necessary in handling propellants 
and solid rocket units gently, so as not to subject 
them to sudden shocks by dropping or jarring. 

There is a maximum pressure above which 
smooth combustion can no longer be sustained and 

Table 4. Application of rocket engines in guided missiles 
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detonations may occur, and a minimum pressure 
below which stable, consistently smooth burning 
does not seem possible. Because of the active na- 
ture of the chemicals, some propellants deteriorate 
in storage ; this can often be prevented by the addi- 
tion of stabilizers or inhibitors to the propellant. 

Hybrid rockets. The use of a liquid propellant 
and a solid propellant, such as hydrogen peroxide 
burning with an organic solid compound such as 
polyethelyne, leads to a hybrid rocket. The solid 
fuel is arranged much like the grain of a solid- 
propellant rocket, so that burning takes place on 
its surfaces in the presence of the liquid or gase- 
fied liquid oxidizer. [g.p.s.J 

Propellant selection. The selection of propel- 
lants for a rocket vehicle requires evaluation of 


Thrust, lb 

Duration, see Propellants and specific 

Engine purpose Acceleration, g impulse set 


Assisted take-off; shortens 
ground run or increases 
take-off load 

Superperformance ; addi- 
tional thrust and air- 
plane performance for 
fighter aircraft at high 
altitude 

Principal aircraft; drives 
research aircraft to and 
at high altitude and 
speed 

\ir-to-air guided missile; 
accelerates missile 


Air-to-surface; boosts and 
sustains missile 


Surface-to-air (usually 2- 
ur 3-step missile); anti- 
aircraft or antimissile 
missile 


Surface-to-surface ; 
medium- and long- 
range ballistic and 
winged missiles of 50- to 

10,000-mile range 


Surface-to-surface ; 
short-range infantry 
support and antitank 
missile 


250 10,000 lb 

10 50 sec 

IJp to 0.5 g 

2000-10,000 1b 

100 500 sec 

1.0 g in any direction 
during maneuvers 

20.000 90,000 lh 

60 180 sec at full thrust, 
120 600 sec additional at 
partial thrust 

0. 5-4.0 g in any direction 

1000-30,00" lb 

0.3 10 sec 

2.0 100 g (also high side 
accelerations) 


1000 30,000 lh 

0. t 100 sec 

2.0- 100 g (also high side 
accelerations) 

10.000- 100,000 lb 
(booster stage) 

1000-15,000 lb (sustainer 
stages) 

1.0- 30 sec (booster) 

10-180 sec (sustainer) 

2.0- 100 g (also high side 
accelerations) 

10.000- 400,000 lb 
(booster) 

3000-100,000 lb 
(sustaiuer) 

30-300 sec 

4-10 g 


50-20,000 lb 
0.2-5 sec 
Up to 100 g 


Solid, /„ = 190 210* 
Storable liquid (nitric 
acid-dirnethylhydrazine), 
h = 200 250* 

Storable liquid 

ilMVNjfl,)' 

L = 235 260f 


Storable liquid, 

L = 235 260 f 
Cryogenic liquid, 

U = 280 3 1 Of 
High-energy liquid, 

U = 310 100t 
Mostly solid; a few stor- 
able liquids, 

J 3 = 200-250f 


Mcxstly solid; some stor- 
able liquid, L = 190 240 


Usually solid propellant; 
sometimes storable 
Liquid, /, *» 190-250 


Cryogenic liquid 
(oxygen-kerosine) , 
I. - 220-265* 
Solid, /. - 210-245* 


Solid, /, - 170-230* 


Engine type and 
special features 

Expenda 1 >le , dre >ppable ; 
refueled and reused for 
next take-off; some 
have (‘anted nozzles 
Repeated starts; throt- 
tled thrust for climb and 
cruise; improve rate of 
climb of aircraft; higher 
flight ceiling altitude 
Same as superperform- 
ance engine; gimhal for 
attitude control 


Simple single-shot device; 
liquid uses prepackaged 
pressurized system; may 
have stepped thrust for 
cruise; operates under 
wide temperature limits 
Same as air-to-air guided 
missile 


Simple engine with possi- 
ble thrust programming 


Turbopump-fed, high 
performance liquid en- 
gine, attitude control by 
gimbal; high energy 
solid, with thrust termi- 
nation device, attitude 
control by jet vanes or 
jete valor; accurate 
thrust cutoff 
Simple, prepackaged; 
operates under wide 
temperature limits; sim- 
ple launcher 


* At sea level. t At altitude. 
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the characteristics desired from the rocket and the 
properties of available propellants. These are 
balanced to reach an engineering optimum. The 
choice is made from among systems employing 
liquid, solid, and hybrid propellants. For rocket 
flights beyond the capabilities of chemical propel- 
lants, as in a9tronautic explorations, nuclear or 
electrical methods of propulsion will be used. Oc- 
casionally, propellant selection is a complex prob- 
lem, but more frequently proper consideration of a 
limited number of essential properties is sufficient 
to ensure the choice of the most effective propel- 
lant. Unsuitable choices result from incomplete 
evaluation of propellants and emphasis on unim- 
portant factors. The relative practical effective- 
ness of different propellants changes with develop- 
ments in propulsion studies; a propellant with a 
poor rating at one time may become particularly 
desirable for a specific use. 

A wide range of properties occurs within a single 
type of propellant, increasing the range of selec- 
tion and vehicle design problems. Among liquid 
propellants, for example, the cryogenic propel- 
lants provide high performance but involve prob- 
lems of evaporation with loss of liquid and freezing 
of vehicle components. Either hypergolic or non- 
hypergolic bipropellants may be used, and specific 
design parameters are required for each. Hyper- 
golic propellants, for example, simplify the pro- 
visions for ignition or reignition in intermittent 
periods of powered flight. 

Vehicle factors. Most rocket vehicles use either 
solid or liquid propellants. Bipropellants are used 
in the majority of the liquid-fueled rockets be- 
cause of their high performance, as are composite 
propellants in the solid-fueled rockets. Advantages 
generally attributed to one type of propellant can 
frequently be obtained with a competing system, 
occasionally at the cost of increased complexity. 
This possibility is important in propellant selec- 
tion and should be considered in the following 
propellant comparisons. Some characteristic ad- 
vantages can be associated with vehicles using the 
two chief types of propellants. Solid-propellant 
rockets are, in general, simple, remarkably con- 
venient, and readily stored and launched. Liquid- 
propellant vehicles are useful for long periods of 
powered flight and allow thrust variation as well as 
restarting after periods of flight without power. 
These characteristics are in part dependent on 
vehicle size. Solid propellants were initially used 
in signaling and artillery rockets, whereas liquids 
were originally used chiefly in large guided mis- 
siles with complex functions. The complexity of a 
solid-fuel rocket increases with application to more 
complex functions, although a major difference 
exists because of the need in the liquid-propelled 
vehicle for displacement of the liquids from the 
tanks into the combustion chamber. Characteristic 
disadvantages are also evident. In liquid rockets, 
for example, motion of the liquid in the tanks 
during flight can affect the flight path. Potential 
toxic, corrosion, and detonation hazards exist at 


launching areas from propellant spills. With solid- 
fuel rockets, a change in initial external tempera- 
ture can affect flight or cause propellant crack- 
ing. 

In both solid- and liquid-propellant vehicles of 
comparable performance, propellants can be 
stored for extended periods. The high-performance 
liquefied gases, however, are loaded shortly before 
vehicle launching. Solid propellants can give con- 
stant thrust for appropriate flight trajectories, or 
thrust that varies according to a planned program. 
The variation may be obtained by use of propel- 
lants with different burning rates or by use of a 
suitably changing combustion surface. Liquid 
propellants provide thrust that can be varied on 
demand over a wide range. They are effective for 
controlled flight, as fn piloted craft. Longer peri- 
ods of powered flight are possible with liquids, 
since vehicle parts subjected to the heat from com- 
bustion can be cooled. 

Hybrid propellants using a solid, generally a 
fuel, either suspended in a liquid or as a separate 
structural element in the rocket, are also available. 
While affording a compromise in complexity be- 
tween vehicle requirements for either liquid or 
solid propellants alone, they provide high per- 
formance and versatility. 

Performance. Several criteria for propellant per- 
formance may be considered. Liquid ^propellants 
in general provide higher theoretical specific im- 
pulse than solid propellants at the comparable 
stage of development. Recent developments have 
narrowed this gap (see Mf.tal-base fuel) but at 
the cost of markedly higher combustion tempera- 
ture from the solid propellants. In terms of per- 
formance obtained, well-designed liquid-fuel en- 
gines can give 95-100% of the theoretical value, 
whereas solid fuels usually deliver up to 90 r ,{ . 
Additional factors must be evaluated in practice, 
such as the quantity of liquid remaining in tanks 
and pumps at burnout of a liquid-powered missile 
and the unburned solid ejected from solid-fuel ve- 
hicles. 

The density of propellants also affects perform- 
ance. A significant increase in density can be ob- 
tained more readily at present than a comparable 
increase in specific impulse. Solid propellants are, 
in general, more dense than liquids; and in some 
vehicles, when combined with other factors, this 
may result in equivalent vehicle performance. In 
flight at constant velocity or in vehicles with a low 
propellant fraction the density is approximately as 
significant to range as is specific impulse. In a one- 
stage ballistic trajectory, however, the specific im- 
pulse is much more important. 

In many instances excessive emphasis on high 
propellant performance appears unnecessary, since 
vehicle size can readily be increased to achieve 
desired velocity or range. Where size is a limiting 
factor, or an increase of performance with an 
existing vehicle is desired, or lengthy flights at the 
limit of technological capability are involved, as 
in exploration of space, propellants of the highest 
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Characteristics 


Booster engine 


Sustuiuer engine 


Terminal-stage engine 


Purpose 


Lift vehicle off ground 


Thrust, lb 
Duration, sec 
Propellant and specific 
impulse (/,), sec (at 
altitude) 


Engine type 


Maximum acceleration, g 
Special features 


High, up to 6,000,000 
50 150 

Cryogenic liquid (oxygen- 
kerosine), 1„ ~ 300 315 
1 Iigh-onergy liquid (fluo- 
rine-hydrazine), 

/„ = 36(^410 
Solid, /„ = 260-200 
Turbopimip feed system 
with liquid propellant; 
lightweight case lor solid 
propellant 

4— 1 0 

Attitude control by gim- 
bal, vernier, jetevator 


For intermediate vehicle 
stages 

2,000 150,000 
120 100 

Same as lxx>ster 


Turbopump or pressur- 
ized feed system with 
liquid propellant; light- 
weight case for solid 
propellant 

1-10 

Same as Ixwjster; some- 
times operated during 
Ulster firing to augment 
take-ofr thrust; altitude 
start required 


Final powered stage to 
give accurate final ve- 
locity to vehicle 
Low, less than 2,000 
30- 1000 
Same as bex^ster 


Hequiros acc urate cutoff, 
sometimes throttling or 
restart 


I/>w, less than 1 
Same as sustainer 


performance, such as hydrogen-fluorine, are mark- 
edly advantageous. 

The combustion of propellants vaiies with both 
pressure and temperature. Solid propellants can 
be utilized in motors designed to operate wilhin 
regions where these variables are satisfactory. 
Combustion at low pressures- -near atmospheric 
or slightly above is difficult with many solid pro- 
pellants; in liquid-propellant engines, however, 
combustion rate variation can he compensated by 
flow rate to maintain desired thrust. 

Availability. Liquid propellants relatively 

simple chemical compounds prepared by modern 
industrial processes in large quantities. Solid pro- 
pellants are produced in large amounts also, but 
they are more complex products, requiring manu- 
facturing plants like those producing high explo- 
sives. The production facilities for large quantities 
of both types are available. The markedly lower 
cost of the liquids is offset by the higher cost of 
the rocket vehicle required for their use. However, 
an advantage may be obtained in vehicles used re- 
peatedly. 

Advanced propulsion methods . Nuclei^ or elec- 
trical methods of propulsion are necessary for ex- 
tended flights, such as those to all but the nearest 
planets, because of the limited performance capa- 
bility of chemical propellants. These methods in- 
clude direct nuclear propulsion, electrostatic 
acceleration of ions or charged particles, and 
electromagnetic control of a gaseous plasma. 
Specific impulses available with such methods are 
as much as 100 times greater than those of chemi- 
cal propellants; thus, little mass need be expelled 
for equivalent thrust levels. Limitations on the 
amounts of power developable by known methods, 
however, restrict the thrust levels to values useful 
°nly for flight commencing where the earth’s gravi- 
tational field is weak. [s.si.] 


Applications of rocket engines. Tables 4 and 5 
show the wide variety of applications of chemically 
propelled rocket engines in the field of aircraft, 
space flight, and missiles. 

Manufacture. The hardware for rocket engines 
is fabricated by conventional techniques, using 
for the most part metallic and plastic-filainent- 
reinforced materials. Some of the weight limi- 
tations and the unusual high heat transfers re- 
quire a few unusual fabrication processes and 
methods. For example, thin-walled metal tubes 
used for the construction of cooled liquid propel- 
lant thrust chambers need special forming and 
joining processes. The materials aie usually con- 
ventional. and include stainless steels, aluminum 
alloys, and high strength steels. They have to be 
compatible with the chemical action of the propel- 
lant. In some solid-propellant rockets, plastically 
bonded glass fibers have found acceptam e because 
of their high strength-weight ratio. 

Testing. Because flights of rocket-propelled vehi- 
cles are usually fairly expensive and because it is 
difficult to obtain sufficient and accurate data from 
fast-moving flight vehicles, it is accepted practice 
to test rocket engines and components extensively 
on the ground under simulated flight conditions. 
Components such as an igniter or a turbine are 
tested separately. Complete engines are tested in 
static engine test stands; the complete vehicle is 
also tested statically. In the latter two tests the 
engine and vehicle are adequately secured by suit- 
able structures. Only in flight tests are they al- 
lowed to leave the ground. 

The static test facilities must be capable of* han- 
dling and disposing of the hot gases (5000°F) that 
are expelled from the rocket. For those rockets 
that must be tested in a vertical position, water- 
cooled metallic flame buckets are used to prevent 
ground erosion. 
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Fig. 13. Rocket-engine static test stand with elbow- 
shaped jet deflection bucket. 

Since rocket propellants are dangerous to handle 
(they can explode with an energy higher than an 
equivalent weight of high explosive), special pre- 
cautions and safet> provisions must he observed in 
fabrication, shipping, and testing. These include 
reinforced buildings of heavy construction that can 
withstand a blast, an extensive series of personnel 
warning devices, special fire-fighting equipment, 
limitations on the amount of piopellant in any one 
area and on the distance between buildings, the use 
of sparkproof tools, and a rigorous training of per 
sonnel. A typical facility for testing large rocket 
engines in a vertical position is shown in Fig. 13. 

The instrumentation is usually of the remote in- 
dicating or remote recording type. Pressures, tem- 
peratures. forces, operating sequence, flows, vibra- 
tions. and strains are some of the more common 
parameters measured. Special instruments are 
needed for many of these, for example, a pressure 
recorder with unusually high-frequency response 
for combustion gas vibrations and optical tempera- 
ture indicators for high-temperature gas. 

Storage, transportation, and servicing. As with 
other precise pieces of equipment, rocket engines 
must be handled carefully. Special equipment and 
procedures aie used for storing, transporting, and 
maintaining these engines. Moisture-tight trans- 
port containers aie used, which also provide some 
insulation against shock. For heavier engines spe- 
cial lifting and handling dollies are provided. For 
set vicing, overhaul, and maintenance, a series of 


special tools, checkout equipment, and spare parts 
are used. This is particularly important in engines 
that are used intermittently (aircraft) or that must 
he maintained in instant readiness for long periods 
of time. [g.p.s.] 

Bibliography : G. P. Sutton, Rocket Propulsion 
Elements , 2d ed., 1956; F. A. Warren, Rocket Pro- 
pellants , 1958; A. J. Zaehringer, Solid Propellant 
Rockets y 2d ed., 1958; M. J. Zucrow, Aircraft and 
Missile Propulsion vols. 1 and 2, 1958. 

Rocket staging 

One way to minimize the weight of large missiles, 
or space vehicles, is to use multiple stages. The 
first or initial stage is usually the heaviest and 
biggest and often called the booster; the next few 
stages are successive^ smaller and are generally 
called sustainers. Each stage is a complete vehicle 
in itself and carries its own propellant (either solid 
or liquid, both fuel and oxidizer), its own propul- 
sion system, and has its own tankage and control 
system. 

Once the propellant of a given stage is expended, 
the dead weight of that stage including empt> 
tanks, rocket engine, and controls is no longer use 
ful in contributing additional kinetic energy to the 
succeeding stages. By dropping off this useless 
weight, the mass that remains to he acceleiated is 
made smaller; therefore it is possible t(^ accelerate 
the payload to higher velocity than would be attain- 
able if multiple staging were not used. 

The table shows that the use of multiple stages 
in ambitious space missions gives a larger improve- 
ment in the weight of passengers and equipment 
that can he carried than its use in missions with 
less range. Various staging configuiations can he 
used. Multiple-stage arrangements are used in large 




Total payload as a function of the number of stages 
for specific missions. (Payload values are relative to 
each other) 


Mission 

Missile 
take-off 
weight, lb 

Payload, lb, for no. of stages 

12 3 4 

1500-mile bal- 






listic missile 

50,000 

2000 

2700 

t 

f 

6000-iniie bal- 






listic missile 

500,000 

* 

6000 

9000 

t 

Moon impact 

500,000 

• 

100 

1000 

3000 


* This mission cannot be achieved with h single-stage 
missile and chemicul rocket propulsion. The dry weight is 
so large a percentage of the total weight that the missile 
will fall short of its target even with zero pay load. 

f Gain from further staging is small. 

space vehicles, in some long-range ballistic mis- 
siles, various research rockets, and in certain anti- 
aircraft and air-launched military missiles. 

Ideallv it would be desirable to stop the propul- 
sion unit of the operating stage at the same time 
that the operation of the propulsion unit of the next 
stage is initiated. This dose timing is not possible. 
There are inherent difficulties in the separation of 
the stages caused by drag forces, the lack of gravity 
in space, the noninstantaneous starting and stop- 
ping of rocket engines, and the possible interfer- 
ence of various stages. Often a positive mechanical 
separation mechanism is included in the design 
that forces the two stages to separate. 

By staging a missile it is possible to improve its 
performance either by providing more range, more 
altitude, faster flight, or more payload, or by re- 
ducing the gross weight and the size of the missile 
for a given specific mission without diminishing the 
payload. It is quite possible to emrloy different 
types of power plants, different types of propel- 
lants, and entirely different configurations in suc- 
cessive stages of any one multistage missile, rte- 
cause staging adds complications to the missile, i. is 
impractical to have more than four or five stages in 
any one vehicle. See Rockf.t engine. [g.p.s.] 

Rocket-sled testing 

A method of subjecting structures and devices to 
high accelerations or decelerations and aero^v 
namic flow phenomena under controlled conditions. 
The test object is mounted on a sled chassis running 
on precision 9 teel rails and accelerated by rock- 
ets and decelerated by water scoops. This captive 
track testing of full-scale aircraft and missile com- 
ponents makes possible the recovery of expensive 
test sections, facilitates the instrumention of the 
test and the reception and recording of the data, 
and provides a degree of repeatability not normally 
achieved under conditions of free flight. The com- 
ponents tested may be the rocket engines them- 
selves, sections of flight vehicles, or equipments 
intended to operate under conditions of high ac- 
celeration or other specific environments such as 
structural vibration, acoustic vibration, and related 
aerodynamic conditions. 
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Test facilities. Sled facilities for captive flight 
testing have developed rapidly since their incep- 
tion in 1948. Such facilities play a major role in 
research and development of aircraft and missile 
components and equipment. Captive flight testing 
of complex and expensive structures is economi- 
cally desirable. In addition, the recovery of the test 
specimen for post-test examination greatly in- 
creases the information derived from the tests. 
High-speed track testing provides means for de- 
veloping dynamic loads closely simulating those of 
free flight and the assurance that the test vehicle 
will follow a programmed trajectory on the test 
range, enabling parameter measuring devices to 
record data on environment and performance with 
a precision otherwise unobtainable under dynamic 
conditions. This type of facility permits the test- 
ing and evaluation of sophisticated problems asso- 
ciated with manned and unmanned missiles. 

Captive-flight testing provides a high degree of 
repeatability of test conditions. Within the track 
operational limitations, specified velocities, accel- 
erations. and rates of change of acc eleration can be 
accurately repeated as many times as desired. 
Tests are conducted on general-purpose tracks at 
speeds in the vicinity of Mach 4. 

Four large, general-purpose tracks and twenty 
or so small, special-purpose tracks operate in the 
United States. A summary of the principal physical 
features of the four general-purpose tnicks is pre- 
sented in the accompanying table. In general, the 
test facility consists of a high-speed rocket-sled 
track of precision-aligned, crane or similar type 
rail fastened to a concrete foundation. Supporting 
facilities available include rocket sleds to carry 
test specimens at required velocities, vehicle-re- 
covery systems, instruments to sense and record 
the significant parameters, complete photographic 
instrumentation, and data-reduction resources. 

Test sled. The test vehicle takes many diversified 
forms ranging from the highly faired, aerodynami- 
cal! y clean type, used to explore the transonic and 
supersonic speed ranges, to the relatively simple 
all-purpose utility type used for testing in the sub- 
sonic and low transonic ranges. All sleds are car- 
ried on shoes or slippers that grip the railhead 
in order to prevent derailing. They mav be powered 
by either liquid- or solid-propelJant rocket engines 
(Fig. 1). In the interest of maximum operating 

Principal features of four major tracks 

Elevation Track Track. Rail Rail Continu- 
above sea length, gage, size, length, out- 

level, ft ft in. Ih/yd ft welded 


Edwaids* 

2300 

20,000 

56.5 

171 

39 

Yea 

Holloman* 

4000 

35,000 

B4 

171 

39 

Yes 

Hurricane 15 

5100 

12,000 

56.5 

105 

39 

Yes 

SNORT- 

2100 

21,550 

56.5 

171 

50 

No 

% 


• Air Force Flight Test Center, Edwards Air Foroe Base, Cali- 


b \; r Force Missile Development Center, Holloman Air Force 
Base, New Mexico. 

« Hurricane Supersonic Research Site, Hurricane Mesa, Utah. 
4 u.S. Naval Ordnance Teat Station, China Lake, California 
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Fig 1. Liquid-rocket-engine pusher sled This vehicle 
is propelled by a pressure-fed triple-chamber engine 
which operates on IRFNA (inhibited red fuming nitric 
acid) and JP-X (a type of rocket fuel) The engine is 
rated at 110,000 lb of thrust for a duration of 7% 


sec It can accelerate a 10,000-lb test item to Mach 
1 0 or a 4000-lb test item to Mach 1 5 Limited thrust 
control is available by shutting off one or two cham 
bers during the test phase. (Official U S ^Air Force 
photograph ) 


cameras 



Fig. 2. In tests of aircraft escape systems, anthropo- 
metric dummies simulate aircrew members High-speed 
cameras at top rear of test vehicle record performance 
of elected canopy, dummies, and seats Two-stage 
firing technique, using solid-propellant rocket motors. 


is shown. The first or pusher stage provides 55,000 lb 
of thrust for 2 sec, and the second or test vehicle 
stage provides 135,000 lb of thrust for 2 sec ( Official 
U.$ Air Force photograph) 


economy, test vehicles are designed for multiproj- 
ect use whenevei possible. For example, a test cab 
might be used for several seat-ejection projects 
(Fig. 2). 

Rocket sleds are recovered primarily through 
use of a water-braking system (Fig. 3), utilizing 
the principle of momentum transfer. It consists 


of a water source located between the rails, and u 
scoop and water turning channel mounted on the 
test vehicle. The gradient of the track through the 
braking area is downward ; therefore, the scoop on 
the sled takes a continuously deeper bite into the 
water as the sled progresses into the braking area 
The water thus picked up enters the channel, where 








it is turned through about \ 60 ° and discharged tor- 
ward and to the aides. 

Time-station history of the sled during a test is 
produced by a sled-borne magnet in conjunction 
with track coils wired to a recorder. A second type 
of velocity-measuring system in use consists of a 
sled-borne light source and sensing head in con- 
junction with track-mounted light-interrupter 
blades. The interrupted signal is tape-recorded on 
the sled or telemetered to recording equipment. 

Track programs. Tests conducted on the track 
provide initial design data, developmental evalua- 
tion, and performance measurements of completed 
components and equipments. 

Missile components. Such missile components as 
fuze and warhead systems, airfoils, engines, and 
guidance and control equipment are tested. The 
test programs include evaluation of (1) fuze ener- 
gizing and arming circuits and mechanisms; (2) 
sequencing and timing of specific engine func tions 
and performance under conditions of variable ac- 
celeration; (3) warhead systems free-flight- 
launched into the desired target or impact medium; 
and (4) guidance and control equipment under 
stable platform and controlled-acceleration envi- 
ronments. 

Escape mechanism Airscrew-escape methods 
and installations are tested on rocket-sled tracks 
for almost all experimental and operational mili- 
tary aircraft Test ejections and jettisonmgs are 
conducted at supersonic velocities. Data are re- 
(orded on seat and canopy trajectories, accelera- 
tions and decelerations of seat and dummies, 
aerodynamic stability of seats and canopies, noise 
levels at dummies’ ears, and pressure levels at crit- 
ical cockpit areas before and after canopy re- 
moval. 

Flutter testing. Testing of full-scale missile and 
aircraft empennage and airfoil sections is accom- 
plished on the rocket-sled-track facility. It i* a 
highly satisfactory means of investigating flutter 
( haracteristics. 

Parachute recovery. Tests are conducted to eval- 
uate and develop basic parachute materials and 
shapes. Complete parachute systems are also 
tested. Several revolutionary changes in design 
concepts have resulted from rocket-sled tests. 

Ram erosion testing. The all-weather reliability 
of guided missiles and radar aircraft depends upon 
the ability of their radomes to withstand the effects 
of rain at supersonic speeds. Tests on full-scale 
radomes are conducted by carrying the test item 
through a simulated rainfall range at the desired 
speed and prescribed time interval. 

Structures and materials. External force loading 
is accomplished on test items through the applica- 
tion of the desired acceleration or deceleration 
plateaus and onset levels. Through programming 
of solid and liquid propulsion motors, the desired 
accelerations and changes in accelerations may be 
obtained. If particular decelerations and changes 
m decelerations are desired, the rocket sled may be 
piogrammed to engage various restraint media and 
devices, such as, for example, water braking, fric- 





Fig. 3. Close-up of vertical momentum-exchange wa- 
ter scoop. ( Official U.S. Air Force photograph ) 


tion braking, air braking, and cable restraint sys- 
tems. 

Propulsion motors. The usual thrust package on 
a rocket sled consists of a cluster of similar or 
mixed types of rockets. Clusters of up to 20 me- 
dium sized rocket «• and clusters of up to 60 smaller 
rockets for specialized applications are used in a 
single firing. Rocket configurations with total 
thrusts of 200,000-300,000 lb are not uncommon 
for a single firing. 

Varying thrust requirements often result in a 
need for firing the rockets in stages. In-motion fir- 
ings are usually accomplished with static trackside 
power packages to hold sled weight to a minimum. 
The condenser-discharge technique uses a track- 
mounted electrically charged screen, which, when 
ruptured by a sled-borne conductor, supplies the 
necessary electrical charge to the sled-rocket fir- 
ing circuit. As many as 6 stages have been fired 
m a single test to conti ol acceleration. Coordinated 
firings of solid- propellant rockets and liquid-pro- 



Fig. 4. Rocket-sled-track ballistic curves. 


61 4 Rodentia 


pellant rockets are sometimes made to obtain the 
advantages of each. 

Solid-propellant rockets are frequently attached 
to basic liquid-propellant rocket vehicles and fired 
concurrently. They can be fired at the start of the 
test to increase initial acceleration, near the end of 
the liquid-propellant-rocket firing as a boost, dur- 
ing the test interval when air-drag neutralization of 
an appreciable part of the available thrust can be 
disadvantageous, or when the liquid propellant is 
expended, to sustain a test velocity. 

Liquid-propellant-rocket pushers are sometimes 
used in conjunction with test vehicles which con- 
tain solid rockets for second and subsequent 
stages, which ignite after shut-down of the pusher 
vehicle, separating the vehicles and leaving the 
pusher behind. 

Track ballistics. Typical performance curves 
are presented in Fig. 4. Curve A represents a 20,- 
000- ft track trajectory for a free- pusher and test 
vehicle combination weighing 5688 lb and utilizing 
solid-propellant rocket motors. A maximum ve- 
locity of Mach 4.0 is attained through a two-stage 
firing of 1.5 sec each and with maximum accelera- 
tions of 35 g and 87 g. The thrust pattern is 177,500 
lb for the first stage and 234,500 lb for the second 
stage. Included under this category are rain-ero- 
sion tests of radome materials and recovery-sys- 
tem tests. 

Curve B represents a track trajectory for a test- 
sled weight of 9750 lb. Solid-propellant rocket 
motors mounted on the test vehicle provide a thrust 
of 200.000 lb for a burning time of 3.9 sec. Maxi- 
mum acceleration is 30 g. Curve C represents a 
track trajectory for a test-sled and captive-pusher 
weight of 118,000 lb. The thrust is provided by 
solid-propellant rocket motors or liquid rocket en- 
gines of 500,000 lb thrust for a duration of 10 sec. 
An acceleration of 5 g is produced during accel- 
eration and recovery. This trajectory represents an 
extreme weight condition such as might be encoun- 
tered in testing complete missile systems or large 
components. 

Instrumentation. Diversified instrumentation sys- 
tems support the test programs. Commercial and 
specially developed equipments are used. Most 
tests require radio telemetry ; frequency-modula- 
tion multiplex is used to provide up to 84 separate 
analog channels, some with responses of a few cy- 
cles per second and others with responses up to 
3 kc. Occasionally tape recorders are carried on 
the sled. 

Motion and still photographs are regularly taken 
of tests. Most commonly, these are 16-mm motion 
pictures made at 24 frames per second (fps) to 
25,000 fps in black and white. Normal color ex- 
posures are limited to 1000 fps. For greater resolu- 
tion, 70-mra pictures at 20 to 50 fps are taken or 
still pictures ranging from 35 mm through 4 by 5 
in. and larger. 

To provide space-time data, metric ranges are 
installed parallel to the track. Photographic data 


from such ranges record trajectories as long as 
9000 ft and as high as 500 ft. Sled-borne cameras 
may supplement trackside equipment. See Air- 
craft testing; Wind tunnel. [e.c.] 

Rodentia 

An order of mammals characterized by a single 
pair of enlarged chisel-like incisor teeth. The other 
incisors, the canines, and the anterior premolars 
are missing in both jaws, leaving a characteristic 
gap between the chisel teeth and the cheek teeth. 
This is much the largest and most complex order 
of eutherian mammals; more than 350 genera of 
living rodents, and nearly as many genera of fossil 
rodents, are known. There are more species of 
rodents than of all other mammals combined. Ro- 
dents first appear iri the fossil record in the 
Paleocene, near the beginning of the Tertiary. 
The oldest known fossil rodents have all the fea- 
tures of typical extant rodents, and consequently 
the derivation of the order from more primitive 
mammals can only be inferred. 

The order Rodentia is divided into three great 
suborders. The Sciuromorpha includes the squir- 
rels and their relatives, together with the mountain 
beavers, true beavers, kangaroo rats, and pocket 
gophers. These are the most primitive of living ro- 
dents, many of them differing little from their 
Paleocene ancestors. The Myomorpha iqf Judes the 
tremendous variety of rats and mice, dormice, and 
jerboas. The Hystricomorpha includes the porcu- 
pines, cavies, agoutis, and spiny rats. The hystri- 
comorplyr are essentially a South American group. 

Throughout the Tertiary the rodents were the 
most numerous of all groups of mammals. Their 
small size, fertility, and great adaptability have 
contributed to this success. Today they are abun- 
dant on every continent, on oceanic islands, and arc 
distributed from the Equator to the polar regions. 
See Euthkria; Rodentia fossils. [ d.d.d.1 

Rodentia fossils 

Rodents, such as squirrels, gophers, beavers, mice, 
hamsters, voles, jerboas, porcupines, chinchillas, 
and many other groups are distinguished by their 
gnawing incisors. Rodentia is the largest mam- 
malian order, for it includes 42 families and moic 
than 900 genera. Rodents range in size from small 
living mice about 3 Mi in. long to the extinct giant 
dinomyid Eumegamys from the Pliocene in South 
America, which is thought to have been as large as 
a black rhinoceros. On the whole, the fossil record 
of the order is inadequate; phylogenies have been 
outlined for only a few families. 

Fossil forms, like those living, have enamel con- 
fined to the anterior and anterolabial corner of the 
incisors, incisive foramina of medium or small size, 
strong masseter and temporal muscles, with the mas- 
seter divided into three major parts. The lateral sur- 
face of the maxillary is without fenestrations; the 
cheek teeth are low- or high-crowned, with remarkable 
morphological diversity. The basic dental formula is 



5cm 

— 



Skull and jaw of Paramys delicatus, a middle Eocene 
rodent from Wyoming. ( After W. Matthew , 1910) 

1 0 , 2 , 3 

incisors j, canines premolars y, molars y. Sec Den- 

Til ION. 

The oldest known rodents (late Paleocene) are 
squirrel-like in appearance. They seem to have re- 
placed the mullituberculates. the earlier gnawing 
mammals. Ancestry of the rodents is not known, 
hut the order clearly belongs with the placentals. 
By the end of the Kocene rodents had evolved into 
seven families, two of which continued to Recent 
time. Approximated one-half of the rodent families 
were recognizable in the Oligoeene. Six more ap- 
peared in the Miocene, eight in the Pliocene and 
two in the Pleistocene. There are only four families 
wdth no known fossil record. See Mri TlilJHEM I - 
LAI A. 

From Eocene on. rodents spread widely through- 
out North America, Asia, and Africa. American 
hystricomorphs probably were transported across 
seaways on drifting vegetation from Central Amei- 
ica to South America during the earh Oligoeene. 
Later, of course, when the water barrier was elimi- 
nated, other groups reached South America. Murid 
rodents probablv dispersed to Australia in a similar 
manner sometime in the late Tertiary. No other 
lamilics reached Australia. 

The squirrels (Seiuridae) and criretids (C'ricet- 
idae) eventually reached every continent except 
Australia. Other families like the heavers (Castor- 
idae) and jumping “mice” (Zapodidae) were re- 
stricted to the Northern Hemisphere, while others 
remained on one or another of the large landmas r -ev 
Some of these are the gophers (Geornyidae) m 
North America, the dormice (Gliridae) in Eurasia, 
and the sand “rats” (Bathyergidae) in Africa. 

No order of mammals offers more problems on 
relationships between major groups (families and 
superfamilies) than does that of the rodents. Even- 
tually most of this will be worked out by tracing 
rodent evolution step by step through the fossil 
record, but at present their intraorder affinities are 
camouflaged in convergent, divergent, and parallel 
evolution of morphologic characters. [r.a.st.] 

Rodenticide 

A type of lethal chemical agent used to kill ro- 
dents, whether applied in bait, as a dust, or as a 
gas. The term also commonly refers to toxic ma- 
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terials used to kill a few inamtnals that are not ro- 
dents, such as moles, rabbits, and hares. 

Rodents become a pest whenever man provides 
them with a favorable habitat (food and shelter) ; 
and, regardless of the density of predators, certain 
field rodents mav become numerous whenever 
man’s land-use practices inadvertently create fa- 
vorable homes for them. 

Anticoagulant rodenticides, such as diphacin, 
fumarin, PMP, pival, or warfarin, sold under a va- 
riety of trade names, effectively control rats and 
mice by producing internal bleeding that leads to 
death. Small amounts of these anticoagulants must 
he consumed for several days in succession. Be- 
cause of the low concentrations employed in baits 
and the availability of effective antidotal treatment, 
anticoagulants offer a minimal hazard to man and 
pets. 

Rodenticides generally recommended to the pub 
lie ior use on rats and mice are the anticoagulants 
mentioned above and, les.» frequently, Antu 
(o-naptlivlthiourea, for Norway nils only), red 
squill (Norway raM. and zinc phosphide. Pre- 
pared baits sold on the retail market for both house 
and field rodenN include the above materials plus 
stivchnine (either as the alkaloid or as the sul- 
fate). Rodenticides now seldom used are arsenic 
trioxide. barium carbonate, and vellow phosphorus. 
Poisonous gases commonly used are calcium cya- 
nide, CalCNl-j. which in the presence of moisture, 
forms hydrocyanic acid gas (HCN) ; carbon mon- 
oxide, CO ( automobile exhaust ) ; carbon disulfide, 
CS 2 ; and methyl bromide, CH<Br. 

Rodenticides used as contact poisons in the form 
of dusts include Antu for Norway rats. DDT for 
house mice, and dieldrin and endrin for field ro- 
dents. The last two are sometimes used as liquid 
sprays, as is also toxaphene. Probably the most effi- 
cient rodenticides, especially for field rodents, are 
sodium fluoroacetate (Compound 1080) and thal- 
lium sulfate, in that order. These materials are not 
available to the general public because of their sec- 
ondary poisoning hazard and the lack id good anti- 
dotes. 

There is a continuous search for an ideal rodenti- 
cide and bait that is selective for the species con- 
cerned, hence safe to other native fauna, humans, 
and livestock; easily counteracted with an anti- 
dote; free of any secondary poisoning hazard to 
animals that might eat poisoned rodents; some- 
thing for which rodents cannot create a tolerance; 
painless; odorless; tasteless; and slow-acting to 
minimize the development of bait shyness (poor 
reacceptance) by rodents. No rodenticide is uni- 
versally effective, and both rodenticide and bait 
material should be periodically changed. See Pes- 
ticide; Rodentia. [w.e.h.] 

Roentgen unit 

A unit of ionizing radiation baaed on the energy 
absorbed in air when the air is exposed to radia* 
tion. Because the changes induced in living tissue 
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by ionizing radiation are proportional to the energy 
absorbed, the roentgen is commonly used in the 
measurement of ionizing radiations, particularly 
x-rays and y-rays, in the study of effects of radia- 
tion on living tissue. The roentgen is also used in 
measurements to determine safe conditions for per- 
sons working in the presence of ionizing radiation. 
The roentgen is defined as the amount of x-radia- 
tion or y-radiation such that the associated corpus- 
cular emission per 0.001293 gram of air produces, 
in air, ions carrying one electrostatic unit of charge 
of either sign. This amount of radiation delivers 83 
ergs of energy per gram of air. The same radiation 
will deliver varying amounts of energy to body tis- 
sue, ranging approximately from 90 to 110 ergs 
per gram, depending on the nature of the tissue. 

An extension of the roentgen in terms of com- 
parable energy absorption is the rad, defined as the 
amount of radiation producing an energy absorp- 
tion of 100 ergs per gram. The rad is now the offi- 
cially accepted unit, replacing the former rep unit 
which was not always easy to apply in practice. 

Another unit, the rem, defined as the quantity of 
radiation of any type which when absorbed by man 
produces an effect equivalent to that produced by 
one roentgen of 250 kilovolt x-rays, is not officially 
accepted because of its vagueness. See Radiation 

BIOLOGY. [ L.F.CS. ) 

Roll mill 

A series of rolls operating at different speeds. Roll 
mills are used to grind paint or to mill flour. In 
paint grinding, a paste is fed between two low-speed 
rolls running toward each other at different speeds. 
Because the next roll in the mill is turning faster, it 
develops shear in the paste and draws the paste 
through the mill. The film is scraped from the last 
high-speed roll. For grinding flour, rolls are oper- 
ated in pairs, rolls in each pair running toward each 
other at different speeds. Grooved rolls crush the 
grain ; smooth rolls mill the flour to the desired fine- 
ness. The term roller mill is applied to a ring-roller 
mill. See Gkinding mill. [r.m.h.] 

Rolling, metal 

Deformation of metal by compressive forces ex- 
erted by rolls. The most important rolling processes 
convert ingots into rods, strips, sheets, tubes, and 
structural shapes. Rolls may also be used for spe- 
cial applications such as roll forging, roll bending, 
and roll forming. See Forging; Sheet metal 
forming. 

The purpose of rolling is primarily to change the 
shape of cast ingots into finished products more 
quickly and more economically than could be done 
by other means such as forging. For some nonfer- 
rous metals bars, tubing, and structural shapes are 
more economically produced by extrusion processes 
(see Extrusion). In addition to the change in 
shape of the ingot, the rolling operation also re- 
fines the coarse, as-cast structure of the ingot. In 
cold-rolling, strength is increased by strain-harden- 


ing. A smooth finish and close tolerances can also 
be obtained. 

Types of mill. The equipment used for rolling 
depends upon such factors as size and shape of the 
finished product, amount of reduction to be attained 
in a single pass through the rolls, and type of metal 
being rolled. Grooved rolls are used for rolling the 
ingot down to intermediate shapes, such as blooms 
and billets, and for structural shapes. Cylindrical 
rolls are used for producing sheet and strip. The 
simplest type is the two-high mill, consisting of two 
equal-sized rolls arranged parallel and horizontal, 
one above the other, with the rolls rotating in op- 
posite directions (Fig. 1). The use of a three-high 
mill, where the top roll rotates in the same direc- 
tion as the bottom roll, eliminates the necessity of 
reversing the direction W rotation of the rolls if the 
stock is to be passed back and forth through the 
same mill. Power requirements can be reduced if 
small working rolls are used, but to compensate for 
the excessive elastic deflections of small-diameter 
rolls, larger hacking rolls must be used, resulting in 
some cases in a cluster of as many as five backing 
rolls for each working roll (called a six-high cluster 
mill). To avoid passing the stock back and forth 
through the same mill, a series of mills arranged 
close together in a line (continuous mill) mav lx* 
used; however, special care must be taken in the 
speed adjustment at each mill to compensate for 
the increased velocity of the strip or roc) as it is 
successively reduced in cr» ,s section at each set of 
rolls. Rolling mills may also be equipped with de- 
vices which guide the stock through the rolls, apph 
a back or front pull on the stock, and coil the fin- 
ished product. 

Theory Of rolling. As the rolls rotate, frictional 
forces such as Ff (Fig. 2) develop between the rolls 
and the material being rolled. Radial forces t, 
due to the rolling pressure depends on the friction, 
initial and final thickness of stock, roll diameter, 
and properties of the stock. Horizontal component 
Fh of resultant K between F, and F f is the force 
tending to draw the material into the rolls. The 
magnitude of this force at the point of entry E 
determines whether the stock will enter the rolls. 
At point E 

Fh = Ff cos y — F, sin y 

Entry becomes impossible when Fh = 0, or when 
Ff cos y = F r sin y, or Ff /F, = tan y. But 
F f /F r = /x = tan /, where /x is coefficient of fric- 



two-high three-high cluster 

mill mill mill 

Fig. 1. Typical roll arrangements in rolling mills. 




Fig 2. Forces acting between rolls and material. 

tion and / is friction angle. Therefore, stock can- 
not he drawn into the rolls when contact angle 
y exceeds frklion angle /. The friction angle can 
he increased hy roughening or grooving die rolls, 
which will increase the effective value of /i. 

Roll velocity V K must exceed the velocity V 0 of 
the material entering the rolls. /Jso. velocity J , of 
the material leaving the rolls must exceed the 
loll velocity. Thus there is a line across the tolls, 
called the no-slip line, whole the material velocity 
and roll velocity ate the same. Frictional forces on 
either side of the no-slip line are in opposite dilu- 
tions as at A and at B . The position of the no-slip 
line (point IS on diagram) depends upon the 
balance of horizontal forces Ft,. No-slip angle 0 is 
related to the friction angle; the no-slip line moves 
toward the entrance to the rolls when the friction 
is increased and toward the exit when the friction 
is decreased or when the degree of reduction is in- 
creased. If the no-slip line reaches exit point 
the metal will not be drawn into the rolls. 

Hot rolling. The rolling of a metal -af tempera- 
tures above its recrystallization temperature is hot 
rolling. As no strain-hardening results, greater re- 
ductions in thickness may he obtained to economic 
advantage. For most engineering metals, hot rolling 
is carried out at elevated temperatures where oxi- 
dation of the surface occurs readily. This leads tc 
scale formation, decarburization in the case of roll- 
ing steel, and rather limited dimensional control. A 
fiber structure also results from the alignment ol 
nonmetallic inclusions in the rolling direction. 

The first step in hot rolling is to roll a heated 
ingot into a bloom, which is a semifinished product 
of smaller si 7 e than the ineot and which will be 
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further processed into a billet or other shape. Most 
blooming mills are two-high reversing type mills. 
Grooves are cut in the rolls to accommodate the 
ingot and the various reductions in cross sections 
desired, several grooves of different dimensions 
being in each roll. By reversing the direction of the 
rolls and turning the metal on its side between 
passes, the piece may be pulled through the rolls 
perhaps twenty times before its dimensions are re- 
duced from, say, 18 in. X 21 in. to 4 in. X 6 in. 

The reduction of a bloom to a billet and then to 
a bar is accomplished in a continuous mill. To hot- 
work the stock on all sides, it is turned 90° between 
everv pair of rolls by the use of guides which twist 
the stock. Or the bloom could be rolled into a slab 
and then into strip or sheet, depending upon the 
dimensions of the final product. The maximum 
reduction per pass is normally limited to about 
SO r { , depending upon material thickness and roll 
diameter. However, a unique and unusual rolling 
mill (Sendzimir mill) has been developed which 
can hot-roll 2-in. stock down to Vio in. in one pass. 
This mill consists of a series of small working rolls 
(about 2 in. in diameter) mounted inside a cage 
which in turn surrounds a large backup roll 
(Fig. 3). As the backup rolls rotate at a speed of 
approximately 300 rpm, the cage rotates in the 
same direction at about 130 rpm. This causes the 
small working rolls to spin in the reverse direction 
at about 1200 ipm. The working rolls ate thus turn- 
ing in a direction against that of the stock and 
produce a hammering action on the strip. 
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Fig. 4. Piercing rolls with axes at an angle to each 
other spin a solid billet as they advance it over a 
mandrel to produce seamless tubing. 


Cold rolling. To maintain close dimensional tol- 
erance and obtain a smooth surface, the metal must 
be cold rolled. Theoretically, cold rolling could be 
carried out at anv temperature below the metal’s 
ret rvstallization temperature; however, the process 
is normally accomplished at room temperature. 
Cold rolling is always accompanied bv strain-hard- 
ening. which causes an increase in strength and a 
decrease in ductility. A preferred orientation of the 
crystal lattice also occurs, resulting in anisotropic 
mechanical properties (higher strength and lower 
ductility in a direction transveise to the lolling di- 
rection ) . 

Residual stresses generally result from cold roll- 
ing and are due to the non uniformity of plastic de- 
formation across the thickness of the stock. The 
nature of the stresses depends primarily upon the 
amount of reduction per pass If a light reduction is 
taken, the surface layers of the stock are plastically 
extended in the rolling direction to a greater degree 
than the core. This results in residual compressive 
stresses at the surface. On the other hand, if a very 
heavy i eduction is taken in one pass, frictional ef- 
fects at the contact surfaces cause the surface 
layers to be held hack, resulting in gi eater plastic 
extension in the core, and consequently residual 
tensile stresses at the surface. 

The pressure required to cold-roll a metal de- 
pends upon the strength of the metal, the coefficient 
of friction between the rolls and the stock, and the 
ratio of contact arc length L to metal thickness t. 
As ratio L/t increases, frictional influence becomes 
propoitionately greater in restraining plastic de- 
formation, thereby requiring greater pressure to 
cause a permanent thickness reduction. Thus, the 
apparent yield stress of the metal is raised as the 
L/t ratio is increased. The separating force, which 
is the average roll pressure times the contact area, 
increases (1) when the coefficient of friction in- 
creases, (2) when the material rolled becomes 


thinner, (3) as the hardness of the metal rolled in- 
creases, and (4) when the roll diameter is in- 
creased. Eventually a point is reached where the 
separating force becomes so great that no reduction 
is possible, the material merely being elastically de- 
formed as it passes through the rolls (the rolls and 
other machine parts also elastically deforming). 
To continue rolling, one of the following mav be 
done: lubiicate the rolls to i educe the friction, 
anneal the metal to soften it, pack roll (stack 
sheets and roll together thereby reducing effective 
L/t ratio), put tension on the strip, or use smaller- 
diameter rolls (to reduce L/t ratio). Excessive 
lubrication can move the no-slip line to the exit 
point of the rolls; no frictional foice is then avail- 
able to pull the stock through the rolls. 

Roll piercing. Most seamless steel tubing is made 
by roll piercing, wherein a hot, round billet is fed 
through two barrel-shaped rolls which are rotating 
in the same direction, but whose axes are at an 
angle to each other (Fig. 4) This causes the billet 
to spin and advance over a mandrel held between 
the rolls. The rolling action causes the center of 
the billet to rupture due to secondary tranverse 
tensile stresses, whit h oeeur when round stock is 
compressed in a radial direction Foicing the billet 
over the mandrel enlarges this tenfei cawtv and 
produc es a seamless tube. The pierced tube is then 
sized in subsequent rolling operations. 

Special rolling processes. Metal powders mav 
he rolled into sheets or strips by feeding the powder 
onto a carrier (such as a strip of paper), hot ot 
cold-rolling the powder and carrier together to 
form a strip, and heating the piessed powders to 
sinter them. The rolling and heating cycle are re 
peated to aehieye the requited density The eamei 
mav he peeled off or burned off in the first sintering 
operation. Advantages of rolling metal powders in- 
clude: maintaining very fine grain si/e, rolling 
sheets with no crystallographic orientation (grains 
are randomly oriented), obtaining purer metal 
sheets and cladding a metal carrier on one or both 
sides. The cost of equipment for rolling metal 
powders is relatively small. 

A process known as Tube-in-Strip produces a 
sheet of solid metal in which tubes are produced by 
inflating existing laminations in the sheet. Dming 
production of the metal ingot, rods of friable ma- 
terial are inserted in the ingot mold. During subse- 
quent rolling the rods crush to a fine powder. Bv in- 
serting needles into the ends of the channels that 
contain the powder and applying air or hydraulic 
pressure, the tubes are produced, the shape being 
controlled by use of profile dies. The product is 
particularly suitable for heat exchangers. 

A special rolling process for cold-forming a long, 
thin-walled tube from a short, thick-walled tube 
called cold power spinning (or by trade names such 
as Hydrospin) is in reality a combination of roll- 
ing, extrusion, and spinning. See Metal forming. 
Sheet metal forming. [r-lj.i 

Bibliography : J. M. Camp and C. B. FrancR 
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Rolling contact 

Two bodies are in rolling contact when their rela- 
tive velocity at the point or along the line of contact 
is zero. Common applications of rolling contact are 
the friction gearing of phonograph turntables and 
speed changers. Various instruments and controls 
utilize such contact. An understanding of rolling 
contact is essential in the study of hall and roller 
bearings. Finally, the concepts of rolling contact 
are helpful in the action of toothed gears. 

Pure rolling contact may exist between two cyl- 
inders — with either internal or external contact- 
rotating about their centers. Two friction disks 
have external rolling contact when no slipping oc- 
curs between them (Fig. 1 h. When any two bodies 
rotate about fixed centers, Kennedy’s theorem (the 
law of three centeis) indicates that the thiee in- 
stant centers for the system lie along a straight 
line. Thus, when two bodies in rolling contact are 
rotating with respect to a third body, their point of 
contact — an instant center must lie along the line 
connecting their centeis (Figs. 1 and 2). In Fig 2 
the location of the point of contact P may shift 
along line A11, hut it must alwavs lie on that line so 
long as rolling contact exists between bodies 2 
and 3 

Two curves in driving contact have their angular 
velocities inversely proportional to the segment^ 
into which the line of centers is divided by the com- 
mon normal to the mating profiles through the point 
of contact. Thi 4 * fact, along with the law of three 
centers, indicates that circular arcs plating about 
then centers are the only curves that can maintain 
a constant angular velocity ratio with pure rolling 
contact. 


driver 



Fig. 1. Rolling friction disks 



Fig. 2. Rolling contact with varying velocity ratio. 





Fig. 3. Friction gears, (a) Cones, (b) Variable speed, 
(c) Mechanical integrator. ( Internationa I Textbook Co.) 


To maintain rolling c ontact, the length of the arc 
of contact along eac h body during any given time 
interval must be the' same. In Kig. 2, if bodies 2 
and 3 are to maintain rolling contact and if point C 
is to contact D. the arc distanc es PC and PD must 
he equal. Also, when A and B are fixed centers, the 
sum of the radii to the point of contac t must he the 
same (or all positions of bodies 2 and 3. Since the 
lengths of the arcs of contact must he equal on 
each hodv, continuous rolling contact ieach body 
moving through one or more complete revolutions 
about its c enter of rotation ) will ordinarily demand 
that the periphery of each body be the same. An 
exception to this rule is the c a* e of bodies having 
c lrcular cross-sections through the point of contact 
and perpendicular to their lespective axes of rota- 
tion (lolling rones). Other geometric* shapes such 
as equal hyperboloids rotating about skewed axes 
give a combination of rolling and sliding contact. 
Equal ellipses, e u h totating about one of its foci 
and having the distance between centers equal to 
the major axis, can have rolling contac t. 

Since pure rolling contact implies equal linear 
velocity foi the point of contact on each body, a 
definite i elation exists between the radii to the 
point of c ontact and the angular velocities of the 
bodies. Referring to Fig. 2, velocity of P on each 
body is 

Vp2 = APg> 2 =* BPcoa *= V p% 

or 

oj 2 BP R-i 
C 03 AP Ri 

Thus the angular velocities of bodies in rolling con- 
tact arc inversely proportional to the radii to the 
point of contact. 

Friction gearing includes mainly rolling cylin- 
ders, cones, and disks. Spring-loaded bearings* may 
be used to reduce slippage. Because of the limited 
contact surfaces, friction gearing is generally lim- 
ited to transmission of low tqiques (Fig. 3). Fric- 
tion devices include friction cones, analogous to 
bevel gearing (Fig. 3a), Evan’s friction cones for 
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transmitting variable speeds by shifting the belt po- 
sition (Fig. 36), and the brush wheel and plate 
(Fig. 3c), an arrangement that permits change of 
velocity ratio as well as sense of rotation of the 
f%M4v [r.c.f.] 

: V. L. Dougbtie and W. H. James, 
MvQhmism, 1954. 

mnfDonstrtiction 

In delecting a roof system the important factors 
to consider are length of span, weight, heat-insulat- 
ing value, appearance of the undersurface, ease of 
maintenance, and cost. The roof system consists of 
joists, rafters, or purlins, the structural deck, and 
the roof covering. 

Wood, asbestos, ard asphalt shingles, slate, or 
roofing tile should not be used on roofs with a slope 
less than 6 in. vertical to 12 in. horizontal, unless 
special piecautions are taken to insure water- 
tightness. Pitched roofs are almost always framed 
in steel or wood. The roof deck is supported on 
purlins or rafters. The lower ends of the rafters rest 
upon the wall plate, and their upper ends are sup- 
ported by the ridge or by other rafters. Each end 
of a purlin rests upon the top chord of a roof truss. 
See Thi ss. 

A flat roof consists of a wood, steel, or composi- 
tion roof deck supported on steel or wood joists. 
The deck is surfaced with a built-up roofing formed 
bv cementing together several lavers of felt and 
topping with slag or gravel. 

Thin-shell roofs. Th in-shell constiuction is a 
structural method of enclosing spare in which the 
supporting stru< ture as well as the enclosing struc- 
ture is in the membrane. A shell is a rigid, curved 
membrane whose basic resistance to external forces 
is through tensile and compressive stresses. Bend- 
ing moments and shears, frequently of sufficient 
magnitude to control the design, occur in the region 
adjacent to the boundary. 

The thiee general classes of structural shells are 
the spherical or dome-shaped, cylindrical or barrel- 
shaped (Fig. 1), and hyperbolic paraboloid. The 



Fig. 1. Intersecting barrel shells roof the Administration 
Building at the St. Louis airport. Concrete is covered 
with an insulated plywood deck topped with copper 
sheeting. The underside is covered with acoustical plas- 
ter 



Fig. 2. A folded plate roof of thin-shell concrete is 
cantilevered over the sidewalk at this department store 
outside Tampa, Florida. 


surface of a spherical or a conoidal dome is de- 
scribed bv revolving an aic of a cin le about an 
axis parallel to its radius. An elliptic al dome is 
described by revolving an ellipse around its minor 
axis. One of the largest of its tvpe, the^pherical 
shell for the IJniversitv of Illinois arena and audi 
torium, has a 400-ft free-span diameter and a 
minimum thickness of in. 

One o^the shapes that adapts well to thin-shell 
construction is the hvperbolic paraboloid, whose 
surface is formed by sttaight sections. Intersecting 
hyperbolic paraboloids and segments of hvperbolic 
paraboloids connected together and cantilevered 
from a common support are just two of the possi- 
bilities of this graceful form of design. 

The corrugated or hipped plate roof and the 
folded plate roof are forms of construction that are 
not pure shells because their surfaces ate not 
curved (Fig. 2). However with these forms of 
construction, large areas can be spanned with very 
thin sections. 

Roof stresses. Each member of the roof system 
must be designed to withstand the maximum stress 
likely. To determine this stress it is necessarv to 
know the magnitude and position of the load. The 
loads to be considered are weight of the roof sys- 
tem, weight of snow on the roof, wind, and, in some 
localities, forces due to earthquake. Snow load 
should cover only that portion of the roof necessarv 
to cause maximum stress in the member under con- 
sideration. The magnitude of the wind load depends 
upon the slope of the roof. There may be pressure or 
suction on the windward slope, and there is always 
suction on the leeward slope. [c.n.g.j 

Root (botany) 

The root is the absorbing and anchoring organ of 
vascular plants ; it bears neither leaves nor flowers 
and usually is subterranean. The first structure 
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icrgmfi from the embivo of a germinating seed is 
T e radirle, or primary root. It may grow indefi 
,tel>. forming many secondary or branch roots or 
"tmay tea*e g roWlh and d,e short *y after germina- 
tion If the P rimar y rno i t P ersist& the dominant 
AX is of the root system, it is called a taproot Hoots 
arising from any plant part Other than the primary 
root or its branches are known as adventitious 
roots. Most frequently these come from stems, but 
m some plants they may originate from leaves. The 
prop roots of corn (Zea), screw pine ( Pandanus ), 
and mangrove ( Rhizophora ) are examples of ad- 
ventitious roots. Adventitious roots, all of similar 
size, form the entire root system of most grasses, 
w huh thus appear as a mass of long slender struc- 
tmes Such sNsVems, ate comtnon\\ caWeA hbtous 
roots laptooVs and oV\\ets taeommg enlarged vn 
connetUon vntYt vYve storage ol lood are c A V\ed 
fleshy Toots. 

Duration Of roots. Roots developing from plant* 
whirh live for one growing season only aie said t< 
be annual For example, many weeds and grasse 
including grains such as wheat coin, and oat hav< 



Pig. 1 . Kinds of roots, (a) Adventitious on a cuttin 
or slip (geranium), (b) Prop and other adventitioi 
(corn) (c) Fibrous adventitious (grass), (d) Primary, c 
taproot (dandelion), (e) Fleshy taproot (carrot). ( 
Fleshy fascicled adventitious (dahlia), (g) Aquatic a< 
ventitlous (water hyacinth), (h) Aerial adventitioc 
(English ivy). ( t ) Aerial adventitious (orchid). (/) Pot< 

<■*:«. i * t~i .4 u «tuuni MrtHHer). 


I ° r \ i )erslst,n S f° r two growing seasons are 
d . S,,f ds luennial, as those of beets, carrots, 

anc turnips Smh loots accumulate food during the 
! rst gr J wln K s cason Although the shoots usually 
If w,lh J the adve «t of winter, these roots remain 
a ive and the food in them provides the main source 
0 cn€r gy &ud sustenance for the growth and de- 
velopment of new shoots and subsequently the flow- 
ers, fruit, and seed during the second and final 
growing season of the plant. See Bifnnial plants. 

Root systems that < ontinue to grow and f unc tion 
foT three or more year^ are called perennial, as 
those n{ trees and shrubs See Perennial plants. 

Man> plants have annual shoots, but biennial or 
perennial roots, as well as roots ol v Wts vW 
tomp e\e\) atvx\v\a\ vo \p\w\wt dVe te^uvos, md\ 

^VS\ \wt WHtte Vrtan erne year whew vhe^c pVanYs axe 
grown vi\ tropic aA aTca^ 

Media in which roots grow. Most roc ts arc ter- 
restrial (growing in soil), bul some are aquatic 
(growing in water ), and otheis are aei ul (gi owing 
in an ) The holdfast roots of English ivv are con- 
sidered aerial roots Also many tropical plants, 
such as epiphytic orchids and bromeliads growing 
on the branches of trees, have aerial loots with a 
specialized smlace tissue, the velamen This tissue 
is presumed to absorb atmospheric moisture or to 
pi effect the root from loss of moisture Parasitic 
plants, such as dodder (Cute Ufa), have specialized 
root l ike hailstorm which penetrate the host plant 
and absorb water and nutrient substances, [na ] 
Root systems. Ihe extent of the system or rool 
mass varies m relition to inherited growth char- 
acteristics and factors such as ^oil porosity, aera 
tion, and the availability of water In general, rool 
systems are extensive, spreading widely or pene 
trating deeply, the numerous finer branches anc 


Table 1. Dimensions of root systems* 


Plant 

Lateral 
spiead, ft 

Depth, 

I it tie HI nest cm, \ndropt>gon 



stopanrus 

1 0 

40 

Blazing Rtai, Lialris punctata 

90 

16 0 

Coniaiuhe cactus, Opuntia 



ramanrhna 

9 0 

28 

Wheat Tt thrum aestn am 

2 0 

50 

( oin, Zea mavs 

8 0 

7 0 

Sugar beet, Rein mlqnrts 

3 ft 

6 0 


* Based on dnto from J h Weaver, Hoot Development a 
Field Crops , McGraw-Hill, 1926 


Table 2s Quantitative characteristics of root systems* 



Crested 

wheal 

grass 

Winter rye 

Coffee 

Age 

2 years 

4 months 

3 years 

Soil mass 

56 cu ft 

2 cu ft 

270 sit \ 

Total root length 

315 miles 

387 miles 

14 6 mii 

Number of roots 


13,000,000 


Total surface 


2,554 sq ft 



• Based on data from various sources as cnimmarfa 
by p J Kramer, Plant and Soil Water Relationship 
M^ruw-Hill 1949 
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their root hairs being in contact with a large volume 
of soil. Their physical attributes are evaluated in 
different ways. For example, as much as 30 feet of 
root with an external surface up to 65 square inches 
have been found in 1 cubic inch of soil from under 
grass. In many species the root system constitutes 
the bulk of the plant body. Although most of the 
roots of many trees may be found in the top 4-5 
feet of the earth’s crust, their lateral spread may 
extend through the soil considerably beyond the 
tips of the longest branches of the crown. The form 
of root systems differs with the origin and manner 
of growth of their members. Nearly all are varia- 
tions of taproots and fibrous roots. 

Taproot . In taproot systems the primary root 
forms a dominant central axis. The main root pene- 
trates rather deeply into the soil and is generally 
larger than its branches. Plants with taproots range 
from trees, in which the primary root and its main 
branches are thick and woody, to herbs in which 
the taproot may be rather slender or develop into a 
fleshy food-storage organ as in a carrot plant. 


Fibrous roots . Several to many main roots of 
equal dominance typify fibrous root systems. Most 
commonly these main roots arise adventitiously 
from the stem as in grasses, but sometimes fibrous 
roots are composed of branches of a primary root 
that ceased to be dominant. In some species root 
systems organized like fibrous roots are composed 
of thick and fleshy units, for example, those of 
dahlia. 

Root cuttings. Roots of many plants normally 
form buds from which shoots develop, or they may 
be induced to form buds by injury or severe prun- 
ing. Cuttings, or short lengths, of roots may be 
planted to propagate such plants (.see Reproduc- 
tion, plant). 

Primary tissues Of roots. Roots are character- 
ized by a pattern of apical growth similar to that 
of stems. See Stem (botany). Cells formed by 
meristematic activity (cell division) in the root 
tip are added to the body of the root. The addi- 
tion of the cells and their subsequent elongation 
result in growth in length of the root. Cells derived 
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Fig. 2. Root-tip organization of a tomato plant, (o) 3, epidermis (protoderm); 4, cortex (ground meristem)r 

Median longitudinal section, (b, c) Transverse sec- 5, central cylinder (procambium); 6, protophloem; 

tions of same root at 160 and 480 microns behind 7, pericycle; 8, endodermis. 
apex respectively. 1, root cap; 2, apical meristem; 


from the meristematic tip develop into the primary 
tissues of the root. A terminal root cap covers the 
meristematic region (Fig. 2a). Although cell divi- 
sion can be observed at some distance behind the 
root cap, the central cells adjacent to it and their 
most recent derivatives are commonly designated 
as either the apical meristem or root apex (see 
Meristem, apical). 

Apical meristem The apical meristem adds cells 
to both the root cap and the root proper. It is com- 
posed of initials— cells in terminal position —and 
their immediate derivatives, cells in subterminal 
position. The arrangement of the initials varies in 
different plants. Commonly they occur m two or 
more horizontal rows or tiers which have specific 
developmental relationships with the primary tis- 
sue regions and the root cap. In many plants, how- 
ever, the initials are not arranged in tieis and foim 
a meristematic region common to all primary parts 
of the root. In some lower vascular plants, such as 
most ferns, all root tissues arise from a single mei- 
istematic apical cell. Several studies on loots of 
higher plants have indicated that the apical meri- 
stem has the shape of an inverted cup. with cell 
divisions being most frequent along the periphery 
of this cup Most of the apical cells lying within 
the inverted cup appear to divide rarelv during 
normal growth of the root. Studies with radioiso- 
topes support this view. Dividing nu< lei accumulate 
certain isotopes Autoradiographs of sections from 



Fig. 3. Roots, transverse sections showing primary 
and secondary tissues, (a) Soybean, (b) Barley (c) 
Soybean, enlarged portion of (a) illustrating *early 
formation of cambium, (d) Soybean with abundant 
secondary tissues. 1, epidermis; 2, cortex; 3, central 
cylinder (stele); 4, endodermisj 5, pericycle; 6, proto- 
phloem; 7, metaphloem; 8, protoxylem; 9, metaxylem, 
development of central cells not complete; 10, primary 
phloem fibers; 11, cambium; 12, divided pericycle 
cells; 13, secondary xylem; 14, secondary phloem; 
15, remnants of cortex; 16, periderm. 
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root tips of the few species studied have shown 
little or no radioactive substance m the cells at 
apex, whereas radioactivity was pronounced in the 
subapical regions and root cap where dividing cells 
are frequently encountered. 

Root cap . During root growth in the soil, cells 
are lost from the root cap surface as others are 
added by the apical meristem. The outer cells en- 
large as they mature and the walls become highly 
mucilaginous. The passage of the root tip through 
the soil is believed to be facilitated bv the mucilagi- 
nous substances. 

Primary menstems Cel 1 divisions are most fre- 
quent in the primary tissue regions of the root 
which usually become distinct immediate! v behind 
the apical meristem In recognition of their meri- 
stematic nature at this root level, these regions are 
often designated as primary meristems. These meri- 
stems are the protoderm, ground meristem. and 
procambium. Protoderm iepresents the surface 
layer which develops into the epidermis; pro« am- 
bium designates the rcntial region which forms the 
vascular cylinder (stele), and ground meristem 
constitutes the remaining tissue which gives rise to 
the root cortex. 

Epidermis The root epidermis usually consists 
of a single layer ot elongated, thin-walled cells in 
which the cuticle is difficult to demonstrate with 
<ertaint\ (Fig b) In many older roots the epi- 
dermis is sloughed off. If the layer persists in ma- 
tin e roots, more or less conspicuous cutinization or 
othei wall modification may develop. The produc- 
tion of root hairs is the most outstanding feature 
of the root epideimis ( see Epiofrmis, i>r ant) . 

Root hairs These structures develop as narrow, 
tubular outgrowths of epidermal cells, their walls 
and contents being < ontinuous with those of the 
main bod\ of the cell They increase the absorbing 
surface of the root bv contact with a much greater 
volume of soil than would be touched bv the root 
surface without hairs. All epidermal cells may be 
capable of producing root hairs, or m some species 
they may be formed only from special short cells, 
called trichoblasts. Root hairs are usually confined 
to a short length of root behind the zone of elonga- 
tion. Those toward the root tip are youngest and 
toward the base they are progressively older and 
longer. As a root grows in length, new root hairs 
are initiated toward the tip while the oldest ones 
usually degenerate. The newly developing root 
hairs moke contact with additional soil particles 
and maintain an extensive absorbing surface. 

Cortex. Thin-walled cells among which intercel- 
lular spaces develop to varying degrees are com- 
mon features of the root cortex. Cells may be ar- 
ranged more or less irregularly or they mav show 
radial or concentric patterns, separate or m combi- 
nation. Cell arrangement may reflect some Aspects 
of cortical growth; for example, radial 9eriation 
arises as the result of centripetal growth involving 
successive periclinal (parallel with the circumfer- 
ence) divisions of the innermost cells. If these divi- 
sions are synchronized, rings of cells or a concern 
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trie pattern may also be apparent. Small inter- 
cellular spaces, schizogenous (splitting of adjacent 
cell walls) in origin, develop near the root apex, 
particularly in the inner cortex. Larger lysigenous 
(dissolution of cells) cavities may also develop in 
the older root. One or more layers of the outermost 
cortical cells may develop suberized or lignified 
walls which serve protective functions. Those of the 
innermost layer usually become specialized as an 
endodermis (see Cortex, plant). 

Endodermis. Cells of the endodermis exhibit wall 
modifications which involve thickening and deposi- 
tion of suberin or lignin. After the centripetal 
growth of the cortex is completed, suberin and 
lignin are deposited in the form of a band, the Cas- 
parian strip, on and within the transverse and radial 
walls of the endodermal cells. In many roots the 
endodermal cells undergo no further changes; in 
others an extensive thickening of the radial and 
inner tangential walls follows (see Endodermis) . 

Perieycle. The outer portion of the central cylin- 
der, or stele, is designated as the perieycle, which 
may be one or more cell layers in thickness. Al- 
though generally continuous, it may be interrupted 
by xylein elements as in roots of some grasses 
(Fig. 3c). Cell divisions in the pericvele initiate 
the growth of lateral roots and contribute to the 
formation of the vascular cambium and periderm 
in roots with secondary growth (see Pericylle) . 

Vascular system . The vascular system, consisting 
of primary xylem (water-conducting ) and phloem 
(food-conducting) tissues, constitutes the bulk of 
the central cylinder in many roots. Phloem occurs 
in strands near the periphery; xylem alternates 
with phloem, either as strands or as ridges of a 
central xylem mass. This distribution, that is, radial 
arrangement, of xylem and phloem is characteristic 
of roots. Whereas a central pith occurs in the roots 
of some dicotyledons, it is common among mono- 
cotyledons, although in many of the latter the cen- 
tral core consists of lignified parenchyma including 
one or more strands of water-conducting cells. 

The outer xvlem in the ridges or strands is the 
first to mature and is designated as protoxylern; 
the inner matures after the protoxylern and is 
called the metaxylem. Thus the maturation of the 
primary xylem occurs in a centripetal direction 
and the xylem having such a pattern of maturation 
is termed exarch. Protophloem is likewise external 
to metaphloem. As seen in cross sections the points 
of origin of the protophloem and protoxylern may 
be called the phloem and xylem poles, respectively. 
The number of poles varies among roots of different 
plants, different roots of the same plant, or in dif- 
ferent levels of the same root. Roots are described 
as monarch, diarch, and triarch, on the basis of 
whether there are one, two, or three poles; those 
with many poles are designated as polyarch. Dicot- 
yledon roots geneially show fewer poles than those 
of the monocotyledons (see Phloem ; Xylem ) . 

Lateral roots . Root branches or lateral roots are 
generally produced at some distance behind the 
apex, and they originate endogenously, or deep 


within the tissues, arising near either phloem or 
xylem poles or between them. A lateral root is com- 
monly initiated by localized cell divisions in the 
perieycle; however, in lower vascular plants the 
initial divisions may involve endodermal cells. Con- 
tinued divisions produce a primordium in which the 
root cap, apical meristem, and primary tissue re- 
gions are soon organized. The young root grows 
through the cortex and by the time it emerges on 
the surface, vascular connections with the main 
axis are established. 

Elongation. Some elongation characteristic of 
primary growth of the root results from the in- 
crease in number of cells in the meristematic tip. 
but most of it is produced by the elongation of cells 
behind the meristematic region. The location and 
extent of the zone of eloiigation varies, in part witli 
root size and stage of growth. For example, in rela- 
tively thin, rapidly growing roots of timothy 
( Phleum ) the zone of cell elongation occurs 450- 
1400 microns behind the root apex, whereas in 
larger primary roots of corn (lea) the zone lies 
2000 9000 microns behind the root tip. 

Differentiation. The primary tissues of the root 
begin to differentiate during the elongation but 
complete their differentiation, or become mature, 
after the elongation ceases. Differentiation consists 
in a series of changes through which the cells be- 
come more or less specialized with regaijJ to the 
functions they carry out in the mature state. The 
differentiation follows characteristic patterns in 
both longitudinal and transverse directions. Thus, 
for example, the protophloem matures closer to the 
apex than the protoxylern, and both differentiate in 
the direction from the base of the root toward the 
apex, that is, acropetally. The metaphloem and 
metaxylem follow in the same direction. As seen in 
cross sections, both phloem and xylem mature in a 
centripetal direction, that is, from the periphery of 
the vascular cylinder toward its center. The phe- 
nomena of growth, that is. cell division and cell en- 
largement, overlap with the earlier phenomena of 
differentiation so that the sequence of maturation 
of a root is highly complex. 

Secondary tissues of roots. The formation of 
secondary xylem and secondary phloem by the 
vascular cambium is the chief characteristic of sec- 
ondary organization in roots (.see Meristem. Lat- 
eral). Other structural modifications invariably 
accompany cambial activity and thus are also fea- 
tures of the secondary stale. 

The extent of secondary tissue formation in roots 
generally parallels that in stems. Trees and shrubs 
with woody stems are known to develop woody 
roots. Herbaceous plants with a smaller volume of 
secondary tissues in the stem also show less cani- 
bial activity in the roots. However, roots of plants 
that have little or no secondary vascular tissues in 
the stems have not been investigated widely to 
determine the presence or absence of a cambium. 

Development of vascular cambium. Formation of 
the vascular cambium in the dicotyledons begins at 
root levels where primary development is approach- 



ing completion. When viewed in transverse section, 
the cambium first appears as short disconnected 
arcs of periclinally dividing cells internal to the 
phloem strands. As vascular cells are formed h\ the 
periclinal divisions in the arcs of cambium, peri- 
cycle cells opposite the xylem poles also divide 
periclinallv. Inner cells formed by divisions in the 
pericycle differentiate as cambium and unite the 
arcs internal to the phloem. A circular or cylindri- 
cal distribution of the cambium results from the 
accumulation of secondary xylem internal to the 
phloem strands, whereby these strands and adjacent 
cambium are displaced outwardly. Subsequently, 
complete cylinders of secondary xvlcm and second- 
ary phloem are deposited inside and outside the 
cambium, respectively (Fig. 3 d). As cainhial a<- 
tivitv progresses, the outer tissues are subjected to 
tension and pressure. Primary phloem is crushed 
and individual cells degenerate except for those 
which in some plants differentiate into primary 
phloem fibers. The cortex mav be split and < om 
pletely shed as described in the subsection on peii- 
derm which follows. The original cambium adjusts 
in circumference to diameter increase and normally 
continues to function throughout the life of the 
root. 

Although monocotyledons generally lack cambial 
activity, in some, sec ondary growth results from 
the activity of a cambiumlike thickening metistem 
that originates in the pericycle or cortex and pro- 
duces a secondary bodv of vascular bundles em- 
bedded in parenchyma tissue 

Set ondary vascular tissues. The cambium and 
sec ondary tissues derived from it are similar in gen- 
eral organization to those of the stem, hut certain 
quantitative differences between the 'oot and stem 
tissues and their constituent cells are present One 
of the most common characteristics of roots is a 
relatively large volume of parenchyma, a fea ure 
considered to he a result of high degree of spec ali- 
zation for storage. The abundant parent hvma re- 
sults either from normal cambial activity or from 
anomalous growth involving irregular cell prolif- 
eration in the secondary xylem or formation of ad- 
ditional layers of cambium outside the normal. 

Periderm. Periderm, a secondary protective tis- 
sue, is characteristic of woody roots, hut it may not 
develop in those with onlv a small degree of cam- 
hial activity. This tissue is derived frhm a lateral 
meristem called pbellogen, or cork cambium, which 
most commonly has its origin in the pericycle. Its 
characteristic component is the cork tissue. See 
Bark; Periderm. 

After the vascular cambium becomes complete 
outside the xylem poles, periclinal divisions in the 
pericycle continue around the vascular cylinder 
and the outer cells thus formed function as a phel- 
logen. It begins to form periderm as the vascular 
core enlarges and stretches the cortex, which is 
ultimately split and shed. If the original periderm 
is ruptured by diameter growth, new layers are 
formed from new phellogen which differentiates in 
parenchyma of the secondary phloem. 
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Periderm formation may also follow a different 
course. In some dicotyledons it first arises from 
suhepiderinal cells but subsequently another is 
formed from a proliferated pericycle. In others, it 
originates only in the outer cortex. Many roots with 
little or no secondary thickening lack a periderm, 
the outer protective tissue being the persisting 
cutinized epidermis or an exodermis of subepider- 
mal origin. The exodermis comprises layers of cells 
with suberized or lignified wall thickenings. 

Root and shoot connection. The more or less 
cylindrical vascular system of the root is morpho- 
logically distinct from that of the shoot which is 
composed of interconnected vascular bundles. In 
the hypocotyl (seedling axis below the cotyledons) 
the vascular tissues are arranged in a pattern that 
is intermediate or transitional between those of the 
two systems, root and stem. Because of its inter- 
mediate structure, the hvpocotvl is often designated 
as the transition region. In this region, the rather 
solid vascular core of the root, with its radial tissue 
arrangement and exaich xylem, is merged with 
separate collateral, vascular bundles having en* 
darch xylem. These bundles aie the leaf traces of 
the cotyledons, the first foliar organs of the shoot. 
Structural features of the transition region are re- 
lated to spatial adjustments which provide tissue 
continuity between the root and shoot systems of 
contrasting airangements of tissues and patterns 
of differentiation. 

The organization of the transition region varies 
greatly in different species. Essential features of a 



Fig. 4. Diagrams of vascular transition in dicotyledon- 
ous seedling (beet. Beta vulgaris) from root tip up* 
ward to level of cotyledons (a-e). Root (a) is dlarch; 
its vascular tissues are continuous with those pf the 
cotyledons (e) through the transition region (b>c,d) in 
the hypocotyl. (K. Esau , Plant Anatomy > Wiley, 1953;) 
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pattern common among dicotyledons are shown in 
Fig. 4. In this example the diarch xylem plate of 
the root is continuous with two leaf traces of the 
cotyledons, each obviously double in structure. At 
successively higher levels the relative position of 
protoxylem and metaxylem changes. Each phloem 
strand of the root is connected with each of the two 
cotyledonary traces. Initial union with the vascular 
system of the epicotyl (shoot above the cotyledons) 
is established indirectly with the root, the traces of 
the first leaves remaining distinct throughout the 
hypocotyl. 

Other types of transition occur in plants with 
more than one cotyledonary trace or with three or 
more poles of xylem and phloem in the root. Differ- 
ences in the timing of epicotyl development and in 
the pattern of germination (epigean or hypogean 
cotyledons) also effect variations in the transition 
region. In plants that develop a cambium, second- 
ary tissues are continuous between the root and 
stem. 

The general organization of the transition region 
in gymnosperms is similar to that of dicotyledons, 
any variations being related to the usually greater 
number of cotyledons in gymnosperms and to the 
number of traces to each cotyledon. In monocoty- 
ledons the vascular system of the root is commonly 
connected with those of the single cotyledon and 
the epicotyl; transitional characteristics may oc- 
cur in both connections or only in that with the 
cotyledon. A particularly complex transition char- 
acterizes the grass family, Gramineae. Vascular 
strands of the root join in a nodal plate at about 
the level of the scutellum or cotyledon. Also joined 
with the plate are vascular strands of the scutellum, 
coleoptile (first leaflike structure above the coty- 
ledon), and first leaves. In this complex pattern the 
transition between vascular systems of root and 
shoot is relatively abrupt and the root svstem is 
connected with more than one leaf above the scutel- 
lum. See Sefd (botany). | c.hl. ] 

Bibliography : See Plant anatomy. 

Root (mathematics) 

If a function fix) has the value 0 for x = a, a is 
a root of the equation /(*) =0. The fundamental 
theorem of algebra states that any algebraic equa- 
tion of the form (M\X n -f a\x n 1 4 * ' • a T , + 
fln = 0 where the au s are real numbers, has at least 
one root. From this it follows readily that such an 
equation has roots, real or complex, in number 
equal to the index (here n ) of the highest power 
of x. 

Furthermore, if a 4- ib (where i =■ V— 1 ) is a 
complex root of the given equation, so is a — ib , 
the conjugate of a 4- ib. Equations of degrees up 
to 4 may be solved algebraically. This statement 
means that the roots may be expressed as functions 
of the coefficients, the functions involving the ele- 
mentary arithmetical processes of addition, multi- 
plication, raising a number to a power or extract- 
ing the root of a certain order of a given number. 
It has been proved by H. Abel and by E. Galois 


that it is not possible to solve algebraically the gen- 
eral algebraic equation of degree higher than four. 
However, it is possible to determine the real roots 
of an algebraic equation to any desired degree of 
approximation. 

The term zero is sometimes used in lieu of root 
when dealing with functions which are defined as 
infinite power series. Thus, one talks about the 
zeros of sin x , cos x , and Jo(x) (the Bessel func- 
tion of first kind and zeroth order). Each of these 
three functions may be expressed as an infinite 
power series. 

Numbers are called transcendentals if they can- 
not be the roots of any algebraic equation with in- 
tegral or rational coefficients. The most important 
transcendental numbers are 7r, the ratio between 
the circumference of a ciiVle and its diameter; and 
e, the base of the system of natural logarithms. 
See Calculus, differential and integral; Equa- 
tions, theory of; Numerical analysis. [a.n.l.J 

Root-mean-square 

The square root of the arithmetic mean of the 
squares of a set of numbers is called their root- 

mean-square. If the numbers are x ]y X\ 

x ny the root-mean-square is equal to 

•Vi 2 -f a-2 2 -I- %;? ■ + -V, 2 

n 

It is valuable as an average of the magnitudes oj 
quantities, and it is not affected hy the signs of the 
quantities. 

Among Applications of root-mean-square the 
most important is the standard deviation from the 
arithmetic mean. If 

. . . Xi 4- X2 4- *3 + r n 

x = arithmetic mean = 

then the standard deviation * 5 = 

(*1 - x) 2 + (x 2 - x) 2 + (*3 - x) 2 (x„ - *) 2 

n 

Thus standard deviation from the mean is the root* 
mean-square of the deviations from the mean. It 
has a great advantage over other measures of devi- 
ation because its computation can be greatly facil- 
itated by the following transformation. If a set of 

values X'l* X 2 , x a x n are each reduced by 

the same number k and then the results are divided 
by the same number p, the root-mean-square of the 
deviations of the resulting quantities from their 
mean is equal to 1/p times the root-mean-square of 
the deviations of the *s from their mean. Thus if 
x x = pu t 4 A, 

standard deviation of the xs * p X (standard 
deviation of the u f s) 

The most common method of minimizing errors 
in the use of a formula to fit empirical observations 
is that of determining the coefficients in the for- 
mula so as to make the mean of the squares of the 
errors least. This is the principle of least squares. 
Its relation to root-mean-square is obvious since 
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minimizing the root-mean-square of the errors ac- 
complishes the same purpose. See Curve iittinc; 
Statistics. Th.r.c. j 

Rope 

A long flexible structure consisting of many strands 
of wire, plastic, or vegetable fiber such as manila. 
Rope is classified as a flexible connector and is 
used generally for hoisting, conveying, or trans- 
porting loads; transmitting motion; and occasion- 
ally for transmitting power. For flexibility, and to 
reduce stresses as the rope bends over the sheave 
(pulley), a rope is made of manv small strands 
rather than few large ones. 

Wire rope. In making wire rope, the wires are 
preformed and wound into strands which are then 
twisted together to form the rope. A hemp (‘enter 
is usually used to hold lubricant for ledming fric- 
tion and wear as the wires rub over each other when 
the rope is bent. 

Figure 1 shows a 6 X 7 construction (6 strands, 
each with 7 wires). The hemp center is shown in 
black. Usual constructions arc 6 X 7 < oarse laid, 
()X 19 standard hoisting, and 8 X 19 and 6 \ M 
extra-flexible hoisting for elevator service. To keep 
bending stresses low. sheaves of large diameter 
must he used. Factors ol safetv based on ultimate 
strength of the rope vaiv from 3 to 8 depending on 
tire application. Some manufacturers' data allow 
tor bending stresses in normal sj/e sheaves; other- 
wise these stresses must be allowed foi separatelv 

There are two common wavs of winding wiie 
lope indicated by la> of the lope. Standard lope is 
( ailed regular lav : the wires in the strand are laid 
to the left and the strands to the right. The wiles 
are at right angles to the motion of tin rope a*> it 
slides into the sheave groove so that the* wire mav 
wear excessively. paith ularlv if the sheaves are not 
well aligned. In lang lav. wires in the strand ami 
the strands themselves are laid in the •same dim 
lion. This tvpe rope wears better, is more flexible, 
and lasts longer. Flat rope is made of light and left 
brands placed alternately beside each othei and 
sewed together with soft steel wire. Phis rope can 
l>e used on a reel slightly widei than the rope; it 
is used to save space. 

For aircraft service, 6x7, 7X7. and 7 X 19 
<ord and 19-wire strand have been developed. They 
are made of tinned or galvanized carbon steel or 
stainless steel. 

Materials for commercial wire ropes in order of 
strength and cost are iron, mild plow steel, plow 
steel, and improved plow steel. Ualvanized-wire 
rope may be used for standing service as for guy 
wires but should not he used in hoisting because 
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P'9* 1. Wire-rope construction. 
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Fig. 2. Groove profiles for rope. 

the galvanizing wears off. Failure of wiie rope is 
usuallv < aused i>\ wear of wiu *, as thev rub on each 
other doling bending or bv high compressive stress 
as th< v hear against the grooves in power transmis- 
sion (Fig. 2). Internal corrosion due to water or 
other eoirosive substances has caused failure. Pro- 
files of grooves on the sheaves are semicircular at 
the bottom when the rope runs fiee for hoisting and 
transportation (Fig. 2). The rope should not be 
pinched at the bottom of the groove. For power 
transmission with wire ropes the contacting part of 
the semicircular groove should he lined'with rubber 
or similar resilient material. 

Wire ropes mav he attached to a hoisting drum 
bv using a rope socket at the end of the rope; the 
socket is slipped into a pocket cast in the drum at 
the end of the last groove. The socket is held in 
place h\ a screwed plug, which can he easily re- 
moved to detach the rope. To attach the rope to its 
load or to a bloek-and-tarkle anchor, various sock- 
ets, clips, and thimbles are available. 

Manila rope. Manila fiber is twisted into yarn, 
the yarn is twisted into strands, and the strands are 
laid up into rope. Manila rope used mainly for 
light service hoisting but sometimes for long-dis- 
tance transmission of power. Being flexible, this 
rope accommodates itself to small-sizr pulleys and 
absorbs starting and shock loads, but the fiber at 
the center of the strand powders and pulverizes al- 
though the rope mav appear sound at the surface. 
This deterioration, from the rubbing of brands on 
each other as the rope flexes, can be retarded by 
such lubricants as acid free paraffin or graphite 
worked into the strands during laying or twisting 
of the strands to foi m the rope. 

For power transmission and for hoisting with 
manila rope, see the groove profiles shown in Fig. 2. 
The 45° groove angle used for power transmission 
provides sufficient friction to prevent slippage be- 
tween the rope and cast iron surface of the groove. 

f P.H.B.] 

Bibliography : W. Kent, Design and Production, 
Mechanical Engineers’ Handbook , vol. 1, 1950. 

Rope drive 

A means to transmit power when the distances are 
so great as to rodke the use of belts impractical. 
Rope drives use ropes running in grooved pulleys 
or sheaves with the contact between the rope and 
sheave similar to that between a V-belt and sheave. 
In areas protected from weather, the ropes mav be 
of hemp nr similar fibrous material. For long-dis- 
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tance drives or installations exposed to the weather, 
for example, ski tows, wire ropes are sometimes 
used. Rope drives have advantages over belts: they 
can transmit more power over greater distances, 
they generally require less pulley face width, and 
shaft alignment is not so critical. 

Multiple drive. Two systems of rope drives are 
used. In the multiple rope or English system, a 
number of separate rope loops run side by side in 
parallel grooves in each sheave. In this respect the 
English system is similar to a multiple V-belt drive. 
The number of ropes used depends on the power 
being transmitted. In this drive, contact between 
the rope and the sheave is maintained by the weight 
of the rope and the wedging action of the rope in 
the groove of the sheaves; as a consequence the 
English system is not suitable for vertical drives. A 
distinct advantage of the English system is that, if 
one rope fails, the drive is maintained by the re- 
maining loops. It is, however, difficult to distribute 
the load evenly to all loops in the drive. For this 
reason, the wear will not be uniform between loops. 
Since the English system also does not make allow- 
ance for the stretch that occurs with use, frequent 
resplicing is required. 

Continuous drive. The continuous rope or Amer- 
ican system uses one continuous long rope (see 
figure). The number of turns of rope wound around 
the driving and driven sheaves depends on the 
power to be transmitted. The rope leaving the last 
groove of the driven sheave is returned to the first 
groove of the driving sheave over one or more guide 
or idler sheaves, one of which, the tension sheave, 
is mounted on an adjustable, weighted carriage. The 
weighted carriage maintains the constant tension 
necessary to secure good contact of the rope and 
the grooves in the sheaves. This system has the dis- 
tinct disadvantage that, if the rope breaks, the en- 
tire drive fails. The American system, however, can 
he adapted to vertical and quarter-turn drives, 
whereas the English system is limited to parallel 
shafts. The American system is also more suitable 
for drives exposed to the weather. 

Wire rope. When the distances are too great for 
manila rope as, for example, in cable and inclined 
railways, wire rope is used. Two systems with wire 
rope may be used. The continuous or endless rope 
is used in cable ways. The second type, single loop, 
is similar to belt drives. In some applications the 
rope does not continually run over both sheaves but 
instead may be fastened to one of them. An exam- 
ple is the rope drive for an elevator or hoist. With 
this arrangement the member to which the rope is 
fastened is called a drum rather than a sheave or a 
pulley. The effective radius of a drum is increased 
as each layer of rope is wound onto it. 

Kinematically, a rope drive is the same as a belt 
drive; the ideal speed ratio may be calculated in 
the same mannei as for a belt drive. The efficiency 
of rope drives decreases with increased rope speed. 
Typical efficiencies of English system drives are the 
order of 90% at a rope speed of 2500 feet per 
minute (fpm) and 85% at a speed of 5000 fpm. 



American system rope drive. (From V. L. Doughtie and 
W. H. James , Elements of Mechanism, Wiley, 1954) 


The American system is somewhat more effective 
with efficiencies about "5% higher at each of the 
previously mentioned speeds. .See Bf.lt dhivk. 

While rope drives are the preferred mechanical 
drive for transmission of power over considerable 
distance, the use of such drives is becoming limited. 
Electrical energy can be transmitted more conven- 
iently and the growing practice of a separate motor 
for each machine makes rope drives obsolescent 
for mill and shop drives. The use of rope drives in 
cableways, particularly for material handling, con- 
tinues to be of importance. See Pulley; V-belt. 

Ir.C.kI 

Bibliography : T. Baumeister (ed.), Marks' Me- 
chanical Engineers' Handbook , 6th ed., 1$58; V. I.. 
Doughtie and W. H. James, Elements of Mecha- 
nism , 1954. 

Rosales' 

A large and greatly diversified order of the plan.- 
subclass Dicotyledoneae, which includes 11 families 
having 897 genera and more than 19.600 species. 
The group is of great agricultural, horticultural, 
and florieultural value. The legume familv (I.egu- 
minosae) with 550 genera and about 13,000 species 
is the largest. Second in size is the rose family 
(Rosaeeae) with 115 genera and 3200 species. This 
order has representatives in a wide range of habi- 
tats in almost all areas of the plant world. Sec 
Debris; Legume forages; Licorice; Rose; see 
also Dicotyledoneae; Embryophyta; Plant 
kingdom. [ p.d.s. ! 

Rose 

A member of the genus Rosa of the rose family 
(Rosaeeae). These plants are widely distributed in 
the temperate regions and on tropical mountains. 
The number of florieultural varieties and hybrids is 
over 3000, and new ones are being added each year* 
Roses are erect, climbing or trailing shrubs, gen- 
erally prickly-stemmed, and bear alternate, odd- 
pinnate (rarely simple) single leaves. They usually 
have large, showy, variously colored flowers. Proba- 
bly no other flower has had such an important place 
in the garden and in literature. In the United States 
alone, the value of the blossoms grown for sale js 
estimated to be more than $6,000,000 annually. 
Except for ornamental purposes, roses are of h tt,e 
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(a) A 9-foliolate rose leaf, (b) Form of rose hip, Rosa 
rugosa. (c) R. pendu/ma. ( d ) R. Carolina. ( L . H. Bailey, 
The Standard Cyclopedia of Horticulture, vol. 3, Mac- 
millan, 1937) 

economic importance. The fruits of a few specie^ 
are used in preserving, and the floweis of Rosa alba 
and Rosa damascena are used in perfumes, espe- 
cially attar of roses and lose water. .See Hosai.fs. 

I P.D.S.J 

Rose curve 

A type of plane curve that consists of loops 
(leaves, petals) emanating from a common point, 
and that has a roselike appearance. Taking the 
common point O as the pole of a polar coordinate 



Ro$e curve. 


system, these carves have equations of the form 
p * a • sin nO, a > 0, and n a positive integer 
(also p = a • cos n0, with a different choice of the 
initial line of the coordinate system). The curve is 
a circle of diameter a for n - 1. It has n or 2n 
leaves according as n is an odd or even integer, 
respectively. The area enclosed by one leaf is 
7 raV4n, and so the entire area of the three-leaved 
lose p = a sin W is 7™* 4, and that of the four- 
leaved rose p = a sin 20 is ira^/2. The lemniscate 
is sometimes called a two-leaved rose, though its 
equation p-‘ = a 1 cos 20 is not of the form given 
above. See Lemniscate (of Bernoulli). 

[ L.M.BL.] 

Rosin 

An amorphous, brittle resin obtained mainly from 
pine stumps by solvent extraction. Refining gives a 
substance ranging in color f rom a dark brown to 
a pale lernon-yellow. 

It is insoluble in water but soluble in most or- 
ganic solvents. It consists of about 90% resin acids 
and about 10% neutial materials. It oxidizes read- 
ily in air bec ause of its unsaturated components, 
becoming harder and darker in color. Rosin sof- 
tens at about 80 90°C. 

The chief resin ac ids are of the abietic type. 

CH 3 COOH 
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Abietic acid 


The hydrogenated, esterified. and neutralized prod- 
ucts of rosin find applic ation in paper sizing, inex- 
pensive lubricants, insulation, linoleum, adhesives, 
soldering fluxes, binders, soaps, and finishes. See 
Tall oil; Turpentine. [e.l.s.] 

Rosin oil 

A number of commercially useful products .are 
made from rosin. Some of these may be considered 
as oils because they are viscous liquids. With one 
exception, these so-called oils are esters of ahfctic 
acid, which is the major constituent of the isomeric 
acids that make up over 90% of rosin. 
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Methyl abietate and methyl dihydroabietate are 
used primarily in coatings, adhesives, transparent- 
izing compounds, plastic compositions, and in mis- 
cellaneous applications, such as printing inks and 
polishes. 

The glyceryl, ethylene glycol, diethylene glycol, 
and triethylene glycol esters of hydrogenated rosin 
are characterized by resistance to oxidation and 
discoloration. They find applications as plasticiz- 
ers, textile sizings, and as components in lacquer 
and varnishes, water paints, and pressure adhe- 
sives. 

Hydroabietyl alcohol is a primary, monohvdric 
alcohol. It is a resinous plasticizer, and a pigment- 
grinding medium; it is used in plastics, lacqueis, 
and other surface-coating preparations. The chemi- 
cal properties of the alcohol lead to its use as an 
intermediate for further chemical processing and 
to the preparation of modified resins. See Rosin; 
Tall oil. [ k.l.s. ] 

Rotary tool drill 

A bit and shaft used for drilling wells. A turntable 
on the derrick floor rotates a string of hollow steel 
drill pipe at the bottom of which is a steel bit. The 
bit grinds the rock. A drilling fluid is pumped down 
through the drill pipes the fluid flushes out the rock 
cuttings and returns up the space between drill 
string and hole side. 

The drilling fluid mav be air, water, or. most com- 
monly, mud (a mixture of various clavs and chemi- 
cals, each having a special function! . The mud cools 
and lubricates the bit, removes cuttings from the 
hole, and cake's the wall of the hole to pi event 
caving before steel casing is set. The hydrostatic 
pressure exertejd by the column of mud in the hole 
prevents blowouts which may result when the hit 
penetrates a high-pressure oil or gas zone. When 
the mud reaches the surface, it passes over a vi- 
brating screen to filter out large cuttings. The mud 
then passes on to a settling tank where smaller par- 
ticles settle out. The cuttings are examined to 
determine the type of formation being drilled and 
for possibilities of oil or gas production. The mud 
mixture is sucked up from the pit and recirculated 
by a high-pressure pump. The viscosity, weight, 
and filtration properties of the mud are altered as 
drilling proceeds by changing the proportion of its 
constituents. 

Power is transmitted from an engine to a draw 
works — a winch which drives the rotary table on 
the derrick floor and also applies power for hoist- 
ing or lowering the drill string as shown. The string 
of drill pipe is topped at the surface by a square- 
sided length of heavy pipe called the kelly. The 
square shape permits the rotary table to grip and 
rotate the kelly, and hence the entire drill string, 
and yet have sufficient freedom so that it can slip 
vertically through the table as drilling goes deeper. 
Rotation speeds range from 40 rpm to 500 rpm or 
more, depending primarily upon the character of 
the formation being drilled. The drill string usually 
consists of 30-ft lengths of drill pipe coupled to- 


gether. On the lower end are heavier-walled lengths 
of pipe, called drill collars, which help regulate 
weight on the bit. 

The drill string is attached to a swivel suspended 
from a hook which is connected to a traveling 
block, or pulley, encased in a frame. The drilling 



Bit is rotated at bottom of well by connected sections 
of pipe driven from a rotary table atop well. 
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cable runs from the draw works over a crown block 
at the top of the derrick and down to the travelin R 
block. The mud is pumped through a hose attached 
to the swivel. An opening in the center of the swivel 
permits the mud to pass down through the attached 
drill string. 

When the bit has penetrated the distance of a 
pipe section, drilling is stopped, the string is 
pulled up to expose the top joint, the kelly is dis- 
connected, a new section added, the kelly attached, 
the string lowered, and drilling resumed. This proc- 
ess continues until the bit becomes worn out, at 
which time the entire drill string must he pulled. 
Pipe is usually disconnected in thribbles, or 90-fl 
sections of pipe, and stacked in the derrick. The 
height of the derrick determines whether doubles, 
thribbles, or fourbles can be stacked. The process 
continues until the bit reaches the surface. A new 
bit is attached, and the drilling string reassembled 
and lowered into the hole. Such round trips may 
take up to two-thirds of total rig-operating time, 
depending upon depth of the hole. In hoisting or 
lowering the drill string, the swivel is disengaged 
from the hook. Elevators, or clamps, which grip 
the pipe securely, are attached. The elevators are 
also used when the hole is lined with steel casing. 
In lowering drill pipe or casing, each new section 
of pipe is lifted from the derrick floor and sus- 
pended on the elevator until it is screwed to the 
preceding joint, just above the hole opening: the 
entire column is then lowered into the hole While 
new sections of pipe or casing are being attached 
to the elevators, the pipe in the hole is supported 
in the rotarv table by slips, or gripping devices. 

Derricks can he skid-, truck-, or trailer-mounted, 
hut larger units used in very deep drilling aie as- 
sembled on the site. Derricks usually range in 
height from 66 ft to nearly 200 ft. The derrick floor 
is set 7 20 ft or more above the ground, to provide 
a basement for control devices, such as blowout 
preventers, below the rotary table. See Cabi.f.-tool 
drill; Oil and gas well drilling; Turbodrill. 

I A.L.P.J 

Rotational motion 

The motion of a rigid body which takes place in 
such a way that all of its particles move in cir- 
cles about an axis with a common angular veloc- 
ity; also, the rotation of a particle abtnif a fixed 
point in space. Rotational motion is illustrated by 
*1) the fixed speed of rotation of the earth about 
its axis; (2) the varying speed of rotation of the 
flywheel of a sewing machine; (3) the rotation of 
d satellite about a planet, in which both the speed 
of rotation and the distance from the center of ro- 
tation may vary; (4) the motion of an ion in a 
c vclotron, where the angular speed of rotation re- 
mains constant, but the radius of the circular mo- 
tion increases; and (5) the motion of a pendulum, 
in which case the particles describe harmonic mo- 
tion along a circular arc. 

The present discussion of rotational motion is 
limited to circular motion such as is exhibited by 
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the first and second examples. For information con- 
cerning the other examples see Celestial mechan- 
ics; Earth (orbital motion); Harmonic mo- 
tion; Particle accelerator; Penmjlvm. 

Circular motion is a rotational motion in which 
each particle of the rotating body moves in a cir- 
cular path about an axis. The motion may he uni- 
form, that is, with "constant angular velocity, or 
non uniform, wilh changing angular velocity. 

Uniform circular motion. The speed of rotation, 
or angular velocity, remains constant in uniform 
circular motion. In this case, the angular displace- 
ment 9 experienced by the particle or rotating 
body »n a time t is 0 = of, where w is the con- 
stant angular velocity. 

Nonuniform circular motion. A special case of 
circular motion occurs when the rotating body 
moves with constant angular acceleration. If a body 
is moving in a circle with an angular acceleration 
of or radian s/sec -, and at a certain instant, it has 
an angular velocity om. then at a time t sec later, 
the angular velocity may be expressed as « = <oo + 
at, and the angular displacement a's 9 = coot 4- 
¥2 at 2 , See Acceleration; Velocity. 

Banking Of curves. When a car travels around 
a curve on a highway, the path is a circular arc of 
radius R , where R is the radius of curvature of the 
roadway. In order to have the car move in this cir- 
cular arc. a horizontal external force must he ap- 
plied to give the car an acceleration perpendicular 
to its path, that is, toward the center of rotation. 
This force must equal Mv 1; R . where M is the mass 
of the car. and v its speed. This centripetal force 
is supplied hy the tiiction bet wet n the tires and the 
road (sec Centripetal force). If the force of fric- 
tion is not great enough to produce this accelera- 
tion, the inertia of the cai will tend to make it con- 
tinue with its speed in a straight line, tangent to 
the road rather than around the curve, and this will 
cause the ear to slide off the road. 
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Pig. 1. Banking of a curve. 
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In order to reduce the probability of skidding, 
roadways are customarily banked as illustrated in 
Fig. 1, which shows a car of mass M going away 
from the reader with a speed v and making a 
right-hand turn along an arc of radius R. The road- 
way must exert a vertical force Fw upward, equal 
and opposite to the weight IF = Mg of the car (g is 
the acceleration of gravity) and a horizontal cen- 
tripetal force Fc - Mv*/R to make the car move in 
a circular arc. The net force N of the road on the 
car is the vector sum of these two forces. 

From the diagram, it can be seen that the angle 
0' which N makes with the vertical is given by 

t 0 , F C M,*/R 
tan 0 = --- * — — ** — 

Fw Mg gR 

If this angle 0' is equal to the bank angle 0 of the 
road, the force N of the road on the oar is per- 
pendicular to the roadway, and there will be no 
tendency to skid. This equation shows that the cor- 
rect bank angle is proportional to the square of the 
speed and inversely proportional to the radius of 
the curve. For a given curve, there is no correct 
bank angle for all speeds; thus roadways aie 
banked for the average speed of traffic. Bank angle 
enters into the design of railroads and into the 
banking of an airplane when it executes a turn. 

Work and power relations. A rotating body pos- 
sesses kinetic energy of rotation which may be ex- 
pressed as 7\ of = M /w J , where <o is the magni- 
tude of the angular velocity of the rotating body 
and / is the moment of inertia, which is a meas- 
ure of the opposition of the body to angulat accel- 
eration. The moment of inertia of a bodv depends 
on the mass of a bodv and the distribution of the 
mass relative to the axis of rotation For example, 
the moment of inertia of a solid cylinder of mass 
M and radius R about its axis of symmetrv is 
Vi MR*. 



Fig. 2. Work in angular motion. 


In order to impart kinetic energy to a rotating 
body, work must be done. In Fig. 2 there is repre- 
sented a solid cylinder of mass M and radius R , 
capable of rotation without friction about an axis O. 
By means of a cord wrapped around the cylinder, a 
constant force F is applied, thus imparting angular 
acceleration to the cylinder. Tf the cylinder is orig- 
inally at rest and the force F acts through a dis- 
tance 5 = RO equal to the arc PP\ thus rotating 
the cylinder through the angle 0, the work W done 
is W = Fs = FRO - LO , where L = FR is called 
the torque or moment of force. The action of this 
torque L is to produce an angular acceleration a ac- 
cording to the equation 

dco d 

where /o>, the product of moment of inertia and 
angular velocity, is called the angular momentum 
of the rotating body. This equation points out that 
the angular momentum / o> of a rotating body, and 
hence its angular velocity o), remains constant un- 
less the rotuting body is acted upon by a torque. 
Both L and /<*> may be represented by vectors. 

It is readily shown that the work done by the 
torque L acting through an angle 0 on a rotating 
body originally at rest is exactly equal to the ki- 
netic energy of rotation : 

W = LO - InO = = VJ(at)^V>Iur 

because for the case at hand, 0 = and 

O) - (Yt. 

Power defined as rate of doing work, and the 
power P in rotational motion is 


dl dt dt 


Leo 


See Angular momentum; Moment oi intrth. 
Power; Rigid-body dynamics; Torque; Work. 

fr.E.H.] 


Rotatory dispersion 

A term used to describe the change in rotation 
as a function of wavelength experienced by linearly 
polarized light as it passes through an optically 
active substance. See Optical activity. 

Optically active materials. Substances that are 
optically active can be grouped into two classes. 
In the first, the substances are crystalline and the 
optical activity depends on the arrangement of 
nonoptically active molecular units. When these 
crystals are dissolved or melted, the resulting liquid 
is not optically active. In the second class, the op- 
tical activity is a characteristic of the molecular 
units themselves. Such materials are optically a**' 
five as liquids or solids. A typical substance in the 
first category is quartz. This crystal is optical!) 
active and rotates the plane of polarization by an 
amount which depends on the direction In which 
the light is propagated with respect to the optic 
axis (see Crystal optics). Along the axis, the 
rotation is 29.73 0 /mm for light of wavelength 
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5086A. At other angles, the rotation is less and is 
obscured by the crystal’s linear birefringence. Mol- 
ten quartz, or fused quartz, is isotropic. Turpen- 
tine is a typical material of the second class. It 
gives a rotation of —37° in a 10-cm length for the 
sodium D lines. 

Reasons for variation. In all materials, the rota- 
tion varies with wavelength. The variation is caused 
by two quite different phenomena. The first accounts 
in most cases for the majority of the variation in 
rotation and should not strictly be termed rotatory 
dispersion. It depends on the fact that optical ac- 
tivity is actually circular birefringence. In other 
words, a substance which is optically active trans- 
mits light circularly polarized light with a diffeient 
velocity from left circularly polarized light. 

Any type of polarized light can be broken down 
into right and left components (see Polaki/H) 
light). Let these components be R and L. The 
lengths of the lotating light vectors will then be 
/f/V 2 and /, /\/2. At t ~ 0, the R vector may be at 
an angle \p, with the X axis and the L vector at 
an angle Since the vectors aie lotating at the 
same velocity, they will coincide at an angle /? 
whic h bisects the diffeience: 


0 - 


2 


( 1 ) 


If R — L, the sum of these two waves will be 
lineai 1\ polarized light vibrating at an angle o to 
the axes: 


a. 


2 


( 2 ) 


If, in passing through a material, <ne of the 
r ircularlv polarized beams is propagated at a dif- 
ferent velocity, the relative phase between the 
beams will c hange: 

llt'r (fir - til) + h - tl (3) 

A 

where d is the thickness of the material. A is the 
wavelength, and n, and n\ are the indiees of re- 
fraction for right and left circularly polarized 
light. The polarized light im ident at an angle a has 
according to this equation been rotated an angle 

y “ ^ (rtr - til) (4) 

This shows that the rotation would depend on 
wavelength, even in a material in whic h n r and rq 
were constant and which thus had no circular 
dispersion. It is for this reason that the term 
rotatory dispersion is perhaps ill defined in much 
of the literature. 

In addition to this pseudo-dispersion which de- 
pends on the material thickness, there is a true 
rotatory dispersion which depends on the variation 
with wavelength of n, and rij . 

From Eq. (4), it is possible to compute the 
circular birefringence for various materials. This 


quantity is of the order of magnitude of 10“* for 
many solutions and 10'^ for crystals. This compares 
with 10 1 for linear hirefringent crystals. 

[b.h.bi.] 

Bibliography : T. M. Lowry, Optical Rotatory 
Power , 1935. 

Rotifera 

A class of the phylum Aschelminthes whose mem- 
bers comprise a group of aquatic animals of strik- 
ing diversity of form and habitat. Their most char- 
acteristic structure, the corona, is a retractile tro- 
chal disk provided with several groups of cilia and 
located on the head. When in motion, the coronal 
cilia give the illusion of a pair of rapidly rotating 
wheels, especially in bdelloid rotifers. The class 
name Kotifera literally means wheel bearers, 
and lotifers are often referred to as wheel animal- 
cules. 

The classify ation of rotifers proposed by A. Re- 
mane is usually followed. He divides the class Ro- 
tifera into three orders: Seisonacea, Bdelloidea, 
and Monogononta. 

Despite their diversity in form and structure, ro- 
tifers are alike in being bilaterally symmetrical; in 
having scveial complete organ systems including 
digestive, ex< letory, nervous, and reproductive; and 
in possessing several stiuclures unique to the class, 
including the corona and rnastax. They lack sepa- 
rate respiratory and circulatory systems These ani- 
mals aie similar in regard to their small size, most 
being between 0.1 and 0.5 mm long, and in regard 
to their absolute dependence upon waier, or at least 
moisture. 

The sexes are separate in rotifers. Females are 
more numerous than males and quite different in 
.appearance. The material given in this article ap- 
plies chiefly to females. With hut a few exceptions, 
male rotifers are degenerate, possessing neither 
mouth nor digestive organs. Consequently, theii life 
span is a matter of horns to a few days. 

Morphology. The body of a rotifer is usually 
divided into thiee parts, the head, the trunk, and 
the foot. The head carries the corona, the mouth, 
and mastax of the digestive system, as well as the 
central ganglion (brain; of the neivous system. 
Most organs are located in the trunk; this includes 
the stomach, intestine, cloaca, anus, and gastric 
glands of the digestive system; the simple excre- 
tory system ; and the reproductive organs. The ex- 



Fig. 1. Fulcrate trophus of Seison. (a) Dorsal view, 
(b) Lateral view. (After de Beauchamp ) 
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cretory system consists primarily of paired nephrid- 
ial tubes which are provided with flame bulbs. 
These open posteriorly, either into a bladder, or 
directly into the cloaca The female reproductive 
organs in most rotifers consist of a single ovary 
and a vitellarium which open into the cloaca, how- 
ever, exceptions to this occur in the Seisonacea and 
Bdelloidea. The foot, or tail, contains cement 
glands whose secretion enables many species to at- 
tach themselves firmly to desired substrata. Sensory 
organs consist of one or more eyespots, which may 
be lacking in some species, as well as sensory bris- 
tles and papillae. 

Rotifers are covered by a nonchitinous cuticle, 
which may be divided into annuli, especially in 
Bdelloidea and Notommatidae, and which in some 
rotifers is thickened into a lorica. Loricate rotifers 
often have characteristic patterns and ornamenta- 
tions. which are useful in their systematics. Sessile 
rotifers are generally provided with a tube, often 
gelatinous, but in some rotifers, especially Flnscu - 
laria , this is quite intricate in construction. 

There is a fairly complex system of musculature. 
It includes hands of circulai muscles in the body 
wall which allow the rotifer to elongate, longitudi- 
nal muscles in the body wall which control the ex- 
pansion and retraction of the head and foot, mus- 
cles associated with the viscera, and others. 

Rotifers lack definite cells in most parts of their 
bodies, hence a syncytial condition prevails. Never- 
theless, there is a constancy in the number of nuclei 
present in different organs. The common rotifer, 
Epiphanes (= Hydatinn) svntn , widelv used as an 
experimental animal, is reported to have approxi- 
mately %0 cells (or nuclei) in its body. 

The pharynx is modified into a structure peculiar 
to rotifers, namely, a muscular mastax, which con- 
tains a masticatory apparatus, the trophus. The 
terms mastax and trophus are used as synonyms by 
many workers. Typical trophi contain 7 parts: 3 
central pieces, comprising the incus: and 4 lateral 
pieces, forming the paired mallei (no relation to 
hones of the middle ear of mammals). The 3 parts 
of the incus include a posterior supporting struc- 
ture, the fulcrum, and 2 rami. Each malleus con- 
sists of 2 parts: a head, or uncus, and a handlelike 
piece, or manubrium Some trophi contain addi- 
tional accessory parts. The 8 primary types of 
trophi found in rotifers are as follows: fulcrate 
(Seisonacea) (Fig. 1), ramate (Bdelloidea), unci- 
nate ( Collothecacea ) , malleatc (brachionids) vir- 
gate (notommatids), incudate (asplanchnids) , for- 
cipate (dicranophorids) and cardate (Lindia ) . 
There are various intermediate types, such as mal- 
leoramate (Flosculariacea) and virgo- forcipate 
(Synchaeta ) . 

In rotifers that feed exclusively on microplank- 
ton and particulate matter the rami are developed 
for grinding (ramate and malleoramate) (Fig. 2). 
Predatory rotifers have protuberant trophi used for 
grasping and are of the incudate and forcipate 
types. Less specialized trophi such as malleate, vir- 
gate, cardate, and uncinate (Fig. 3) occur in roti- 



fulcrum 



Fig. 2. (a) Ramate trophus of a bdelloid rotifer (sche- 

matic), ventral view, (b) Upper view. (After Bartos ) 
(c) Malleoramate trophus of Hexarthra, upper view 
(After Hauer ) ( d ) Forcipate trophus of Dicranophorus, 
ventral vipw. ( After Hauer ) (e) Incudate trophus of 
Asplanchna, ventral view. ( After de Beauchamp) 


fers that are incidentally predatory but that feed 
primarily on algae and particulate matter. 

Reproduction. The most complex mode of re- 
production in rotifers is found in the order Mono- 
gononta. The sexes are markedly dimorphic and 
males produced only sporadically. The usual mode 
of reproduction is by parthenogenesis. Females 
produce diploid, amictic eggs which develop, with- 
out fertilization, into females. At intervals, mictic 
eggs are produced which have undergone matura- 
tion and are haploid. If unfertilized, a mictic egg 
develops into a male rotifer, hence males are hap- 
loid. If fertilized, the mictic egg becomes a thick- 
shelled resting egg which can remain dormant for 
weeks or months, but which eventually develops 
into a female. Asexual (parthenogenetic) repro- 
duction does not occur among the Seisonacea, in 
which both males and females are diploid. In the 
Bdelloidea, on the other hand, only parthenogenetic 
reproduction is known. 

Distribution. The rotifers are among the most 
widely distributed of aquatic animals. They occur 
in all types of fresh-water habitats, from large lakes 
to temporary ponds and mud holes. The genus 
Keratella is the most common metazoan animal m 
the plankton of lakes and ponds ; other rotifers oc- 
cur abundantly in the littoral zone and on aquatic 
vegetation. Frank J. Myers, who was the outstano- 
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Fig. 3. (a) Malleate trophus of a brachionid (sche- 

matic), ventral view, (b) Upper view (After de Beau- 
champ) (c) Virgate trophus of Notommata, ventral view, 
(d) Upper view. ( After Meyers) (e) Uncinate trophus of 
Stephanoceros, Collothecacea, upper view ( After de 
Beauchamp) (f) Cordate trophus of Lmdia, ventral view 
(g) Upper view, (h) Lateral view. lAfter Meyers) 


mg worker on rotifers in the United States, found 
that soft-watei habitats have a marked I \ richer 
fauna, in number of species, than haid- water lakes 
and ponds. Rotifers oc < ur most commonly in fresh 
water habitats. Onlv about 12' J of the known roti- 
fers have been taken in brackish oi marine habi- 
tats. A few species, principally in the genus .Syn- 
(harta and among the Seisonacea. are the only true 
marine species. A few rotifers are epizoii oi para- 
sitic. A fairly large group of rotifers, especially 
hdelloids, live in mosses and lichens, even in xero 
phytic situations. Some hdelloids can ♦hstand ex- 
treme desiccation, lasting even foi years. Rotifers 
have been collected in hot spiings at temperatures 
as high as 45°C and include both bdellmd and ploi- 
mate species. 

Most rotifers are short-lived, having a life span 
of 1 ~3 weeks. Some of the moss dwelling hdelloids 
may live 1-5 months, or even longer if periods of 
desiccation intervene. See Asc helmin thfs ; Repro- 
duction, antmai.; see a/so Animal symmetry. 

Ikh.a . 1 

Bibliography: H. K. Marring. Synopsis of the 
Rotatoria, U.S. Natl. Museum Bull . 81, 1QJ3: C. T. 
Hudson and P. H. Gosse, The Ro*ijera or Wheel- 
animalcules, Both British and Foreign , 2 vols., 1886 
1889; F. J. Myers, Rotifer fauna of Wisconsin, V, 
Trans. Wisconsin Acad. .Sc/., 25:353 411, 1930. 

Rous sarcoma 

A virus which produces a disease in chicks, pheas- 
ants, and ducklings. 

The Rous sarcoma virus, which was discovered in 
1911, has been used as the standard example of a 
'inis which causes a neoplastic growth (cancer). 
With some irregularity, which is probably due to 
immunological factors, filtrates produce large fleshy 
tumors composed of spindle-shaped cells which 
metastasize to the viscera. When the virus is inocu- 


lated into newborn chicks or into the embryo, it 
causes a fatal hemorrhagic disease. It is probably 
part of the leukosis group of fowl diseases which 
mav be caused by a single virus. See Animal virus; 
Aman ilukosis; Tumor vikusfs. [a.e.m.J 

Rubber 

Until recently the word rubber connoted natural, or 
tree, ’ rubber, which is a hydrocarbon polymer of 
isoprene units. The more recently developed syn- 
thetic lubbers possess diffeient chemical structures 
but resemble tree rubber in tnanv physical proper- 
ties. 1 he most recent devel »pment is a synthetic 
natural rubber that is a duplicate of the natural 
rubber molecule 

The industrial importance of synthetic rubbers 
can hardly be ovei emphasized. Some types have in- 
vaded tlm fields of tires, hose, and belts, for which 
natural rubber was foimerlv used exclusively. Other 
types have opened up additional technical fields of 
utilization for which natural lubber is not applica- 
ble 

Stiuctural prerequisite*, of both natural and syn- 
thetic lubbeis are long, threadlike molecules. 
Their charac teristio property of reversible extensi- 
bility lesults from the randomly coiled arrange- 
ment of the long polymer chains. Upon extension 
the chains are distorted but, like a spring, they 
revel t to the kinked anangement upon removal of 
the Mie-s. 

Smoked she ^t and pale crepe lepresent the forms 
in which the major portion of natural i libber is 
commercially available. The smoked sheet is ob- 
tained b\ acid coagulation of the tree latex, sheet- 
ing the coagulum, and then drying and smoking the 
sheets of rubber. The chemicaU in the smoke pre- 
serve the rubber from molds and other organisms. 
Pale crepe is obtained bv treating the latex, before 
oi after coagulation, with sodium bisulfite and then 
washing, drying, and sheeting. Synthetic rubbers 
are usually available as baled sheets, made from 
the coagulum of a polymerization piocess. 

Latex, a colloidal suspension of polymers in an 
aqueout medium, is another form in which both 
natural and svnthetic rubbers are commercially 
available The various types of latex include the 
product of the rubber tree, the suspensions result- 
ing from the emulsion polymerization of various 
monomers, and the dispersion of the bulk dry poly- 
mer in an aqueous medium. Although foamed prod- 
ucts represent the largest field of application for 
natural rubber latex, synthetic latexes are being 
used at a rapidly growing rate for this purpose. 
Latex is also used to impregnate textiles, cords, 
and paper, to coat fabrics, and to make adhesives, 
water-based paints, and articles molded by casting 
methods. 

PROCESSING 

In the crude state natural and synthetic rubbers 
possess certain physical properties which must be 
modified to obtain useful end products. The natural 
forms are weak and adhesive. They lose their else* 
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ticity by constant use and are susceptible to tem- 
perature variations. Consequently, it is necessary 
to process the crude rubbers by compounding and 
vulcanization procedures which transform them 
into products which can fulfill a specific function. 

Curatives and vulcanization. After the addition 
of curing or vulcanizing agents to rubber, the ap- 
plication of heat causes a chemical reaction to take 
place to give a durable product. Sulfur, which was 
the first successful curing ingredient, is still the 
basis of the vulcanization system used in industry 
today. However, various chemicals or combinations 
of chemicals are also capable of vulcanizing rubber. 
These include oxidizing agents such as selenium, 
tellurium, organic peroxides, and nitro compounds, 
and also generators of free radicals such as organic 
peroxides, azo compounds, and certain organic sul- 
fur compounds such as the alkyl thiuram disulfides. 

Research has resulted in the introduction of sev- 
eral classes of compounds which accelerate the rate 
of vulcanization. These accelerators possess the ad- 
ditional desirable feature of reducing the sulfur re- 
quirements and in general enhance the physical 
properties of the vulcanized rubber. 

Inorganic chemicals, such as the basic carbonates 
and oxides of lead supplemented by magnesia or 
lime, were the first accelerators to be used in the 
rubber industry. Since the introduction of the first 
organic accelerator in 1906, several thousand rub- 
ber accelerators have been patented, but only a 
small number of these are in general use. Most of 
the accelerators in current use can be grouped into 
the following general classifications: (1) aldehyde- 
amines, (2) guanidines, (3) thiuram sulfides, 
(4) thiazoles, (5) thiazoline, (6) dithiocarbamates, 
and (7) mercaptoimidazolines. 

Rubber can be vulcanized by gamma radiation, 
but it is not economically feasible at the present 
time. Items as large as a tire have been vulcanized 
by this means and have shown wearing and aging 
properties comparable to tires vulcanized by the 
ordinary procedures. 

Not all rubbers can be vulcanized by irradia- 
tion. Butyl rubber is an example of a type which 
undergoes degradation rather than cross-linkage. 
The structure of the chain molecule is the de- 
termining factor. Cross-linking predominates if 
the polymer has the structure ( — CH 2 CH 2 — )* 
or ( — CH 2 CHR — ) 7 ). If the structure is ( — CH 2 - 
CRtR 2 — ) n degradation is the rule. There is great 
variation in the effects of y-radiation vulcaniza- 
tion, depending upon the type of rubber being 
treated, the nature of the compounding ingredients, 
and the conditions. Although the vulcanization 
process was discovered by Charles Goodyear in 
1839, there is still no completely satisfactory ex- 
planation of the mechanism of the vulcanization 
procedure or the accelerator action. However, it is 
agreed that any vulcanization procedure involves a 
cross-linkage of the long-chain polymer molecules 
by means of sulfur bridges or ionic linkages to form 
a network structure. This type of structure reduces 
the essentially thermoplastic properties of the crude 


rubber and confers predominantly elastic proper- 
ties to the resulting vulcanizate by preventing slip- 
page of the long-chain molecules past each other. 
A possible explanation of the mechanism of ac- 
celerator action is the generation of free radicals 
by the specific accelerators under vulcanization 
conditions. 

Pigments. Vulcanization improves the elasticity 
and aging properties of crude rubber, but in most 
cases it is necessary to further enhance such prop- 
erties as tensile strength, abrasion resistance, and 
tear resistance by the incorporation of fillers. The 
fillers which improve specific physical properties 
are known as reinforcing fillers; those which serve 
primarily as a diluent are classed as inert fillers. 
The physical properties of the resulting vulcanizate 
are affected by both the ‘ type and the amount of 
filler. 

Carbon black is the most universally used filler 
in the rubber industry. The three types of carbon 
blacks used commercially in the greatest bulk for 
this purpose include the channel, furnace, and ther- 
mal blacks. Each of these types may be further 
classified according to particle size and surface 
structure and then selected according to the spe- 
cific properties which are required in the end prod- 
uct. See Carbon black. 

In addition to the carbon blacks, inorganic rein- 
forcing agents, such as zinc oxide and the # silicas, 
are used for the reinforcement of light-colored end 
products. Although zinc oxide is not used exten- 
sively in the rubber industry today, its incorpora- 
tion does epable the resulting product to withstand 
extended exposure at high temperatures, and it also 
functions as an activator during the vulcanization 
process. The silicas are used in those products in 
which high abrasion resistance is an essential re- 
quirement. 

The inert fillers such as whiting and various types 
of clays serve merely as extenders and to facilitate 
the processing of the compound. In general they do 
not improve the tensile strength of the resulting 
vulcanizate. 

Protective agents. The aging stability of rubber 
compounds is influenced by such factors as heat, 
light, and atmospheric conditions. The chemical un- 
saturation of natural and synthetic rubber com- 
pounds provides a focal point for oxidation. The 
initial oxidative degradation involves breaking of 
the polymer chains and cross-linking, which results 
in loss of tensile strength and stiffening of the vul- 
canizate. Depending upon the conditions, the free 
radicals produced during chain scission are subject 
to further oxidation with the formation of lower 
molecular species. The extent and nature of degra- 
dation are dependent upon the specific rubber and 
the conditions of the exposure. 

Improvements in the resistance to attack by oxy- 
gen have been accomplished by the incorporation 
of chemical compounds, known as antioxidants, 
into the rubber compound. 

Broadly speaking, antioxidants may be classified 
into two general groups, aromatic amines and phe- 
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nols. The choice of the antioxidant is governed by 
the rubber and the purpose for which it is intended. 
An antioxidant functions in an interference type of 
reaction in which it combines with the free radical 
ends of the polymer chain and prevents further 
chain degradation of the rubber. 

Although most antioxidants have staining char- 
acteristics, this property does not interfere with 
their use in rubber compounds for tires, hose, and 
belts. However, light-colored end products or rub- 
ber compounds which will come in contact with 
light-colored surfaces necessitate the use of non- 
staining antioxidants. These compounds are usu- 
ally highly “hindered” phenols obtained by alkyla- 
tion of phenols or cresols, or are derivatives of 
aromatic phosphite esters. See Antioxidant. 

The cracking of rubber compounds under stress 
when exposed to very low ozone concentrations such 
as exist in the atmosphere also originates from the 
unsaturated chemical structure of the rubber. Al- 
though the deteriorating effects of ozone can be 
diminished by the incorporation of various types 
of blooming waxes, this type of protection does not 
prove satisfactory under dvnamic conditions. Cer- 
tain accelerators have antiozonant properties, but 
the majority of the commercial antio/onants are 
substituted p-phenylenediamines. These can be 
subdivided into the diaryl-, aryl-alkyl-, and diaryl- 
p-phenvlenediamines. Another type is formed by 
the condensation of amines and ketones. 

The mechanism of antiozonant action has not 
definitely been established, but there is evidence to 
indicate that it is different from the reaction mech- 
anism of antioxidants. The protective effect is be- 
lieved to be the result of a preferential combina- 
tion of the ozone with the antiozonant instead of 
the rubber. 

Photooxidation of rubber compounds, resulting 
from exposure to bright sunlight, causes a chemical 
reaction which gives the surface a resinous or craze i 
appearance. This deleterious effect, caused by the 
ultraviolet and the blue end of the spectrum, is not 
reduced to any appreciable extent bv antioxidants. 
Although complete protection against photooxida- 
tion is difficult, stocks containing carbon black are 
sufficiently resistant for most applications. Ultrc- 
violet-absorbing materials, such as salicylates, pro- 
vide a certain degree of protection for ligh^-colored 
products. 

At the present time the effect of y-radiation upon 
the various rubbers is very complicated and unpre- 
dictable with respect to its details. The changes in 
the physical properties of the rubbers are governed 
by whether the primary results of the exposure are 
cross-linking, chain scission of the polymer mole- 
cule, or both. In turn, these molecular changes are 
dependent upon the molecular structure of the rub- 
ber, radiation dosage, and exposure conditions 
which determine whether such physical properties 
as tensile strength or elongation decrease, increase, 
or remain the same. The changes induced by radia- 
tion are the result of a free-radical mechanism, and 
the type of compounding can affect the results. 


Two methods are available to combat the deg- 
radative effects of radiation exposure of rubbers. 
One of these is the development of new synthetic 
rubbers with inherent radiation-resistant charac- 
teristics. For example, the recently introduced ad- 
duct rubbers exhibit exceptional stability against 
the combined effects of heat and radiation. Another 
method is the incorporation of protective agents. 
At the present time there seems to be no correla- 
tion between classes of compounds and their effec- 
tiveness as radiation inhibitors. Test results to date 
have shown that the following compounds impart 
radiation stability to various rubbers: A^/V'-cyclo- 
hcxylphenyl-p-phcnylenediarmne, a mixture of di- 
phenyl-p-phenylenediamine and phenyl-a-naphthyl- 
amine, rjuinhydrone, diphenylarnine, and p-meth- 
oxy phenol. These represent just a few of the 
numerous compounds which can function as radia- 
tion inhibitors. 

PHYSICAL TESTING 

The physical testing of rubber compounds plays 
an essential role in rubber technology. -Because the 
rubbers available today exhibit a wide range of 
properties which can be further varied by com- 
pounding techniques, standard methods of evalua- 
tion based upon physical properties have been es- 
tablished. 

Physical tests screen, measure, and evaluate the 
desired physical properties of a product according 
to the information requested. In the rubber indus- 
try, tests are conducted on natural and synthetic 
rubbers, rubberlike materials, plastics, fabrics, and 
cords. Current advancements into numerous fields 
have expanded testing procedures to include al- 
most any physical property of almost any material 
that is capable of being tested. 

Standards of the American Society for Testing 
Materials ( ASTM) are used to test materials when- 
ever possible. This standardization of testing pro- 
cedures simplifies the demands of the manufacturer 
and the compounder, and guarantees universal, 
comparable data. 

In screening for physical properties, the first step 
in evaluation of unvulcanized compounds is to 
measure their relative plasticity or viscosity. This 
is done by means of the Mooney Plastometer or 
more recently by the Flow Tester. 

Stress-strain properties are of importance when 
the final product is to be used under dynamic 
conditions. These properties include stress, which 
is the intensity of internal forces which act on a 
given plane through a point; strain, which is a 
measure of change in size or shape due to force; 
modulus, the ratio of stress to corresponding strain 
below the proportional limit; elongation, the in- 
crease in the original length of that portion of 
the specimen over which strain or change of length 
is desired. This is usually measured after fracture 
in tension of the specimen. 

Stress-strain properties are evaluated by the use 
of a constant- power-driven machine such as the 
Scott Tensile Tester. With the advancement in 
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electronics, the Instron Tester, and similar appara- 
tus employing load cells, has come into practical 
use for obtaining more detailed information regard- 
ing such physical testing 

All physical testing is conducted at a standard 
temperature of 77°F and 50% relative humidity, 
except where higher- or lower-temperature testing 
is requested. 

Accelerated aging and conditioning of materials 
prior to testing is conducted in specially designed 
and automatically controlled ovens and refrigera- 
tors. Physical tests may be requested for properties 
such as hardness or softness, tear resistance, abra- 
sion, flex, resistance to ozone, ultraviolet, salt spray 
and water, compression and recovery, permeability 
to gases, volatility, rebound, elasticity, dynamic 
modulus and resilience, and low-temperature prop- 
erties. Each specific test employs a specially de- 
signed apparatus for measuring the physical prop- 
erty or properties desired. 

An example of a modern piece of test equipment 
is the Gehman Torsion Apparatus. It has automatic 
controlling devices whereby measurements can be 
made at any desired temperature from ambient to 
— 320°F by use of liquid gases such as nitrogen. 

Any change in formulation, compounding, or 
processing of a material such as rubber is quite 
discernible in the physical testing data, thereby 
proving the importance of such a procedure either 
in research, development, or in production. Some- 
times a slight deviation or the addition of a foreign 
element may cause an inferior product. Frequent 
physical testing helps to ensure a standard product. 

SPECIFIC TYPES OF RUBBER 

There is only one rubber obtained from natural 
sources in commercial quantities. There are several 
synthetically produced compounds that are classed 
as rubbers. See Polymfr propfrtils. 

Natural rubber. Although natural rubber may be 
obtained from hundreds of different plant species, 
the most important source is the rubber tree, Hevea 
brasiliensis. Natural rubber is cis-l,4-polyisoprene 
containing approximately 5000 isoprene units in 
the polymer chain. 
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World production of natural rubber has in- 
creased from 45,000 long tons of rubber in 1900 to 
over 2,000,000 in 1962, more than a 45-fold in- 
crease. Added to the 1962 production is more than 
2,000,000 long tons of synthetic rubber of various 


types, to make a grand total of over 4,000,000 long 
tons of rubber production for 1962. 

During the past several years the emphasis in 
research and development of natural rubber at 
the various rubber institutes and at the larger and 
more progressive plantations has shifted from chem- 
istry to botany. The major current chemical investi- 
gation is directly allied with botanical pursuits, 
and has the ultimate aim of increasing the rubber 
yield of the trees. This change in emphasis has 
been the result of the tremendous economic chal- 
lenge of synthetic rubber for the world markets. 
Because natural rubber producers had experienced 
the loss of the bulk of the market in the United 
States because of lower-priced synthetic, they were 
faced with the realization that as soon as the Euro- 
pean synthetic rubber plants were in production, 
natural rubber consumption would be considerably 
reduced. Consequently, yield increase and price 
reduction were necessary. 

The cross-pollination of high-rubber-yielding 
clones of H. brasiliensis has resulted in a signifi- 
cant increase in rubber production. The Rubber 
Research Institute of Malaya reported that two of 
their “Series 600” clones yielded m excess of 920 
lb/ (acre) (year) during the first year (1956) of 
commercial tapping and 6-7 years after budding 
This is more than double the yield of average plan- 
tation stock Several experimental clones jjave pro- 
duced in excess of 2000 lb/ (acre) (year) 

It has been estimated by the Government of the 
Federation of Malaya that the replacement of the 
old trees yrith modern high-yield trees would result 
in a decrease of 35% in tapping costs, 65% in cul 
tivation costs, and 60% in general costs. Tn addition 
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to this reduced cost of production, the higher yield- 
ing clones would result in greater potential pro- 
duction of rubber. 

The application of chemicals such as copper sul- 
fate, 2,4-D, and 2,4,5-T to the bark of the tree has 
greatly increased rubber yield. The use of these 
chemicals has to be carefully controlled because, 
when used in excess, they may either inhibit bark 
renewal or make the tree more susceptible to dis- 
ease. For example, a small amount of cobalt has a 
beneficial effect on the growth of the rubber plant 
but larger concentrations may depress growth. Re- 
cent data indicate that when the proper soil chem- 
istry is maintained the tree will develop maximum 
rubber yield with a minimum of stimulation. 

Butadiene-styrene rubbers (GR-S, SBR). The 
extensive development of the svnthetic rubber in- 
dustry originated with the World War II emer- 
gency, but the continued expansion has been the 
result of the superiority of the various synthetic 
rubbers in certain properties and applications Sta- 
tistics show that in 1960 synthetic rubbers repre- 
sented 46% of the total world consumption and 
69% of the total rubber consumption in the United 
States. 

The butadiene-styrene rubber, formerlv desig- 
nated as GR-S types, but now called SBR, consti- 
tutes the bulk of the synthetic rubber production 
All the SBR-tvpe rubbers are obtained by the emul- 
sion polymerization of butadiene and styrene in 
varying latios. However, in the most commonly used 
tvpe the ratio of butadiene to styrene is approxi 
mately 78:22. 
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The original or hot SBR is polymerized at a tem- 
perature of 122°F or higher and is used primarily 
for mechanical goods because of its better color re- 
tention. The cold type, polymerized at 41 °F, ex- 
hibits an improvement over the hot type in most 
physical properties. When used in light-duty tires 
such as passenger car tires, the cold-rubber com- 
pounds have proved equal or superior to natural 
rubber treads. However, they are inferior to natural 
rubber for truck tires because of the greater heat 
buildup during flexing. 

The cold oil-extended type, prepared by the re- 
placement of a portion of the polymer by a heavy 
fraction oil, accounts for more than 50% of the 
cold-rubber production. Its advantage is primarily 
economic. Master batches containing both oil and 
carbon black have the advantage of process sim- 
plification. 
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In general the compounding and processing meth- 
ods used for all the SBR types are similar to those 
of natural rubber. Although natural rubber is 
superior with respect to lower heat buildup, re- 
silience, and hot tear-strength, the SBR types are 
more resistant to abrasion and weathering. How- 
ever, carbon black or some other reinforcing fillers 
must he added to the butadiene-styrene rubber to 
develop the best physical qualities. 

In addition to tifes other end-use items include 
belting, hose, molded goods, 9 hoe sole 9 , flooring, 
and insulation. 

Neoprene. Neoprene, one of the first synthetic 
rubber* used commercially m the rubber industry 
is a polymer of chloroprene, 2-chlorobutadiene-l,3. 
In the manufacturing process, acetylene, the basic 
raw material is dimerized to vinylaretylene and 
then hydroc hlorinated to the chloroprene monomer. 

2(CH=CH) CH^CH-CsCH 

CuCli CuCU 

Acetylene Vinvlacetylene 

CH 2 — GC1— CH=CH, 
Chloroprene 
Cl 

I 

- CH 2 C--CH--CH 2 — 

Neoprene unit 

An emulsion system is used for the polymeriza- 
tion, and the resulting polymer is isolated by 
freeze coagulation Copolymer types of neoprene, 
in which the chloroprene monomer predominates, 
are also available Other commercial types of neo- 
prene are manufactured which differ according to 
compounding variations dependent upon end usage. 

Sulfur is used to vulcanize some types of neo- 
prene, but most of the neoprenes are vulcanized by 
the addition of basic oxides such as magnesium 
oxide and zinc oxide Other compounding and proc- 
essing techniques follow similar procedures and 
use the same equipment as for natural rubber. One 
of the outstanding characteristics of neoprene is 
the good tensile property without the addition of 
carbon black filler. However, carbon black and 
other fillers can be used when reinforcement is re- 
quired for specific end-use applications requiring 
increased tear and abrasion resistance. 

Because the neoprenes have outstanding resist- 
ance to ozone, weathering, a variety of chemicals, 
oil, and flame, they have been used for applica- 
tions where natural rubber is inadequate. A possi- 
ble limitation of more extensive applications of 
the neoprenes is their relatively high freezing 
points, which reduce the serviceable temperature 
range. Another disadvantage is the cost factor, 
which limits the applications to items which can 
justify premium^prices. „ 

Typical uses of the various neoprenes include 
oil-resistant applications, hose, low-voltage insula- 
tion, adhesives, molded goods* and tank linings* 

Butyl rubber. Isobutylene and isoprene or Buta- 
diene obtained from cracked refinery gases are the 
primary raw materials required for the tttaopiec* 



640 Rubbar 



Fig. 2. Steps in production of one type of synthetic 
rubber (butadiene-styrene rubber). ( Firestone Tire and 
Rubber Co.) 


ture of Butyl rubbers. The small ratio of diolefin, 
varying from 0.5 to 4.5%, provides the unsaturation 
necessary for vulcanization. 

A solution polymerization system is used, the 
reaction being conducted at approximately — 150°F 
in the presence of a dilute solution of aluminum 
chloride, AlCh, in methyl chloride as a catalyst. 
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Butyl rubber unit 


Butyl rubbers are processed according to the 
conventional methods used for natural rubber and 
SBR. An antioxidant, sulfur, and an ultra-accelera- 
tor are compounded into the stock. However, be- 
cause of the low degree of unsaturation in the 
Butyl rubber molecule, it is more difficult to com- 
plete the cure, and consequently the vulcanization 
requires higher temperatures and longer times. 

Neither neoprene nor Butyl rubber requires car- 
bon black to increase its tensile strength, but 
the reinforcement of Butyl rubber by carbon 
black or other fillers does improve the modulus and 
increases the resistance to tear and abrasion. 

The excellent resistance of Butyl rubbers to oxy- 
gen, ozone, and weathering can be attributed to the 
small amount of unsaturation present in the poly- 
mer molecule. In addition, these rubbers exhibit 
good electrical properties and high impermeabil- 
ity to gases. 

Butyl rubber consumption continues to increase 
every year. Estimated annual consumption in the 
United States in 1962 exceeded 175,000 long tons 
and is expected to be 225,000 long tons in 1966. 
Wide use of tubeless tires in 1954-1955 tempo- 
rarily reduced consumption of butyl rubber in its 
major use (inner tubes) ; production rose again as 


a result of chemical modification of Butyl, the 
development of an all-Butyl automobile tire, the 
continued substantial production of Butyl tubes 
for passenger, truck and bus tires, and expanded 
consumption of Butyl in wire and cable insulation 
and in extruded automotive products. 

Chlorobutyl rubber, which contains about 1% 
chlorine, is more readily mixed and cured than 
Butyl. It exhibits improved adhesion to, and com 
patibility with, natural rubber and the synthetic 
rubbers. Brominated Butyl (containing *1-3.5% 
bromine) is improved similarly. Vulcanization of 
Butyl with modified phenol resins, that is, resin- 
cured Butyl, greatly increases the useful life of 
articles sutm as curing bladders, which are exposed 
to heat for long periods of time A latex made by 
dispersing Butyl rubber in water greatly increases 
the bonding strength between fabric and rubber in 
the carcass of the all-Butyl tire. 

Nitrile rubber. Much of the ba9ic pioneering re- 
search on emulsion polymerization systems was 
with the nitrile-type rubbers. These rubbers, which 
originated as the German buna N types in 1930, 
are copolymers of acrylonitrile and a diene, usu- 
ally butadiene. Hydrogen cyanide and ethylene ox- 
ide are the raw materials currently used for the 
production of acrylonitrile. 
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The ratios of the monomers can vary from 80/20 
to 55/45 butadiene/acrylonitrile. The oil-resistant 
properties of the rubber increase with increasing 
nitrile content, but there is a corresponding de- 
crease of the low-temperature flexibility of the rub- 
ber. 

Both sulfur and nonsulfur vulcanizing agents 
may be used to cure these rubbers. Carbon black or 
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other reinforcing agents are necessary to obtain the 
optimum properties. 

If proper processing methods are followed, the 
nitrile rubbers can be blended with natural rubber, 
polysulfide rubbers, and various resins to provide 
specific characteristics in the resulting blend, such 
as increased tensile, better solvent resistance, and 
improved weathering resistance. 

Nitrile rubbers are also called buna N, Chemi- 
gum N, Hycar OR, Perbunan, and Butaprene N. 

Excellent oil, grease, and solvent resistance are 
the outstanding properties of the nitrile rubbers. 
Consequently, the commercial usage of these rub- 
bers is largely for items in which these properties 
are essential. Another major usage is the utiliza- 
tion of the latex form for adhesives and for the 
finishing of leather, impregnation of paper, and 
the manufacture of nonwoven fabrics. 

Thiokol polysulfide rubber. Polysulfide rubbers, 
obtained by the reaction of an organic dihalide 
and an inorganic polysulfide, are condensation poly- 
mers of varying viscosities. The original Thiokol 
polysulfide rubber was the reaction product of 
ethylene dichloride and sodium tetrasulfide. The re- 
sulting polymer is believed to be linear in struc- 
ture. 

Na 2 S 4 4- C1CH 2 CH 2 C1 -> 

Sodium Ethylene 
tetrasulfide dichloride 

- -CH 2 CH 2 SSSSCH 2 CH 2 SSSS— 
Thiokol type A unit 

By conducting the reaction in an aqueous me- 
dium to which a dispersion of magnesium hydrox- 
ide has been added, the polymer is obtained in a 
dispersed form which can be precipitated, washed 
free from sodium chloride, and then dried. 

The use of different dihalides and different sul- 
fur concentrations alters the physical properties 
of the resulting polymers because the properties de- 
pend upon the length of the aliphatic group and the 
number of sulfur atoms in the polymer chain. In 
addition to ethylene dichloride the most generally 
used dihalides are methylene chloride, propylene 
dichloride, glycerol dichlorohydrin, dichloroethyl 
ether, dichloroethyl formal, and triglycol dich^- 
ride. 

Sulfur does not function as a vulcanizing agent 
for these rubbers. However, the necessary cross- 


links between the polymer chains can be attained 
by vulcanization with metallic oxides such as lead, 
zinc, or magnesium. Sulfur does accelerate the cure. 

Most of the compounding formulations incor- 
porate reinforcing pigments such as carbon black 
to improve tensile strength, hardness, and abrasion 
resistance. Other fillers such as zinc oxide, zinc sul- 
fide, titanium dioxide, and lithopone are used for 
nonblack stocks. 

The recently introduced polysulfide liquid poly- 
mers, obtained by controlled reduction of high mo- 
lecular-weight polymers, are finding applications 
as sealants, flexible molds and patterns, epoxy resin 
modifiers, and leather impregnants. 

The outstanding properties of these rubbers are 
their high solvent and oil resistance, their excellent 
resistance to aging, ozone, and sunlight, and their 
very low permeability to gases and vapors. These 
characteristics make them useful for such appli- 
cations as gas hose for cars and service stations, 
printers’ blankets, cable coverings, and coating 
for balloon fabrics. More extensive application is 
limited because the tensile strength 'and abrasion 
resistance are lower than many of the other syn- 
thetic rubbers. The disagreeable odor of some of 
the types is another restriction for certain applica- 
tions. 

Silicone rubbers. Silicone rubber, like the Thio- 
kols, is a linear condensation polymer based on a 
dimethyl silicone polymer. In the preparation, di- 
methyl dichlorosilane is hydrolyzed to form di- 
methyl silanol which is then condensed to dimethyl 
siloxane, and this, upon further condensation yields 
dimethyl poly siloxane, the standard silicone rub- 
ber as shown below. 

Various types of silicone rubbers are produced 
by substituting some of the methyl groups in the 
polymer with other groups such as phenyl or vinyl 
groups. Advantages of this type of substitution are 
evidenced by improvements in specific properties. 
For example, the presence of phenyl groups in the 
polymer chain gives further improvement in low- 
temperature properties. 

Because sulfur is not effective for the vulcani- 
zation of most silicone rubbers, a strong oxidizing 
agent such as a benzoyl peroxide is used ; the cross- 
linking produced is random. However, when un- 
saturated groups such a9 vinyl or allyl are present, 
these products are vulcanized with sulfur, the 
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vinyl groups serving as a control of the degree of 
cross-linking. 

. Although the standard silicone rubbers are not 
reinforced by carbon black, the physical properties 
can be improved by the incorporation of various in- 
organic fillers such as titania, zinc oxide, iron ox- 
ide, and silica, which act both as reinforcing and 
modifying agents. The physical, chemical, and elec- 
trical properties can be altered by varying the type 
and amount of these fillers. Carbon black can be 
used as a filler with vinyl-containing polymers. 

In general, the silicone rubbers have relatively 
poor physical properties and are difficult to process. 
However, they are the most stable of rubbers, and 
are capable of remaining flexible over a tempera- 
ture range of —130° to -+-600° F. They are unaf- 
fected by ozone, are resistant to hot oils, and have 
excellent electrical properties. Their most extensive 
applications are for wire and cable insulation, tub- 
ing, packings, and gaskets. In the form of disper- 
sions and pastes, they are used for dip-coating, 
spraying, brushing, and spreading. See Silicon. 

Hypalon. Hypalon, a chlorosulfonated polyethyl- 
ene, is prepared by treating polyethylene with a 
mixture of chlorine and sulfur dioxide, whereby a 
few scattered chlorine sulfonyl chloride groups are 
introduced into the polyethylene chain. By this 
treatment polyethylene is converted into a rubber- 
like material in which the undesirable degree of 
crystallinity is destroyed but the desirable proper- 
ties of polyethylene still maintained. 

The ratio of the chlorine and sulfur atoms is care- 
fully controlled so that there is approximately 29% 
chlorine and about 1.25% sulfur. The outstanding 
chemical stability of Hypalon results from the com- 
plete absence of unsaturation in the polymer chain. 

Vulcanization is accomplished by means of me- 
tallic oxides such as litharge, magnesia, or red 
lead in the presence of an accelerator. The sulfo- 
nyl chloride groups provide the sites of reactivity 
at which the bases react with the chlorine of the 
sulfonyl chloride group to give cross-links. The 
incorporation of an organic acid such as hydro- 
genated wood rosin or stearic acid is also necessary 
for optimum cure. Carbon black or other fillers are 
not needed to obtain optimum strength properties, 
and antioxidants are required only for maximum 
resistance to heat. In addition to its use as a stock 


in itself, Hypalon can be blended with other types 
of rubbers to provide a wide range of properties. 

Extreme resistance to ozone is the most impor- 
tant property of Hypalon. Its chemical resistance 
to strong chemicals such as nitric acid, sulfuric 
acid, chromic acid, hydrogen peroxide, and strong 
bleaching agents is superior to any of the com- 
monly used rubbers. These vulcanizates also have 
good heat resistance, mechanical properties, and 
unlimited colorability. 

Typical applications include covers for conveyor 
belts, steam hose tubes, O-rings and gaskets in 
ozone generators, miscellaneous molded goods, and 
coated fabrics for outdoor service. 

Polyurethane rubbers. Polyurethane rubber is 
an all-inclusive name given to elastic polymers con- 
taining the urethane linkage. In general they are 
prepared by extending a polyester, a polyalkylene 
ether glycol, or a polyhydrocarbon diol witjj diiso- 
cyanates; the extension of bis chloroformates of 
such polymeric diols with diamines is also a prac- 
tical method of rubber synthesis. In either case, 
the chosen jjiol is usually in the 1000-5000 molecu- 
lar-weight range. 

The most common polyesters are adipates of C 4 , 
C 3 , or C 2 glycols, whereas polybutylene ether gly- 
col from the cationic polymerization of tetrahydro- 
furan dominates the polyether field. Little has been 
reported on the hydrocarbon diols with exception of 
polychloroprene diols. 

A basic repeating structure for a typical ure- 
thane rubber is shown at the bottom of the page. 

The cross-linking reactions for converting poly- 
urethane rubbers to useful products depend upon 
the particular type of processing steps desired. 
The so-called millable or processible rubbers 
can first be fully compounded and then subse- 
quently milled, extruded, calendered, and molded 
much like the diene rubbers. The actual vulcaniza- 
tion reactions are commonly conducted at tempera- 
tures below 300°F. Cross-linking was first achieved 
by diisocyanate reactions with active hydrogens in 
the polyurethane rubber chain. Current practice is 
to prepare the polyurethane chain with reactive 
centers such as olefin bonds so that the more con- 
ventional vulcanization by sulfur is possible. 

The casting polyurethane rubbers are processed 
differently from the millable rubber and are dis- 
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tinctively characterized by a relatively short pot- 
life after being fully compounded. In a typical case 
a polyester is pretreated with a molecular excess of 
di- or polyisocyanate. The resulting prepolymer, 
in a molten condition, is mixed with a reticulating 
agent such as an aromatic diamine and quickly 
poured into a mold. Chain extension and cross-link- 
ing occur concurrently in casting systems. 

Extensive physical data have been reported only 
on polyesterurethanes and polyetherurethanes. 
These rubbers excel in strength, resilience, and 
resistances to abrasion, ultraviolet light, oxygen, 
ozone, solvents, and flex cracking. They are satis- 
factory but not superior at extreme temperatures. 

Polyurethane rubbers are being evaluated exten- 
sively in passenger and truck tires, soles and heels, 
conveyor belts, films, solid tires, and other products. 
Particularly interesting characteristics are their 
use as a replacement for metals in many moving 
part applications and as foams. 

cis-l v 4-Polyi$oprene. In the last few years syn- 
thetic cis-l,4-polyisoprene has been made from 
isoprene by the use of two different classes of 
catalysts. The first class includes lithium metal 
and the lithium alkyls. The second class uses a mix- 
ture of an aluminum alkyl and titanium tetrachlo- 
ride, the system first used for the low-pressure 
polymerization of ethylene by Karl Ziegler. Both 
catalyst systems are carried out in hydrocarbon 
solution and require highly purified monomer and 
solvent. Traces of air, moisture, and most polar 
compounds adversely affect reaction rates, polymer 
properties, and structure. 

The ris-1,4 polymer structure obtained with these 
catalysts is also characteristic of natural Hevea 
rubber. The presence of a high cis content appears 
necessary for the desirable physical properties ob- 
tained with Hevea in contrast with the inferior 
properties of emulsion-type polyisoprene whi h 
contains mixed cw-, trans-> 1,2- and 3,4-isoprene 
units in the polymer chain : 
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When the polymerization is complete, the cata- 
lyst is destroyed, for example, by treating with 
alcohol, and the solvent removed. The solid polymer 
thus obtained may then be handled and com- 
pounded as any other dry rubber is. 

This polymer and the corresponding butadiene 
polymer discussed below are called stereorubbers 
because of their preparation with stereospecific 
catalysts. Stereo-Butyl rubber and other emulsion 
polymers are formed by a free-radical mechanism 
that does not permit much control of the molecular 
structure; stereorubbers are formed by anionic 
mechanisms that permit nearly complete control of 
the structure of the growing polymer chain in a 
stereoregular fashion. See Free radical. 

The type of catalyst employed influences the 
structure of the polymer in certain ways. The 
aluminum-titanium-catalyzed rubbers containing 
about 95% cis-1,4 structure exhibit a gradual 
crystallization somewhat like natural rubber, and 
they are readily processed since the molecular 
weight range tends to be less than that of natural 
rubber. The lithium-catalyzed rubbers contain 
about 93% cis-1,4 structure; they exhibit very little 
tendency to crystallize and cannot be processed 
satisfactorily until they have undergone substantial 
mastication to reduce their very high molecular 
weight values to a level more nearly resembling 
that of well-masticated natural rubber. 

The differences in structure influence the proper- 
ties of these rubbers. The aluminum-titanium- 
catalyzed rubber, since it crystallizes more readily, 
exhibits better hot tensile strength. The lithium- 
catalyzed polymer, being of higher molecular 
weight, exhibits higher resilience and less heat 
generation. 

Both types when compounded and cured produce 
physical properties which closely approach, or are 
equivalent to, those of natural rubber. The few 
small gaps still remaining are expected to be 
closed with better controls over such factors as the 
cis-1,4 content and molecular weight distribution. 

Reports have been issued on actual tire tests 
with heavy-duty tires for trucks, buses, and air- 
planes which show that with respect to wear and 
heat build-up the isoprene rubbers are comparable 
to natural rubber during tire operation. Polyiso- 
prene rubber has passed qualification tests in 
high-speed jet aircraft tires to withstand landing 
speeds as high as 250 mph. 

cis-l,4-Polybutadiene. Work on the duplication 
of natural rubber stimulated interest in stereo- 
regulated polymerization of butadiene, particularly 
of the high cis-1,4 structure: 
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Several different catalyst systems have been de- 
veloped to give polybutadiene rubbers of varying 
cis-1,4 content. A cobalt-containing catalyst, for 
example, will result in a polymer of 98% cis-1,4; 
a catalyst of an aluminum alkyl and titanium 
tetraiodide, 90-95% cis-1,4; a catalyst of an alkyl 
lithium, 40-50% cis-1,4. All these systems employ 
solvent polymerization with hydrocarbon diluent. 

Vulcanizates of rw- 1,4-poly butadiene rubbers, 
in comparison with stereo-Butyl rubber, exhibit 
good physical properties, such as lower heat 
generation, higher resilience, improved low-tem- 
perature properties, and greatly improved abrasion 
resistance. Processing properties are rather poor, 
but they can be greatly improved by employing 
blends with natural or synthetic rubbers. 

A 1:1 blend of ri.s-l,4-pol> butadiene and natural 
rubber displayed hysteresis properties equivalent 
to the natural rubber control and exhibited satis- 
factory modulus, tensile strength, and hardness. 
Tests on retreaded passenger tires gave outstand- 
ing abrasion resistance and increased resistance to 
cracking as compared to natural rubber. 

In passenger tires, ris-l,4-polybutadiene has 
given 26-36 % better wear than cold stereo-Butyl 
rubber. In truck tires, a blend with natural rubber 
gave 14% more wear than natural rubber alone. 

In 1960, the United States production capacity 
for stereorubbers was only 5000 long tons, but by 
1965 it may increase to 375,000 long tons annually. 

Ethylene-propylene copolymers. Stereospecific 
catalysts are being employed to make new syn- 
thetic rubbers by the copolymerization of ethylene 
and propylene. Either monomer alone polymerizes 
to a hard, cry stall izable plastic, but copolymers 
containing 35 65% of either monomer are amor- 
phous, rubbery solids. Special catalysts must be 
employed because ethylene polymerizes many 
times faster than propylene. Best results seem to 
be obtained with complex catalysts derived from 
an aluminum alkyl and a vanadium chloride or 
oxychloride. 

Since these copolymers are practically free of 
double bonds, they exhibit outstanding resistance 
to heat, oxygen, ozone, and other aging and degrad- 
ing agents. Abrasion resistance in tire treads is 
excellent. Special curative systems, such as or- 
ganic peroxides, must be employed because of the 
absence of double bonds. Processing techniques 
and factory equipment used with other rubbers can 
also be applied to these copolymers. The mechani- 
cal properties of their vulcanizates are generally 
intermediate between those of natural rubber and 
stereo-Butyl rubber. 

Ethylene-propylene copolymers offer a promising 
potential for rapid commercialization because the 
monomers are cheap and abundant. 

Addupt rubbers. Adduct rubbers represent the 
most recent additions to the family of synthetic 
rubbers. While the preparation of these rubbers 
covers a complex set of chain reactions involving 
several types of double bonds, the basic reaction 
involves a low-molecular-weight alkyl mercaptan 
and a conventionally prepared diene rubber. 


RSH + — CH2 — CH=CH — CH2 — — 1 
Alkyl Diene rubber unit 
mercaptan 

R 

1 

s 

— CHr-in— CH2— CHs 

Adduct rubber unit 

The reaction is usually carried out in emulsion 
form, and the general technology and equipment 
used in making SBR rubbers can be adapted to the 
preparation of the adduct derivatives. Variations in 
the nature of the base polymer, the mercaptan 
used, and the extent of saturation give a wide range 
of compositions and physical properties. 

The technology of using adduct rubbers, such as 
processing, compounding techniques, curing reci- 
pes, and fabrication methods, is similar to the meth- 
ods conventionally used for the diene rubbers. 

Interesting commercial possibilities are off°red 
by the products having a high degree of satura- 
tion. Adduct rubbers present competition in the 
field of specialty rubbers because of the good aging, 
heat resistance, low-temperature properties, solvent 
resistance, low gas permeability, or ozone resist- 
ance, in one or another of the derivatives. Outstand- 
ing performance in these qualities has been achieved 
by adducts of polymers whose double bonds had 
been over 90% saturated. 

Typical end use applications include those fields 
in which specialty rubbers have proved necessary 
and preferable. They have exhibited outstanding 
performance when used as removable white side- 
walls for tires, radiator coolant hose, impregnant 
for airship fabric, and oil-resistant foam for rail- 
road journal boxes. See Polymer; Polymeriza- 
tion; Rubber products. I j.d.d ] 

Bibliography : H. L. Fisher, Chemistry of Natural 
and Synthetic Rubbers , 1957; P. J. Flory, Princi 
pies of Polymer Chemistry , 1953; J. Le Bras, Rub- 
ber , Fundamentals of Its Science and Technology , 
1957; M. Morton (ed.), Introduction to Rubber 
Technology , 1959; G. S. Whitby (ed.). Synthetic 
Rubber, 1954. 

Rubber products 

Articles in which a rubber is the most essential 
ingredient. Because of the wide variety of rubber 
products, many of which are made by methods 
developed specifically for them, this article will 
be limited to the more common methods of manu- 
facture adapted to the widest variety of products. 

With a few minor exceptions the manufacture of 
rubber products involves the following processes: 
(1) compounding, (2) mixing, (3) forming, 
(4) building or assembly, and (5) vulcanization. 

Compounding. The process of weighing the var- 
ious ingredients required by the formulation is 
called compounding. The term is also used for the 
technical problem of determining what the formula- 
tion should be. This involves the selection of the 
rubber, the rubber chemicals (accelerators and 
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antioxidants), the reinforcing pigments or fillers, 
and the processing aids, all of which must be care- 
fully selected and proportioned with the objective 
of making a product economically and with the 
requisite properties to perform its function in a 
satisfactory manner. After the formulation has 
been determined, it is written as a recipe from 
which the weighing step proceeds. A typical recipe 
for a passenger car tire tread is shown in the table. 


Recipe for passenger-car tire tread rubber 



Recipe for 


Base recipe, 

1000-lb 

Ingredients 

purts 

batch, lb 

SBR-1502* 

100 

607 

HAF carbon black f 

SO 

303 5 

Processing oil 

8 

48 5 

Zinc oxide 

8 

18 2 

Sulfur 

1 75 

10 6 

Accelerator 

1 0 

6 1 

Antioxidant 

1 0 

6 1 


• A butadiene-styrene copolymer j>olymerized at 5°C 
(a cold rubber) 

t HAF, high-abrasion furnace 


The base rubber, a cold SBR, is currently the 
most widely used rubber for passenger-car tires. 
Some manufacturers prefer an oil-extended SBR 
as the base polymer. This differs from the cold SBR 
in being made to a considerably higher viscosity 
and is extended at the latex stage by the addition 
of 25 or more parts of a petroleum oil to each 100 
parts of polymer. When the oil is used to fac ilitate 
processing, the proportion of carbon black is cal- 
culated on the combined oil and rubber present. 
Thus, if in the above recipe a 37.5-part oil-extended 
rubber were used, the proportion of carbon black 
on the combined oil and rubber, that is, 137.5 parts, 
would be 68.75 parts. 

The carbon black is an essential and critical com- 
ponent. Its use facilitates processing, but more 
importantly, it confers excellent wearing character- 
istics. The proportion used varies between about 
45 and 55 parts. See Carbon black. 

The sulfur, accelerator, and zinc oxide represent 
the vulcanization system. The sulfur is the vulcan- 
izing agent, and the accelerator and zinc oxide to- 



Ffg. 1. A two-roll mill. (B. F. Goodrich Co.) 



Fig. 2. A calender. (B. f. Goodrich Co.) 


gether with the fatty acid already present in the 
SBR provide the required acceleration of the cure. 
The kind of accelerator used varies from one manu- 
facturer to another, but its selection is based on 
providing the maximum safety in processing with 
a fast rate of cure. 

An antioxidant is added to confer some protec- 
tion against tread cracking. The base rubber con- 
tains a stabilizer which is often a good antioxidant. 

The quantities shown in the right-hand column 
of the table arc weighed accurately and placed in 
suitable containers for charging into the mixer. 

Mixing. This step accomplishes an intimate and 
homogeneous mix of the ingredients required by 
the recipe. It is carried out either on a two-roll 
mill (Fig. 1), or in an internal mixer. Virtually all 
stocks mixed in large volume are now mixed in 
internal mixers. 

The internal mixing procedure involves the addi- 
tion of the ingredients through the loading chute 
in the proper order and with suitable intervals of 
mixing between each addition. For the recipe given 
above, the mixing time is about 8 minutes. 

There are thousands of different recipes, each 
designed for different purposes. Each of these re- 
quires a mixing procedure of its own. In addition, 
vaiious manufacturers differ in their ideas as to 
precisely how the mixing operation should be con- 
ducted, and the equipment in various plants differs 
widely. The trend in the industiy is toward more 
automation in this process, both in weighing and 
charging the ingredients into the mixer and in 
handling the stock after discharge. 

Forming. Usually, forming operations involve 
either extrusion into the desired shape, or calender- 
ing to sheet the material to some specified gage or 
to apply a sheet of the material to a fabric. Figure 
2 shows a calender. In the case of tires, the tread 
and sidewall may be formed by extrusion to give a 
shape as illustrated in Fig. 3. The cord-reinforcing 
plies are coated with rubber on a calender. 

Building. Building operations, varying from sim- 
ple to complex, are required for products such as 
tires, shoes, fuel cells, press rolls, conveyor belts, 
and life rafts. These products may be bpilt by 
combining stocks of different compositions or by 
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Rg. 3. An extruded treod and sidewall section. 



combining rubber stocks with other materials of 
construction such as textile cords, woven fabric, 
or metal. For a few products no building operations 
are required. For example, many molded products 
are prepared for molding by extrusion and cutting 
into lengths of the proper weight to place in the 
mold cavities. Also, extruded products which are 
given their final shape by the die used in the ex- 
truder are ready for the final step of vulcanization 
without any intermediate building operations. 

In building tires, the “green’* tire is built on a 
rotatable, collapsible drum, the diameter of which 
is slightly larger than the diameter of the bead 
rings. A ply of coated cord fabric cut on a bias is 
applied to the drum so that the cords form an angle 
of about 40° with a circumferential line around the 
drum. A second ply is then applied with the cords 
running at about 90° to those in the first ply. The 
bead assemblies are then applied, and the edges of 
the first two plies are folded over the beads. A third 
and then a fourth ply are added, with alternation of 
the direction of the cords, and their edges are 
folded over the beads. The extruded tread strip, 
which has previously been cut to the proper length 
and spliced, is then applied and rolled down. The 
drum is then collapsed and the green tire removed 
from the drum. Figure 4 shows a cross section of a 
building drum with a green tire on it. Following 
the building, the tire may be shaped or “lifted” by 
inserting a rubber curing bag. This operation in- 
creases the diameter of the green tire in the crown 
or tread area and draws the two beads together, 
thus forming a section resembling that of the 
finished tire. Sometimes this operation is carried 
out automatically in the curing press. 

The building operations for tires vary widely, 
depending on the kind of tire to be built and the 
equipment available in the particular plant. For 
example, the cord reinforcement may be of rayon, 
nylon, or steel wire; the number of plies required 
increases as the size and service requirements in- 
crease; the tread proper may be of a different com- 
position than the tread base and sidewalls; one of 
the sidewalls may be made of a white stock; the 
construction may be of the tubeless variety, in 
which case an air-barrier ply of rubber is applied 
to the ir.side surface of the first ply; a puncture- 
sealing layer may be applied to the inside surface; 
or there may be several bead assemblies instead of 
only one. 


Likewise, the building operations for other prod- 
ucts are almost infinitely varied. 

Vulcanization. The firtqd process, vulcanization, 
follows the building operation, or in the event that 
no building operations are involved, the forming 
operation. 

Vulcanization is the process that converts the 
essentially plastic, raw mixture to an elastic state. 
It is normally accomplished by applying heat for a 
specified time at the desired level. The most com- 
mon methods for vulcanization are carried out in 
molds held closed by hydraulic presses and heated 
by contact with steam-heated platens which are a 
part of the press, in open steam in an autoclave, 
under water maintained at a pressure higher than 
that of saturated steam at the desired temperature, 
in air chambers in which hot air is circulated over 
the product, or by various combinations of these. 

The time and temperature required for vulcaniza- 
tion of a particular product may be varied over a 
wide range by proper selection of the vulcanizing 
system. The usual practice is to use as fast a sys- 
tem as can be tolerated by the processing steps 
through which the material will pass without 
“scorching,” that is, without premature vulcaniza- 
tion due to heat during these processing steps. 
Rapid vulcanization effects economies by producing 
the largest volume of goods possible from the avail- 
able equipment. This is particularly the case for 
products made in molds, because molds are costly 
and the output from them is determined by the 
number of heats which can be made per day. 

The rate of vulcanization increases exponentially 
with an increase in temperature, and hence the 
tendency is to vulcanize at the highest temperature 
possible. In practice this is limited by many factors, 
and the practical curing temperature range is 
260-340°F. There are numerous exceptions both 
below and above this range, but it probably covers 
95% of the products made. See Rubbeh. 

Finishing operations following vulcanization in- 
clude removal of mold flash, sometimes cutting or 
punching to size, cleaning, inspection for defects, 
addition of fittings such as valves or couplings* 
painting or varnishing, and packing. [a.JU.J 

Rubber tree 

The plant Hevea brasiliensis , a member of the 
spurge family (Euphorbiaceae) and a native of the 
Amazon valley. It is the natural source of. conuner* 



Foliage and flowers of the rubber tree ( Heveo bra- 
siliensis). (From P. DeJanville, Atlas de Poche des Plantes 
Utiles des Pays Chauds, Libraine des Sciences Natu- 
relles, 7902 ) 

rial rubber. The tree may become 60-100 ft tall and 
8-10 ft in circumference. It has been introduced 
into all the tropical countries supporting the rain- 
forest type of vegetation, and is grown extensively 
in established plantations, especially in Malaysia. 
The latex from the trees is collected and coagu- 
lated. The coagulated latex is treated in different 
ways to produce the kind of rubber desired. Rubber 
is made from the latex of a number of other plants, 
but Hevea is the rubber plant of major importance. 
See Gf.raniales; Rubber. [p.d.s.] 

Rubellite 

The red to red-violet variety of the gem mineral 
tourmaline. Perhaps the most sought-for of the 
many colors in which tourmaline occurs, it was 
named for its resemblance to ruby. The color is 
thought to be caused by the presence of lithium. 
Fine gem-quality material is found in Brazil, Mada- 
gascar, Maine, southern California, the Ural Moun- 
tains, and elsewhere. Gem material is almost ox 
clusively a product of pegmatite dikes. Although 
rubellite is relatively inexpensive, it is jegarded by 
many as one of the loveliest of gem stones. It has a 
hardness of 7—7 Vi on Mohs scale, a specific grav- 
ity near 3.04, and refractive indices of 1.624 and 
1.644. See Gem; Tourmaline. [r.t.l.] 

Rubiales 

An order of the plant subclass Dicotyledoneae 
characterized by opposite leaves and epigyny (pet- 
als and stamens on top of the ovary or apparently 
so). The order includes 5 families with 438 genera 
and approximately 5800 species. The madder family 
(Rubiaceae) is much the largest and contains both 
useful and ornamental plants: cinchona (source of 
quinine), gardenia, bluets, coffee, ipecac (used 
medicinally), and madder (grown for its red dye). 
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Elder, viburnum, honeysuckle ( Lonicera ), and 
coral berry are members of the honeysuckle family 
(Caprifoliaceae). The valerian family (Valeri- 
anaceae ) yields the medicinal spikenard, and teasel 
of the Dipsacaceae provides the dried fruit heads 
used by the fuller to raise the nap on cloth. See 
Cinchona; Coffee; Ipecac; Quinine; see also 
Dicotyledoneae; Embryophyta; Plant kingdom. 

[P.D.S.1 


Rubidium 

A chemical element, Rb. atomic number 37, and 
atomic weight 85.48. Rubidium is an alkali metal 
in group la of the periodic table. It is a light, low- 
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melting, reactive metal. Little is known about ru- 
bidium because it has never been available in quan- 
tity at a reasonable price. In 1958, rubidium salts 
became much more readily available and at lower 
prices as by-products of lithium chemicals manu- 
facture, and knowledge of the properties and reac- 
tions of rubidium metal should develop accord- 
ingly. Rubidium was discovered in 1861 by R. Bun- 
sen and G. R. Kirchhoff by interpretation of its 
spectral lines. Bunsen prepared free rubidium 
metal for the first time that same year using an 
electrolytic method. 

Uses. Most uses of rubidium metal and rubid- 
ium compounds are the same as those of cesium 
and its compounds. The metal is used m the manu- 
facture of electron tubes, and the salts in glass and 
ceramic production. Rubidium compounds are used 
in treating goiter and syphilis. Rubidium-mercury 
amalgams have been used as catalytic agents. 

Occurrence. Rubidium is a fairly abundant ele- 
ment in the earth’s crust, being present to the ex- 
tent of 310 parts per million (ppm). This places it 
just below carbon and chlorine, and just above flu- 
orine and strontium in abundance — well ahead of 
chromium, zinc, nickel, copper, and lithium. Sea 
water contains 0.2 ppm of rubidium, which, al- 
though low, is twice the concentration of lithium. 
Traces of rubidium are found in sea water plants 
and animal organisms. 

Rubidium is like lithium and cesium in thaj it is 
tied up in complex minerals; it is not available in 
nature as simple halide salts as are sodium and po- 
tassium. The major source of rubidium is lepido- 
lite, which may contain up to 3% Rb^O. Camallite 
and pollucite are other minerals in which rubidit^n 
is found. These various minerals are found m the 
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Physical properties of rubidium metal 


Property 

Temperature 

Metric (scientific) 
units 

British (engineering) 
units 

°C 

op 

Density 

20 

68 

1.53 g/cm* 

95.5 lb/ft* 

Melting point 

39 

102 



Boiling point 

688 

1270 



Heat of fusion 

39 

102 

6.1 cal /g 

10.95 Btu/lb 

Heat of vaporization 

688 

1270 

212 cal/g 

381 Btu/lb 

Viscosity 

50 

122 

6.26 millipoises 

4.1 kinetic units 


220 

428 

3.23 millipoises 


Vapor pressure 

294 

561 

1 mm 

0.019 lb/in.* 


628 

1162 

400 mm 

7.75 lb/in.* 

Thermal conductivity 

39 

102 

0.07 cal/ (sec) (cm*) (cm) (°C) 

16.9 Btu/ (hr) (ft*) (°F) 


50 

122 

0.075 cal/ (sec) (cm*) (cm) (°C) 

18.1 Btu/ (hr) (ft*) (°F) 

Heat capacity 

39-126 

102-259 

0.0913 cal/ (g)(°C) 

0.0913 Btu/(lb)(°F) 

Electrical resistivity 

50 

122 

23.15 microhm-cm 



100 

212 

27.47 microhm-cm 



United States in California, South Dakota, New 
Mexico, and Maine. Rubidium-containing lepido- 
lite is found in substantial quantities in Rhodesia 
as well. 

Metallurgical extraction. Rubidium metal is not 
produced on a commercial scale. In the limestone 
process for the conversion of lepidolite ore to lith- 
ium chemicals, however, a mixed alkali carbonate 
liquor is obtained by carbonation in a submerged 
combustion evaporator after the separation of the 
bulk of the lithium values as the hydroxide. Filtra- 
tion after carbonation removes lithium carbonate 
and gives a filtrate containing carbonates of potas- 
sium, rubidium, and cesium. 

The separation of the mixed alkali salts may be 
effected by a variety of methods but the most com- 
mon scheme involves complex formation. The or- 
der of ease of complex formation in the alkali 
metal series is Cs>Rb>K>Na>Li. Stannic 
chloride and zinc ferrocyanide are among the most 
economical compounds which form insoluble com- 
plexes with rubidium. Actually, the bulk of the 
potassium is first removed by precipitation as 
the bicarbonate before proceeding to the separation 
of rubidium and cesium. When stannic chloride is 
used, the rubidium and cesium chlorostannate9 are 
precipitated separately (the cesium salt is more 
insoluble and comes out first), and are then decom- 
posed to the chlorides with recovery of the stannic 
chloride. Sodium zinc ferrocyanide may be em- 
ployed in a similar separation, precipitating first 
cesium then rubidium. These precipitated ferro- 
cyanides can be decomposed thermally to the car- 
bonates. 

Rubidium metal can be made by electrolysis of 
the chloride, or by thermochemical reduction of the 
carbonate with a metal such as magnesium, or with 
a reducing compound such as calcium carbide. 
Magnesium reduction has been employed in many 
of the small-scale operations which have been prac- 
ticed to date. 

Physical properties. The physical properties of 
rubidium metal are summarized in the table. 

Chemical properties. Rubidium is so reactive 
with oxygen that it will ignite spontaneously in 


pure oxygen. The metal tarnishes very rapidly in 
air to form an oxide coating, and it may ignite. 
The oxides formed are a mixture of Ri^O, Rb202, 
and Rb02. The molten metal is spontaneously 
flammable in air. Rubidium also is reputed to form 
an ozonide. 

Rubidium reacts violently with water or ice at 
temperatures down to — 100°C. It reacts with hy- 
drogen to form a hydride which is one of the least 
stable of the alkali hydrides. Rubidium does not 
react with nitrogen. With bromine or chlofine, ru- 
bidium reacts vigorously with flame formation. Ru- 
bidium dissolves in liquid ammonia in the presence 
of metallic catalysts, or with gaseous ammonia in 
the absent of catalysts, to give rubidium amide, 
RbNH' 2 , and hydrogen. Rubidium reacts with car- 
bon monoxide to give the carbonyl, RbCO. 

Organorubidium compounds can be prepared by 
techniques similar to those used for sodium and 
potassium. In general, the behavior of rubidium in 
organic reactions is probably similar to that of 
sodium and potassium, but specific data are un- 
available because of the cost and unavailability of 
rubidium metal. This has hindered research on its 
reactions. For a discussion of handling techniques, 
see Sodium. 

Availability. In 1958, rubidium metal was sold 
only in gram lots in sealed ampules. Total produc- 
tion was probably less than 1 lb/year and the price 
was about $4.50 per gram (about $2000 per lb). 
The cost of rubidium salts had been reduced from 
several hundred dollars to $15-30 per lb by 1958. 

Principal compounds. There are really no prin- 
cipal rubidium compounds in the sense of impor- 
tant uses or volume of production. 

Analytical methods. Rubidium may be detected 
qualitatively by the red color obtained when vola- 
tile salts are introduced into a gas burner flame. 
Separation of rubidium compounds from those of 
the other alkali metals is difficult but can be ac- 
complished by ion exchange. Quantitative determi- 
nation can be made by flame photometry or by the 
use of one of various precipitants, such as tetra- 
phenylboron derivatives or the uranyl acetates. See 
Alkali metals; Cesium. [m.si.] 



Ruby 

The red variety of the mineral corundum, in its 
fanest quality the most valuable of gem stones. Only 
medium to dark tones of red to slightly violet-red 
or very slightly orange-red are called ruby; light 
reds, purples, and other colors are properly called 
sapphires. In its pure form the mineral corundum 
is colorless. The rich red of fine-quality ruby is the 
result of the presence of a minute amount of chro- 
mic oxide, usually well under 1%. See Corundum; 
Sapphire. 

The mineral corundum is commonly a constitu- 
ent of basic igneous rocks, but it rarely occurs in a 
transparent form suitable for gem use. It is also 
known as a constituent of the type of marble 
formed in the contact zone of an igneous intrusion 
into an impure limestone. It is in this type of de- 
posit that the finest rubies (those of Mogok, 
Burma ) were formed. Today, most of those mined 
in the Mogok region are taken from the famous 
gem gravels of that area. There are only two other 
sources of significance, Ce>lon and Thailand. In 
each of these countries, the finest quality obtained 
is far less valuable than fine Burma material, for 
the Ceylon ruby is too light in color and the so- 
called Siam ruby is a darker red. The finest ruby is 
the transparent type with a medium tone and a 
high intensity of slightly violet-red, which has 
been likened to the color of pigeon’s blood. Star 
rubies do not command comparable prices, but 
they, too, are in great demand. See Gem 

[r.t.l.] 

Rudder, aircraft 

The hinged rear portion of an aircraft vertical 
stabilizing surface, used to obtain directional or 
yaw control moments. The angular setting of the 
rudder is controlled by the human or automatic 
pilot through the flight-control system. A typical 
rudder control surface includes aerodynamic bal- 
ance and tab features as illustrated. The principles 
of operation of rudder control surfaces and flutter 
prevention methods are identical with those for the 
elevator and for aileron control surfaces. 



Typical rudder surface. 
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Flight maneuvers. Changes m aircraft heading 
are accomplished by banked turns, much as high- 
way curves are banked to avoid lateral acceleration 
on automobiles in high-speed turns. The aircraft’s 
lateral controls or ailerons are the banking con- 
trols; it is the rudder’s primary function to co- 
ordinate the bank and prevent yaw caused by 
rolling. Other functions of the rudder are the main- 
tenance of straight ground paths during take-off 
and landing, and the recovery from stalls and spins. 
On guided missiles with cruciform wings, changes 
in heading may be accomplished by yawing rather 
than banking, and the rudder becomes the primary 
turning control. 

Special applications. All-moving vertical stabi- 
lizers replace rudders on some supersonic aircraft, 
just as all-moving horizontal stabilizers replace 
elevator conti ol surfaces. The rudder may be 
geared to move with the ailerons (two-control) or 
combined with the elevator surfaces when the hori- 
zontal and vertical stabilizers are combined in a 
V tail. See Flight controls. [m.j.ab.] 

Rugosa 

An order of extinct corals which flourished during 
the Paleozoic Era. The Rugosa, or Tetracorallia, 
first appeared in the Ordovician and became extinct 
in the Permian. Nothing is known of the soft parts. 
Their morphology and classification are based on 
the skeletal structures. Both simple and compound 
skeletons are common, the simple ones having typi- 
cally a curved, horn-shaped appearance, and the 
compound ones forming groups of cylindrical 
stems, or polygonal columns. The simple form is 
called a corallite and the compound one, a coral- 
lum. At the top of each corallite is a cuplike de- 
pression called the calyx. 

The internal skeletal structures consist mainly 
of three elements, the septa, tabulae, and dissepi- 
ments The septa are vertical plates arranged with 
tetrameral symmetry. They are visible on the floor 
and walls of the calyx. The first four septa to ap- 
pear are called the protosepts and are known in- 
dividually as the cardinal, counter, and alar (lat- 
eral) septa. When the corallite is oriented with the 
cardinal septum farthest away, it can be seen that 
all later septa are arranged pinnate to the cardinal 
septum and parallel to the counter septum. This 
results in the septa being arranged in four quad- 
rants, known as the cardinal and counter quadrants. 
All later septa, called respectively the maj*or and 
minor septa, are alternately long and short. 

The protosepta may undergo various types of 
modification. In many forms the cardinal Beptum 
becomes shortened, leaving a keyhole slot called 
the cardinal fossula. Counter and alar fossulae are 
known in some forms. Other septal modifications 
include carinafc, lateral ridges on each septufrn, ap- 
pearing as series of cross-bars; acanthine septa, 
vertical rows of spines; and degenerate septa* ap- 
pearing as discontinuous ridges in the calyx. 

An axial structure, the columella* is present in 
some forms. This is an axial rod of calcite produced 
by an enlargement of the counter septum or as an 
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Rugose corals, (a) Simple, horn-shaped corallite, show- 
ing calyx with septa and cardinal fossula. (b) Cylindri- 
cal corallum with corallites having calyxes each with 
an axial aulos. (c) Polygonal corallites forming massive 
corallum. 

independent structure. In most forms with a colu- 
mella. the ends of the major septa are attached to 
it. In other forms, the axial ends of the septa are 
elevated to form a boss, or laterally deflected to 
form a central tube called an aulos. 

The tabulae are horizontal or arched plates ex- 
tending between the walls of the corallites. The 
dissepiments are cystose structures lying between 
the outer parts of the septa, replacing them in some 
genera. See Colentkrata fossils. [e.c.st.] 

Running fit 

The intentional difference in dimensions of mating 
mechanical parts that permits them to move rela- 
tive to each other. A free running fit has liberal al- 


lowance; it is used on high-speed rotating jour- 
nals or shafts. A medium fit has less allowance; it 
is used on low-speed rotating shafts and for sliding 
parts. Running fits are affected markedly by their 
surface finish and the effectiveness of lubrication. 
See Allowance. 

Running and sliding fits are standardized into 
nine classes. Close sliding fits accurately locate 
parts with some sacrifice in free motion; they per- 
mit no perceptible play. Sliding fits permit the 
parts to move but are not intended for freely run- 
ning parts or moving parts subject to appreciable 
temperature change. Precision running fits permit 
parts to run freely at low speeds and at light jour- 
nal pressures provided temperature differences are 
limited. Close, medium, and free running fits are in- 
tended for progressively " higher surface speeds, 
journal pressures, and temperature ranges. Loose 
running fits are for use with cold-rolled shafting 
and tubing made to commercial tolerances, [p.h.b.] 

Runway, airport 

The paved or turfed strips provided for landing and 
take-off of aircraft. The use of turfed strips is 
normally limited to small aircraft with light wheel 
loads. Paved runways are either of bituminous con- 
crete or portland-cement concrete. They vary con- 
siderably as to number, orientation, length, gradi- 
ent, and strength, depending upon the typf and 
number of aircraft to be accommodated and upon 
the elevation, climate, and topography at the air- 
port. See Airport engineering. 

The required number of runways is determined 
in part by air-traffic density forecasts. The criti- 
cal periods occur during instrument flight rule 
(IFR) weather and when aircraft arrivals and de- 
partures reach a peak, usually from late afternoon 
to early evening. The average IFR capacity of sev- 
eral typical runway configurations is shown in Fig. 
1. For purposes of comparison, the capacity during 
visual flight rule (VFR) or contact weather of a 
single runway pattern is approximately 40 opera- 
tions (landings or take-offs) per hour. 

Runway orientation. Analysis of low-visibility 
and all-weather wind-data tabulations, obtained 
from the United States Weather Bureau, indicates 
the best orientation of single or parallel runways 
and may also dictate the use of cross-wind runways. 
The Federal Aviation Agency (FAA) prescribes 
that aircraft should land at least 95% of the time 
with cross-wind components not exceeding 15 mph. 
The FAA has replaced the former Civil Aeronautics 
Administration (CAA). 

The maximum single-runway wind-coverage per- 
centage may be graphically determined by plotting 
percentages of directional winds in the 4, 15, 31, 
and 47 mph velocity groups on a wind-rose base, as 
shown in Fig. 2. A pair of parallel lines, represent- 
ing a runway, is then superimposed tangent to the 
15 mph velocity scale and oriented in such a man- 
ner that the total of the percentages included be- 
tween the lines is a maximum. The runway oriented 
150-330° (solid lines) will provide 95% wind cov- 
erage, with an allowable cross-wind component not 
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exceeding 15 mph. Two runways, oriented 130-310° 
and 180-360° (dotted lines), would provide 99% 
coverage. 

Although maximum wind coverage is operation- 
ally desirable, it is even more important to obtain 
obstruction-free approach zones and to avoid air 
corridors and heavily populated areas. These objec- 
tives, together with topographical considerations, 
will often require a compromise in runway orienta- 
tion. The alignment of runways with existing direc- 
tional radio-range facilities is also desirable, be- 
cause a straight-in approach is then permitted, the 
ceiling and visibility minimums are reduced, and 
the operational capabilities of the held are im- 
proved. 

Runway length and loading. The four FA A 
classes of air-carrier service- local, trunk, conti- 
nental, and intercontinental — have been assigned 
maximum effective runway lengths of 4200, 6000, 
7500, and 10,500 ft and maximum equivalent single- 
wheel pavement loadings of 30,000, 60,000, 75,000, 
and 100,000 lb, respectively. 

The runway length and strength for a particular 
airfield is determined, within the appropriate class 



Fig. 2. Wind rose. Figures indicate percentage of 
directional winds in each velocity group. 
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Fig. 1. Typical runway configuration* and average 
IFR capacity. 


of service, by the route pattern and the type of air- 
craft to be flown. The indicated maximum effective 
runway lengths are based on standard 59°F tem- 
perature plus 41 °F, at sea-level elevation, and zero 
runway gradient Runway lengths are increased for 
higher airport elevation at the rate of 7 % for each 
1000 ft above sea level, and for runway gradient at 
the rate of 20% for each 1% of effective runway 
gradient (the maximum difference m runway eleva- 
tion divided by the total runway length). 

As a minimum requirement, the longitudinal 
centerline profile of a runway is designed to pro- 
vide an unobstructed line of sight from any point 
5 ft above the runway to any other point 5 ft above 
the runway and within a distance of at least 500 ft 
plus one-half the ultimate runway length. 

Runway markings. FAA standards for runway 
marking include: magnetic azimuth of the runway, 
measured from the approach end, painted in 60-ft 
high numerals near each end of the runway (nu- 
merals are in tens of degrees) ; runway centerline 
stripes, 120 ft long and 200 ft on center; runway 
distance markers 500 ft apart indicating the final 
2000 ft of runway; and continuous runway edge 
stripes, which serve to outline the usable runway 
pavement. The runway markings are painted di- 
rectly on the pavement with reflective white paint. 

Airfield lighting. Airfield lighting is mandatory 
for night or restricted-visibility operations. Taxi- 
ways are provided with elevated blue marker lights 
spaced at 200-ft intervals along each edge. Run- 
ways are provided with clear elevated marker lights, 
similarly spaced. Marker lights along the "final 
2000 ft of high-intensity-lighted instrument run- 
ways have yellow lenses on the side facing away 
from the runway’s end. Figure 3 shows the standard 
approach-lighting method as adopted by the FAA. 

There is a trend toward flush-type light unite, 
which are installed in the pavement and are do- 
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Fig 3. Standard FAA approach lighting. 


signed to support the heaviest wheel loads. Because 
these units offer no obstruction to aircraft, they can 
be used on the runway centerline near the runway 
end and as threshold bars and centerline approach- 
light bars. The stroboscopic light units, indicated 
in Fig. 3, create an extremely brilliant series of 
flashing lights which appear to streak toward the 
runway threshold. Red obstruction-light units are 
used to outline natural or man-made obstructions 
hazardous to aircraft operations. [r.a.fr.] 

Rural electrification 

The generation, distribution, and utilization of 
electricity in nonurban areas. The almost universal 
availability and use of electricity throughout rural 
parts of the United States is the result of a 
nation-wide system of central power generating 
stations and cross-country transmission lines and 
rural-line extensions that distribute current to 
98% of the farms in the United States (Fig. 1). 
Equally important to the nation’s rural population 
has been the development of hundreds of uses for 
electricity for light, heat, and power. 

Development. Use of electric energy in food 
production started in California in the early 1880s 
when pioneering farmers began using current from 
small water-power-driven generating plants for 
lighting and for pumping water for irrigation. Dur- 
ing the next 50 years a number of experimental 



Fig. 1. Per cent of farm dwellings in the United States 
lighted by electricity. (t/.S» Bureau of the Census) 


projects were undertaken by both private and pub- 
lic agencies. Collectively, these investigations dem- 
onstrated the economic feasibility of using elec- 
tricity widely on farms As a result, national in- 
terest developed in the extension of electric lines 
to all rural areas. In 1935, the Rural Electrifica- 
tion Administration (REA) was treated as one 
of the approved projects under the Federal Emer- 
gency Relief Appropriations Act The REA was 
authorized to make loans for the generation, trans- 
mission, and distribution of electricity to rural 
areas. The farmers’ cooperative was the ^agency 
through which most of the loans were made foi 
rural-line construction over the countr>. Privately 
and publicly financed projects provided electric 
service to about 2,400,000 farms by the end of 1942 
and to 3,703,000 by 1959 

Uses. More than 300 known uses of electricity 
have been developed for farm operations, and about 
150 uses are found in agricultural production. 
This acceptance of electric energy is largely the 
result of its economic and labor-saving advantages 
because it has been established that, for any task 



Fig. 2. Electricity provides light, heat, and power in 
the milk house on a dairy farm. Light is used for clean* 
ing and sanitary care of milk utensils, heat is used for 
water and warming the room, and electric motors pro- 
vide power for pumping and cooling the milk in a bulk 
tank. ( Niagara Mohawk Power Corp.) 
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Fig. 3. Trends in annual kilowatt-hour use and cost of 
electric energy on farms in the United States where 
little or no irrigation is involved. (Edison Electric Insti- 
tute) 

a 1-horsepower electric motor can perform, a 
farmer will require 10 times as much time to 
accomplish it manually. Electric power is also 
more versatile and more dependable than other 
kinds of power. 

Dairy-farm applications of electricity (Fig. 2) in- 
clude lighting, pumping water, milking cows, cool- 
ing milk, heating water for sanitation, electric 
fencing, ventilating and cleaning the stable, elevat- 
ing and drying hay, feeding, ensilage, and handling 
milk in bulk through pipelines. 

Poultry farmers use electricity for lighting the 
flock to stimulate winter egg-production, incubating 
eggs, brooding chicks, automatic feeding and water- 
ing, mechanical egg-gathering, cleaning, grading, 
and cooling eggs, debeakmg to control cannibalism, 
me< hanical litter removal, and ventilation. 

Market gardeners use electricity for irrigating, 
propagating plants, washing, packing, and cooling 
vegetables. Florists find electricity useful for heat- 
ing and pasteurizing soil, lighting to control time 
of bloom of plants, ventilating, and automatically 
controlling electrically operated heating systems. 

The increasing use of electric energy on farms 
and the resulting decrease in cost to the farmer is 
shown in Fig. 3. Growth in the use of electricity 
in the rural United States appears to be almost un- 
limited .See Elfctric powfr systems. | c n.t.] 

Bibliography: R. H. Brown, Farm Electrifica- 
tion , 1956; IJ. F. Earp, Rural Electrification En- 
gineering , 1950; T. E. Hienton, D. E. Wiant, and 
0. A. Brown, Electricity in Agricultural Engineer- 
ing, 1958; C. N. Turner (ed.), Farm^ Electrical 
Equipment Handbook . 

Rural sanitation 

Those procedures, employed in areas outside in- 
corporated cities and not governed by city ordi- 
nances, that act on the human environment for the 
purpose of maintaining or improving public hfcalth. 
The purpose of these procedures is the furtherance 
of community cleanliness and orderliness for es- 
thetic as well as health values. 

Water. Purification of water supplies since 1900 
has helped to prolong human life more than any 
other single public-health measure. Organisms 
which produce such diseases as typhoid, dysentery, 
and cholera may survive for a long time in pol- 
luted water, and prevention of contamination of 
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Fig. 2. Typical family-size sewage-disposal system. 


water supplies is imperative to keep down the 
spread of such diseases. Water-tight covers for 
wells are important means of preventing surface 
contamination to the water supply in rural areas. 

Purification of a surface water supply, such as 
that from a lake or a farm pond, is accomplished 
by means of sedimentation, filtering, and chlorina- 
tion. Sedimentation can be effected in a storage 
chamber by the addition of aluminum sulfate, 
which flocculates the finer particles of soil and 
other undesirable matter in suspension in the wa- 
ter. Filtering through fine sand removes the floc- 
culated particles. Finally, the water is purified by 
means of a chlorine solution at the rate of %- 1 
part of chlorine to 1,000,000 parts of water. A sys- 
tem of treatment for farm-pond water is dia- 
grammed in Fig. 1. 

The colon bacillus is the usual indicator of 
pollution of water supplies by human waste. Chlo- 
rine will kill such organisms and therefore it is 
widely used for purification of water supplies. 

Sewage disposal. The problem of safe disposal 
of sewage becomes more complex as population in* 
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creases. The old practice of piping sewage to the 
nearest body of water has proved to be dangerous. 
Sanitary engineering techniques are now being used 
in rural areas, as well as in cities, for the disposal 
of household and human wastes. Where sewage- 
plant facilities are not available, the most satisfac- 
tory method of sewage disposal is by means of the 
septic tank system as shown in Fig. 2. 

The septic tank system makes use of a water- 
tight tank for the receiving of all sewage. Bacterial 
action takes place in the septic tank and most of 
the sewage solids decompose, are given off as gases, 
or go out into the drainage lines as liquid. The gas 
and liquid are then released from the top 2 ft of 
soil without odor or sanitary problems. The solids 
that do not decompose settle to the bottom of the 
tank where they can be easily removed and dis- 
posed of safely. Such a sewage-disposal system 
has made it possible for all farm homes and rural 
communities to have modern bathroom equipment 
and sanitary methods of sewage disposal. See Sep- 
tic tank; Sewage disposal; Water treatment. 

[h.e.st.] 

Rust (microbiology) 

Fungi of the order Uredinales or diseases caused 
by these fungi. Rusts are important plant patho- 
gens. Stem rust destroyed 60% of the wheat in 
Minnesota and neighboring states in 1935; flax 
rust caused a loss of $10,000,000 in the same area in 
1951, and other rusts, such as those of oats, barley, 


rye, white pines, apple, and snapdragon are of 
economic importance. 

Microcyclic rusts, such as Puccinia malvacearum 
(hollyhock rust), produce only teleutospores and 
basidiospores. Macrocyclic rusts produce other 
types of spores in addition. Autoecious rusts, such 
as P . asparagi (asparagus rust) complete their life 
cycle on one species of host. Heteroecious rusts 
require two species of host. 

Life cycle. The life cycle of Puccinia graminis 
tritici, stem rust of wheat, exemplifies a macro- 
cyclic heteroecious rust (see illustration). The 
haploid mycelium, which parasitizes leaves of bar- 
berry ( Berberis ), forms spermagonia and aecidial 
primordia. Spermatia formed in spermagonia are 
transported by insects to gompatible receptive hy- 
phae. After fusion and nucfiear pairing, the aecidial 
primordia develop into aecidia which liberate binu- 
cleate aecidiospores. Upon germination, an aecidio- 
spore forms a binucleate mycelium capable of par- 
asitizing wheat. This mycelium produces spores of 
two types: uredospores which spread the disease 
to other wheat plants, and two-celled teleuto- 
spores. The two nuclei in each cell fuse, and the 
teleutospore overwinters. When it germinates, re- 
duction division occurs; each cell produces an epi- 
basidium, and basidiospores are discharged. Basid- 
iospores infect barberry to complete the cycle. 

Specificity. Rusts vary in specificity of parasit- 
ism. The white pine blister rust, Cronartium nln- 
cola, forms spermatia and aecidia on 11 species of 



Puccinia graminis trific 1 , stem rust of wheat, (a) Lower 
surface of barberry leaf showing aecidia. (b) Cross 
section of barberry leaf showing spermagonium and 
aecidial primordlum. Receptive hyphae not shown, 
(c) Section of barberry leaf showing mature aeddium. 


(d) Portion of wheat stem showing uredosori on leaf 
sheath, (e) Cross section of wheat leaf showing uredo- 
sorus and uredospores. ( f) Cross section of wheat leaf 
showing teleutosorus and teleutospores. 
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5-needled pine, and the binucleate stage infects 
many species of current and gooseberry (Ribes). 
Puccinia graminis has 8 subspecies which differ 
only slightly in morphology but considerably in 
range of parasitism. For example, P. graminis tri - 
tici attacks wheat, barley, rye, and other grasses, 
but not oats. P. graminis avenae infects oats, but 
not wheat, barley, or rye. In addition, over 240 mor- 
phologically identical physiological races of wheat 
rust are distinguishable by the pattern of infection 
of 12 selected varieties of wheat. 

Control. Control of rusts by dusting with fungi- 
cides is practical for ornamentals, but breeding re- 
sistant varieties of hosts offers the greatest promise 
for control of all rusts. Eradication of alternate 
hosts is effective in controlling white pine blister 
rust. Eradication of rust in barberries is less effec- 
tive, because uredospores of Puccinia graminis are 
blown great distances, but it is important, because 
it impedes the evolution of new races of rust. See 
IJredinales. Lr.m.p.] 

Bibliography: A. Stefferud (ed.), Plant Diseases , 
USDA Yearbook Agr., 1953; J. C. Walker, Plant 
Pathology , 2d ed., 1957. 

Rutabaga 

The plant Brassica napobrassica is a cool-season, 
hardy biennial crucifer of European origin be- 
longing to the order Papaverales and probably re- 
sulting from crossing cabbage and turnip (sec 
Biennial plants; Cabbage). Unlike turnip, it has 
smooth nonhairy leaves and 38 chromosomes. Prop- 
agation is by seed, commonly sown in early summer. 
See Seed (botany). Popular yellow-fleshed varie- 
ties are Laurentian and American Purple Top; a 
leading white variety is Macomber. Rutabagas 
have a high requirement for boron (.see Boron). 
High temperatures cause misshapen root growth. 
See Plant growth; Root (botany). Commer- 
cial production is limited to Canada and the north- 
ern part of the United Stales. Harvesting generally 
begins after frost and when the roots are 4-6 in. 
in diameter, commonly 90-100 days after plant- 
ing. For diseases of rutabaga, see Turnip; see also 
Papaverales; Vegetable growing. [h.j.c.] 

Ruthenium 

A chemical element, Ru, atomic number 44, and 
atomic weight 101.1. Ruthenium is a h&ird, white 
metal, woikable only at high temperatures and 
then only with difficulty. It is less workable than 
iridium ; more workable than osmium. 

Uses. Uses of pure ruthenium metal are minor. 
Ruthenium catalysts have been used in certain or- 
ganic syntheses. Complex ruthenium alloys, with 
and without added osmium, are very hard and are 
used for pen tips, nonmagnetic instrument pivots, 
and similar items. Ruthenium is added as a harden- 
ing agent to platinum and palladium used in elec- 
trical contacts and jewelry. 

Metallurgical extraction. A fusion with sodium 
peroxide of the residue from previous refining oper- 
ations which have removed platinum, palladium* 


and rhodium yields water- and acid-soluble com- 
pounds of iridium, ruthenium, and osmium. The 
last two elements may be removed from solution 
by distillation of their tetroxides; chlorine is 
streamed through the hot solution, and the result- 
ant gas is passed through hydrochloric acid which 
reduces the ruthenium to the trichloride. Osmium 
can then be distilled from the latter solution. Al- 
ternatively, hydrated ruthenium dioxide may be 
precipitated from the original fusion extract using 
an alcohol treatment. 
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Physical and chemical properties. Ruthenium is 
not very ductile when cold although pure, single 
crystals can be bent easily. The metal can be 
melted by torch, electric arc, or electron beam and 
worked hot, usually above 1500° C. In this manner, 
it may be worked down to a relatively thin sheet. 

Ruthenium is resistant to the common acids, in- 
cluding aqua regia, at temperatures up to 100°C, 
and up to 300° in the case of sulfuric acid. It also 
resists hydrofluoric and phosphoric acids at 100°C. 
Chlorine water, bromine water, and iodine in alco- 
hol attack it slightly at room temperature. It is at- 
tacked rapidly by sodium peroxide but is resistant 
to a number of molten salts. Ruthenium may be 
electrodeposited from a molten salt bath. 

Ruthenium oxidizes slowly in air above 450°C 
to form ruthenium dioxide which is only slightly 
volatile. 

Ruthenium compounds. Ruthenium exhibits the 
positive oxidation states of 2, 3, 4, 6, 7, and 8. Po- 
tassium ruthenate, KRuCVHaO, i9 soluble in water 
and is useful in purifying ruthenium. Ruthenium 
trichloride, RuCl 3 , is soluble in water but decom- 
poses in hot water. Potassium hexachlororuthenate, 
K 2 RUCI 6 , is produced when ruthenium tetroxide is 
passed into a solution of hydrochloric acid and ex- 


Properties of ruthenium 


Atomic weight 
CryBtal structure 

Density (at 20°C) 

Melting point 

Linear thermal expansion co- 
efficient (per °C at 20°C) 
Specific heat (at 0°C) 
Electrical resistivity (at 20°C) 
Modulus of elasticity 


101.1 

dose-packed hexagonal 
a - 2.70, c - 4.28 at 20°C 
12.32 g/cm* 
2250*C 

9.6 X 10“* 

0.057 oal/°C 
7.2 pohm^cm 
60 X 10* pat 


456 Unfit* 


cess potassium chloride. The ammonium salt can be 
formed in this manner and subsequently reduced to 
pure metal by heating in hydrogen. Ruthenium te- 
troxide, Ru0 4 , may be formed by treatment of the 
metal with a very strong oxidizing agent such as 
sodium permanganate, ozone, or chlorine; the ox* 
ide is distilled off as described under metallurgi- 
cal extraction. Ruthenium tetroxide is highly vola- 
tile and poisonous. It melts at about 25 °C and has 
an extrapolated boiling point of 135 °C. See Iri- 
dium; Osmium; Platinum. [h.j.a.] 

Rutile 

A mineral having composition Ti02 and crystalliz- 
ing in the tetragonal system. Prismatic crystals of 
rutile are common ; they are usually vertically stri- 
ated with pyramidal terminations. Twinning is fre- 
quently observed. The hardness is 6-6.5 (Mohs 



Tetragonal rutile crystals, (a) Prismatic with dipyramid 
terminations, (b) Elbow twins. ( From C. S. Hurlbut, Jr., 
Dana's Manual of Mineralogy, 16th ed., Wiley, 1952 ) 

scale), the specific gravity 4.2. The luster is ada- 
mantine to submetallic and the color red to reddish 
brown. Iron is usuallv present in small amounts up 
to 10%. The varieties rich in iron are black. Rutile 
is the most common of the three mineral poly- 
morphs of Ti0 2 ; the others are anatase (tetrago- 
nal), and brookite (orthorhombic). 

Rutile is found as an accessory mineral in 
granites, granite pegmatites, mica schists, gneisses, 
and crystalline limestones and dolomites. It may 
also be in quartz veins traversing these rocks. 
Slender acicular crystals are often found in trans- 
parent quartz (rutilated quartz) and in phlogopite 
mica in which it produces asterism. Submicroscopic 
crystals oriented in corundum produce the star in 
star ruby and star sapphire. 

Rutile is a common constituent of black sands 
associated with ilmenite, magnetite, zircon, and 
monazite from which it is recovered for industrial 
purposes. Nearly colorless rutile produced syn- 
thetically is used as a gem stone. See Ilmenite; 
Titanium. [c.s.hu.] 

Rydberg constant 

An atomic constant connected with the other uni- 
versal physical constants by the relation R. - 
2i T 2 me 4 /ch s . Here m and e are the rest mass and 
charge of the electron, c the velocity of light, and 
h Planck’s constant The symbol R„ indicates that 
the constant refers to a hypothetical atom of in- 


finite nuclear mass. The values of R are experi- 
mentally determined from measurements of the 
wavelengths of spectral lines of actual atoms and 
vary slightly with the mass of the nucleus. The 
deviation from R„ is greatest for the lightest atoms 
such as hydrogen, deuterium, and helium; the ac- 
cepted values of R H , Rd, RHe and R* being 109,- 
677.58, 109,707.42, 109,722.26, and 109,737.31 cm- 1 , 
all =4:0.01 cm -1 . Theoretical values of R are ob- 
tained by replacing m in the preceding formula by 
the reduced mass of the electron and nucleus, that 
is, by mA/ (m + A), where A is the nuclear mass 
of the atom in question. The importance of the 
Rydberg constant lies chiefly in the fact that it 
gives a precise relation between the universal con- 
stants involved, one which must be satisfied by any 
consistent set of constants that may be adopted. 
See Atomic constants; Atomic structure and 

SPECTRA. [F.A.J.] 

Rye 

The plant Secale cereale. Rye is grown more exten- 
sively in Europe than in America. In the United 
States the greatest acreage is in the Great Plains 
states from North Dakota southward to northern 
Texas, either as a grain crop or for pasture. In the 
eastern and southeastern states rye is grown prima- 
rily for temporary pasture and as a green manure 
crop. About one-third of the rye harvested foi grain 
in the United States is used for livestock feed, less 
than one-fourth is used for alcohol and other spirits, 
and about one-fourth is used for human food 
blended with^wheat as a bread flour. The remain- 
der is used as seed. In contrast, a much higher por- 
tion of rye grown in Europe, including Russia, is 
used for human food. The average annual value of 
rye in the United States for the 10-year period 
1945-1954 was $32,599,700. 

Origin and description. Rye is believed to have 
originated in Central Asia or Asia Minor. It 
is a tall-growing cereal grain (see illustration). 
The inflorescence is a spike, with the lemmas short- 
awned and the spikelets usually two-seeded (see 
Grass crops; Inflorescence). The grain of all 
varieties is naked, larger than wheat, and varies 
in color from light tan to green. The chromosome 
number of all varieties is 7. Although the chromo- 
somes of rye are not homologous to those of wheat, 
these two genera can be hybridized. See Breeding 
(plant); Chromosome; Genetics. Hybrids so 
produced are sterile, but when the chromosome 
number of the hybrid is doubled by using colchicine 
or by other means, the resulting amphiploids are 
relatively fertile (see Colchicine). Varieties most 
generally grown are winter annuals, seeded in the 
fall to produce heads the following summer (see 
Annual plants). Although varieties are available 
that can be planted in the spring and harvested the 
same year, these are not generally grown* 

An important characteristic of winter rye is its 
greater winter-hardiness than that of most winter 
wheat and its greater productivity than that of 
other cereal grains when grown on soils of low fer- 




Spikes of rye Lemmas are short-awned and caryopses 
normally held loosely between lemma and palea. 

tility and low water-holding capacity. Because rye 
generally is planted under these unfavorable con- 
ditions, its yield is lower than that of winter wheat. 
Rye also is less subject to attack by plant diseases 
and insects than are other cereal grains. 

Varieties. Rye is a naturally cross-pollinated 
crop (see Reproduction, plant). Therefore, sev- 
eral of the older varieties are a mixture of many 
types in respect to kernel color and size, plant 
height, and days to maturity. Because rye is not 
as important economically as other cereal grains, 
less effort has been expended to develop superior 
new varieties. Most of the first rye varieties grown 
in the United States were introduced froi%Russia, 
Sweden, and Italy. From these early introductions 
several improved varieties have been developed by 
mass selection and by recombination of inbred lines 
to obtain greater uniformity in grain size and 
color, better winter-hardiness, less susceptibility 
to lodging (falling over), and higher yield. One va- 
riety, Tetra-Petkus, was developed in Germany by 
doubling the chromosome number of Petkus with 
colchicine and is one of the few examples of im- 
provement in cereal grains by using this technique. 
This variety is late in maturity and the plants are 
tall and vigorous but generally not superior in yield 
or quality of grain. 

Cultural practices. The methods used in rye 
production are very similar to those used for win- 
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ter wheat. Because of its greater winter-hardiness, 
rye can be seeded 2 to 3 weeks later than wheat. 
When rye is used both as a fall pasture and a grain 
crop, a common practice is to plant it earlier than 
winter wheat and to graze the fall growth. Rye gen- 
erally is seeded at the rate of 2 bushels per acre. 

Rye is most commonly harvested with a combine 
( see Agricultural machinery). Because the grain 
is more subject to shattering than is that of other 
cereals, one of the problems encountered in fields 
following rye production is volunteer growth. For 
this reason, wheat should not be planted after rye 
because a mixture of rye with wheat lowers its mar- 
ket value. Rye straw is preferred over other cereal 
straws for bedding, and consequently it is more of- 
ten saved by baling following the combine. See 
Grain crops. [i.j.j.] 

Processing. The selection of the proper type of 
grain is quite important in the manufacture of 
quality rye flour. Plumpness, soundness, and inside 
color are desirable characteristics. Sprout dam- 
age, ergot and excessively thin rye should be 
avoided. In preparing rye for milling, separators, 
aspirators, disk machines, scourers and brush ma- 
chines are used to remove foreign material. It is 
desirable to remove as much of the outer covering 
of beeswing and germ as possible before milling. 
A short tempering before grinding is beneficial. 
Moisture of the rye at rolls should be about 14.5%. 

The milling system for a rye mill is similar to 
that for a wheat mill, except that purifying and 
grading operations can be much simpler. Rye be- 
ing tougher and more starchy than wheat, it re- 
quires more grinding and more bolting surface. 
Also, substantially more horsepower is required to 
reduce it to flour. Corrugated rolls are used through- 
out for all breaks and reductions. Smooth rolls have 
little value as they cause rye middlings to flatten 
and flake. Corrugations used are usually somewhat 
finer than for a wheat mill, with greater spiral and 
at least 2^:1 differential on all grinding opera- 
tions; that is, one of the rollers operates 2Ms times 
faster than the other. 

Satisfactory white and dark rye flours can be 
made on a comparatively simple flow, by proper se- 
lection and combining of basic mill-flour streams. 
White rye flours usually range from 0.58% to 
0.64% ash, with dark rye running from 2.00 to 
2.50% ash. Intermediate grades can be made by 
combinations of white and dark flours in the* de- 
sired percentages. Rye flour yields vary widely, ac- 
cording to the amount of dark flour made. A normal 
extraction ranges between 75 and 85% of the total 
grain ground. 

As rye flour does not contain gluten, it is very 
difficult to bake a 100%-rye loaf of bread. Rye 
flours are usually blended with wheat flours to se- 
cure the desired results. The stronger types of 
wheat flour, such as clears, are usually used for this 
purpose. The offal of rye milling is called rye mid- 
dlings, consisting of finely ground bran* germ, 
screenings and a small amount of endosperm. See 
Food engineering. [j.a.sh.] 


